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1. INTRODUCTION

Acceleration is the rate of change of either the magnitude
or the direction of the velocity of an object, and it is
measured in units of length per time squared (i.e., m/s2)
or units of gravity (g) (1 g¼ 9.81m/s2). Devices that mea-
sure acceleration, or accelerometers, are used in high-
performance devices such as missile guidance systems,
airbag deployment systems in automobiles, in handheld
electronics, as well as in biomedical applications such as
motion analysis or assessment of physical activity.

In the most general terms, an accelerometer consists of
a mass, spring, and damper. The acceleration of the mass
is measured by the deformation of the spring, and oscilla-
tion of the spring is controlled by the damper. The accel-
eration of the mass should not affect the actual
acceleration of the object being monitored, so size is an
important design criterion. The earliest devices that were
designed in the 1930s were based on strain gages in a
Wheatstone bridge configuration on a small frame sup-
porting a mass weighing over 3 pounds (1). Current
accelerometers are typically electronic devices based on
piezoelectric or semiconductor technology. Depending on
the device and its design, an accelerometer can measure
very small accelerations caused by vibration (micro g), or
very large accelerations during motion or impact (thou-
sands of g’s).

2. THEORY

Most accelerometers contain a known mass (sometimes
referred to as a seismic mass or a proof mass) and some
means for measuring either the resultant force or the
displacement when the mass is accelerated. These types of
accelerometers work by the principle of Newton’s second
law of mechanics, which states that the force (F) acting on
an object that is accelerating will be proportional to its
acceleration (a), and the proportionality constant is the
mass (m) of the object: F¼ma. An example of a simple
accelerometer is a mass attached to a spring and ruler,
where the deflection of the spring is proportional to the
force acting on it. As the force is directly proportional to
the acceleration of the mass, acceleration in the direction
of the ruler can be calculated by measuring the spring
deflection. Most electronic accelerometers use a similar
principle, measuring the displacement of the mass in the
desired direction and producing an output signal propor-
tional to the acceleration.

Piezoelectric materials, which develop an electric
charge when deformed, were used to make some of the
first modern accelerometers in the 1940s and 1950s and
are the most common and cost-effective types of acceler-
ometers being used today. Such a device is typically

comprised of a piezoelectric crystal supporting a small
mass. Acceleration produces a force proportional to the
mass, which causes a change in the electrical output of the
piezoelectric crystal.

Piezoresistive accelerometers measure the force pro-
duced by the acceleration of an internal mass by the
change in resistance of the material (often silicon based)
when a force is applied to it. Recently developed thermal
accelerometers do not use a mass/spring configuration,
but instead sense acceleration by changes in heat transfer
between micromachined elements within a small, insu-
lated space.

3. PERFORMANCE

The optimum performance of an accelerometer is based on
the linearity of its response, its frequency bandwidth, its
sensitivity to acceleration, and minimal cross-sensitivity.
All electronic devices have some useable range in which
their response is linear (i.e., the electrical output is
directly proportional to the parameter being measured).
Mass-spring-damper accelerometers have a natural fre-
quency at which they oscillate that is particular to their
design and construction, also called the resonant fre-
quency. The usable frequency range is the flat area of
the frequency response curve, which is a plot of the
deviation in output versus frequency. Frequencies below
about one-third to one-half of the resonant frequency are
generally within the range in which the device response is
linear, and this range is referred to as bandwidth (see
Fig. 1). Sensors that can sense constant accelerations are
said to have a ‘‘DC response’’ (0Hz). Those that are
functional below several hundred Hz are referred to as
‘‘low frequency’’ sensors. The upper limit of the bandwidth
is determined by the physical properties of the device such
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Figure 1. Gain (dB) vs frequency (Hz), also known as a Bode
plot. The frequency response of any electronic device, plotted as
gain (ratio of output to input) versus the frequency at which it is
operating, shows its bandwidth, or range in which its output is a
direct response to the input, as well as how it behaves at the cutoff
frequency. Gain is reported in units of decibels (dB) for mathe-
matical purposes (db¼20 log10 X). If the gain equals unity (out-
put equals the input), gain¼0dB. Every order of magnitude
change in gain equals 20dB. The device in this figure has a linear
response from the DC range up to 100Hz.
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as the dimensions of the mass and beam, the location of
the mass on the beam, and the elastic modulus of the
material that it is made from. The lower limit is governed
by the amplifier and electronic response of the device.
These parameters are all optimized to provide the widest
possible bandwidth or range of operation for a specific
device.

The sensitivity of the accelerometer is defined as the
ratio of the change in output to the relative change in
acceleration. As sensitivity is determined by the same
physical properties as bandwidth, there is a tradeoff
between sensitivity and bandwidth for most devices (ex-
cept thermal accelerometers). A small mass usually means
a lower sensitivity, which is typical for most high-fre-
quency accelerometers. Accelerometers generally have
an output that is some voltage that is proportional to
acceleration, reported as a ratio of the output to input.
Output units are typically mV/V/G. As the output is
dependent on the input, or excitation voltage, care must
be taken to provide a properly regulated input voltage.

Accelerometers are designed to be sensitive to accel-
erations only in a specified direction. However, the accel-
erometer will also sense accelerations in other directions
to a certain degree, which is called cross-sensitivity or
transverse sensitivity, which can contribute to errors in
measurement and is usually quantified and reported by
device manufacturers. All devices have some sensitivity to
fluctuations in temperature that may affect their perfor-
mance, which is also reported by the manufacturer, and
the thermal environment should be taken into considera-
tion when choosing a device for a particular application.

Electronic devices can be damaged by overloading or by
accelerating it beyond its normal range of operation. Some

devices have overload protection built in to their design,
which will protect against accelerations during typical
handling. However, a trade-off exists between protective
mechanisms and damping of the device response, so these
mechanisms have limitations. Dropping a device can
expose it to accelerations of up to 400 g, which is difficult
to accommodate for in a low-range device. The overrange
limit is usually specified by the manufacturer.

As gravity is acceleration toward the center of the
Earth, accelerometers that have a DC response are sensi-
tive to gravity. An accelerometer at rest or in steady-state
motion (i.e., not subject to other accelerations caused by
motion) with its sensitive axis pointing toward the center
of the Earth will have an output equal to 1 g. This property
is commonly used to calibrate the gain and zero offset of an
accelerometer by positioning the sensitive axis at a known
angle relative to vertical and measuring the output (2).

High-frequency accelerometers, such as piezoelectric
accelerometers, have a small physical size to ensure a high
natural frequency (above 10kHz). They are used in appli-
cations such as vibration and impact monitoring. Devices
that provide the best DC response include piezo-resistive,
capacitive, force balance, and thermal accelerometers.
These devices would be used in navigation and robotic
applications as tilt sensors, constant acceleration mea-
surements, or sensors taking measurements over pro-
longed periods. Table 1 summarizes some typical
performance characteristics of devices used for biomedical
applications.

Table 1. Device Specifications and Features for Accelerometers used in Typical Biomedical Applications, as Listed by the
Manufacturers

Application Motion Analysis
Tilt Sensor, Motion

Tracking Vibration Impact Testing

Manufacturer and
device model
number

Entran Inc., EGAXT3 Analog Devices Inc.,
ADXL311

Kistler Instrument Co.,
8704B50

Endevco Inc., 2255B-01

Range 710g 72 g 750g 750,000
Overrange limit 710,000g 3500g 7100g 7200,000
Bandwidth 0 to 250Hz 6kHz 3 to 7000Hz 10 to 1200Hz
Natural frequency 600Hz 10kHz 54kHz 300kHz
Sensitivity 6mV/g 167mV/g 100mV/g 0.1mV/g
Current 0.4mA 2–20mA 2–10mA
Excitation voltage 15 VDC 5 VDC 18–30 VDC 18–24 VDC
Non-linearity 71% full scale 70.2% full scale 71% full scale o2.5%
Transverse
sensitivity

3% max 72% 1.5% (3% max) o5%

Thermal sensitivity 72.5% per 501C �0.025% per 1C �0.06% per 1C 10g per 1C
Temperature range �40 to þ1051C �55 to þ1001C �55 to þ1251C
Zero offset 715mV 1.5 V 11V 8.5–11.5 VDC
Size Triaxial: 0.500 cube Smallest available: 4�

4�1.45mm
0.500 hex�100 ht 0.300 hex�0.500 ht

Weight Triaxial: 6 g o1 g 8.6 g 2 g

Note: See Bibliography for list of manufacturers’ web sites. Specifications are nominal or typical values, and are listed here for reference purposes only for

illustrating the differences between devices designed for a variety of applications. Many more designs and specifications are available from these and other

manufacturers.
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4. PHYSICAL FEATURES

Semiconductor accelerometers are often MEMS, which are
a combination of mechanical and electrical components
made from silicon using micromachining processes. Piezo-
electric devices are usually machined and packaged with
necessary electronic components for filtering and amplify-
ing their output, and are therefore referred to as Inte-
grated Electronics Piezo Electric (IEPE) devices.

Semiconductor accelerometers measure acceleration in
a variety of ways. Piezoresistive devices have resistive
elements embedded in the spring components, which
sense deflection as a change in resistance. Piezoelectric
devices have a layer of material on the springs that
responds to deflection with a change in electrical output.
Others work like plate capacitors, with the silicon being
machined into tiny comb-like structures that move with
the attached mass when they are accelerated. The change
in the distance between the combs causes a change in the
electrical output. Capacitive devices have advantages of
low power consumption, a wide range of operation, and
low thermal sensitivity. Some designs combine these
technologies to form a force-balanced capacitive acceler-
ometer, typically used in automotive technology. These
devices measure the force required to maintain a proof
mass in a central, preset position. One drawback of this
design is that because they are closed-loop accelerometers,
the feedback loop slows down the response time, resulting
in a smaller bandwidth than other devices. However, they
have other features that are desirable for high-precision
applications, such as accuracy and high signal-to-noise
ratios.

Thermal accelerometers have recently been developed
that sense acceleration by changes in heat transfer be-
tween micromachined elements within a small, insulated
space on a silicon wafer. Some rely on thermal sensing for
a seismic mass; as the mass is accelerated toward a heat
source within the device, heat flows from the source to the
mass and is sensed as acceleration. Other thermal accel-
erometers have no mass or spring elements, and therefore
they are not subject to the typical trade-off between size/
weight and sensitivity. They are made using MEMS
technology, and are more cost effective than other mass
and spring MEMS systems because of their ease of
manufacturing. They are highly shock-resistant (report-
edly up to 50,000 g) and are less prone to noise and drift
than other MEMS devices. The main disadvantages of
thermal devices are their limited frequency response
(usually less than 100Hz) and sensitivity of some designs
to the temperature of their environment (3).

All electronic devices require power and a means to
measure their output. The power requirements for accel-
erometers vary depending on the type of device. In gen-
eral, piezoelectric devices require a current in the
milliamp range, and have a preamplifier and signal con-
ditioners packaged within the device. Especially for small
devices, this input can have a significant thermal effect on
the device, and therefore they require a warm-up period
before use.

Accelerometers are usually packaged in a case that
allows them to be firmly adhered to the object being

measured in order to minimize the effects of damping or
vibration. The sensitive axis is indicated on the outside of
the package. Multiple axis accelerometers are available,
either as multiple single-axis devices within one package,
or as an inherently multiple-axis device (4). Usually, the
axes are aligned orthogonally (at right angles to each
other), and the multiple axes are indicated on the package.
The outer case is usually metal, such as stainless steel,
titanium, or a composite, which serves to protect and seal
internal components. Accelerometers come in a variety of
forms and sizes, such as through-hole and surface-mount
packages for use on a circuit board (Small Outline Inte-
grated Circuits, or SOICs). Others are in a self-contained
form that can be attached directly to a data acquisition
system or in a package that can be attached to the object
whose acceleration is being measured. The forms typically
include a tapped hole or stud (threaded or unthreaded), so
they can be bolted securely to the object being monitored.
Adhesives such as hot glue or double-sided tape can also
be used to hold the device in position. Depending on the
inherent stiffness of the device, the amount of torque
applied when bolting it in place can change the output.
Care must be taken to ensure consistent mounting torque
when taking measurements over time or when comparing
measurements between locations or devices.

Actual accelerometer sizes can be as small as a few
hundred microns for MEMS devices, but the final size of
the product is larger, typically several millimeters, be-
cause it is packaged together with the necessary electro-
nics to amplify and process the output. The mass of the
device should be small relative to the mass of the object
being monitored. Otherwise, the behavior of the object
may be affected, a condition referred to as mass loading.
For some applications where size constraint is critical, or
for high-frequency measurements, a miniature device may
be required, generally considered to weigh less than 100
grams. Although these devices use advanced manufactur-
ing methods and can be highly sensitive and accurate,
there are trade-offs between size and stability, ruggedness
and cost (5).

5. APPLICATIONS

The measurement of the acceleration of limb segments has
been used for human motion analysis, motion detection,
vibration, and impact studies. To measure the linear
acceleration as well as the angular acceleration and
angular velocity of the center of mass of a body segment
in two or three dimensions, groupings of six to twelve
linear accelerometers can be placed on a body segment
such as the upper body (6) or the lower limb (7). However,
it has been found that because of the magnitude of
experimental errors, accelerometers alone may not be a
reliable method of calculating limb kinematics, such as
position and orientation (8). As semiconductor and MEMS
technology develop, it is likely that accelerometers will
become smaller, more sensitive, and more accurate. In
fact, the performance capabilities of these devices has
greatly improved over the past decade, and it is possible
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that this will lead to more widespread use for human
motion analysis (9).

Vibration studies have been conducted to examine the
shock-absorbing properties of joints and soft tissue struc-
tures such as the spine (10,11) and lower leg (12,13).
Accelerometers can quantify the accelerations being
sensed by these parts of the body and the shock attenua-
tion that takes place within the soft tissue structures. This
information is useful for establishing the long-term effects
of exposure to low-level vibrations such as lower back pain
and other musculoskeletal disorders. Although industrial
vibration sensors require a high bandwidth, those used for
human body vibration monitoring are typically below
60Hz. Studies of accelerations caused by impact during
normal walking and running have found accelerations of
up to 10 g during running, with a frequency range of up to
100Hz, which has significance in the area of athletic shoe
design, as well as the study of tissue damage caused by
high impact.

Detection of motion and the initiation of movement
have been investigated by researchers for position feed-
back in systems being investigated to restore gait for
paraplegics (14) and stroke victims (15). With functional
neuromuscular stimulation (FNS), the lower limbs are
stimulated to move, and accelerometers provide feedback
on body segment and joint positions. Another application
of accelerometers in motion detection is for monitoring
balance during walking (16,17). Accelerometers and gyro-
scopes, which measure angular velocity, can be combined
to form an inertial sensing system that works similarly to
the human vestibular system, providing complete infor-
mation on linear and angular accelerations (18). Several
researchers and manufacturers are investigating ways to
combine three-axis accelerometers and gyroscopes into a
six-degree of freedom inertial sensing device.

One of the most common biomedical applications of
accelerometers is in the area of physical activity monitor-
ing. The use of accelerometer-based monitors is gaining
widespread acceptance as a means to monitor physical
activity of patients undergoing rehabilitation or treatment
for mobility-related disorders, as well as activity of the
general public (19). Accelerometer-based pedometers log
the number of acceleration spikes identified as ‘‘steps,’’
and are readily available to consumers through several
manufacturers. Other accelerometer systems are used by
physical activity researchers to discern not only the
number of movements, but the type of activity, such as
sitting, standing, lying down, and dynamic activity (20).
These are sometimes referred to as activities of daily
living (ADL) monitors. The accelerometer unit is strapped
somewhere on the trunk and is wired to a separate data
logger, which stores and displays the cumulative data.
These typically use a time-frequency analysis to establish
the duration of the different activities. The latest research
efforts in physical activity monitoring are focused on
discriminating between different dynamic activities, such
as walking and stair climbing, which cannot be achieved
with currently available devices.

Human motion, biofeedback, and wireless computer
interfaces all make use of accelerometers as tilt sensors,
which measure the direction of an object relative to the

ground. Future applications include tilt sensors for easier
manipulation of handheld devices such as cell phones and
personal digital assistants (PDAs). Researchers are inves-
tigating data entry to a device by a combination of tilting it
in different directions and allowing multiple devices to
communicate by tapping them together like champagne
glasses (21), which holds promise for use in for adaptive
devices for the disabled and feedback devices for rehabi-
litation.
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READING LIST

Some very useful resources for selecting an accelerometer
can be found on the manufacturers’ websites.
Analog Devices, Inc., Norwood, MA. Available: http://www.ana-

log.com/.

Endevco Corp, San Juan Capistrano, CA. Available: http://

www.endevco.com/.

Entran Devices, Inc., Fairfield, NJ. Available: http://www.en-

tran.com.

Kistler Instrument Corp, Amherst, MA. Available: http://
www.kistler.com.

Measurement Specialties, Inc., Fairfield, NJ. Available: http://
www.msiusa.com.

Memsic, Inc., North Andover, MA. Available: http://www.mem-

sic.com.

Motorola, Inc., Schaumburg, IL. Available: http://e-www.motor-
ola.com.

PCB Piezotronics, Inc., Depew, NY. Available: http://

www.pcb.com.

Crossbow Technology, Inc., San Jose, CA. Available: http://
www.xbow.com.
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1. INTRODUCTION

Bacterial adhesion plays a pivotal role in natural, indus-
trial, and clinical environments. The consequences of
bacterial adhesion can be beneficial or deleterious depend-
ing on the situation. For instance, bioreactor and biofilter
systems rely on the adhesion and growth of bacterial cells
on support materials for effective operation. Biofilms are
often used in wastewater treatment for degradation of
soluble waste. In marine environments, on the other hand,
irreversible attachment and the subsequent growth of
bacteria on surfaces can affect the attachment of other
organisms, leading to corrosion or to the fouling of heat
exchangers and ship’s hulls. Significant consequences can
develop from adhesion to other nonbiological or synthetic
surfaces (e.g., colonization of surfaces in food and water
industries) or to biological surfaces (e.g., infections of
tissues or prosthetic implants) (1–3), which are just a
few examples of the diverse results of bacterial attach-
ment and growth on different surfaces. Most of the sur-
faces studied for bacterial adhesion have been chosen on
the basis of application needs (e.g., glass and metal
surfaces) or because of symbiotic and pathogenic interac-
tions (4).

As a result of the enormous diversity of both bacteria
and substrata, bacterial adhesion is far from being fully
understood. The attachment process is complex and be-
comes further complicated if changes in cell metabolism
subsequently occur. However, progress has been made in
understanding the factors that influence adhesion on
biological and nonbiological surfaces and the properties
of bacteria that facilitate their attachment. Intensive
studies over the last three decades have focused on two
major aspects of bacterial attachment, namely physico-
chemical and biological. As microbial cell surfaces are
chemically and structurally complex and heterogeneous,
the physicochemical approach to explaining the microbial
adhesive interactions is complicated. On the other hand,
the biological drivers of bacterial adhesion are often quite
specific to the structure of the individual bacterium and
are, therefore, difficult to generalize.

The vast majority of our present knowledge regarding
bacteria reflects the average properties and behavior of
very large assemblies of the cells attached to surfaces.
Indeed, if bacterial adhesion is followed by colonization,
then the eventual result is the establishment of structured
communities referred to as biofilm. The colonization of
biological and nonbiological surfaces and the specific role
of bacterial biofilms have received considerable attention
over the last decade. After a brief overview of novel

techniques that have recently been applied to studies of
bacterial adhesion, this chapter will describe the general
principles that apply to mechanisms of bacterial adhesion.
Recent progress in understanding the driving forces of
bacterial adhesion and the impact of the surface on
metabolic activity and basic biofilm characteristics will
also be discussed (5).

1.1. Definition

The word adhesion is derived from the Latin adhaesio, or
adhaerere (i.e. to stick to), and has a wide range of
definitions depending on it’s usage; for example: (i) the
property of remaining in close proximity such as that
resulting from the physical attraction of molecules to a
substance, or the molecular attraction existing between
the surfaces of contacting bodies; (ii) the stable joining of
parts to each other, which may occur abnormally; and (iii)
a fibrous band or structure by which parts abnormally
adhere.

In the context of bacterial adhesion, this term can be
defined as the discrete and sustained association between
a bacterium and a surface, or substratum (6), which is
synonymous with the English word ‘‘attachment’’ as some-
thing that attaches one thing to another.

2. TECHNIQUES FOR STUDYING BACTERIAL
ATTACHMENT

Recent advances in microscopy have provided a way to
bypass the difficulties of single-cell observations. Adhesion
studies have been facilitated by the emergence of several
experimental techniques that can probe the interactions of
single cells with their neighboring surfaces or other cells.
Among these single-cell probing and manipulation tech-
niques, the most prominent are atomic force microscopy
(AFM) mapping and manipulation of single cells on sur-
faces and scanning confocal laser microscopy (SCLM) (7).

The AFM technique enables the high-resolution ima-
ging of the native bacterial cell surface in three dimen-
sions, without staining or shadowing, by mechanically
scanning a sharp tip mounted on a flexible cantilever
over the sample surface. Razatos (8,9) developed an
AFM-based methodology for directly measuring the inter-
action forces between AFM cantilevers with standard
silicon nitride (Si3N4) tips and bacterial lawns immobi-
lized onto flat glass substrates. When microspheres are
glued onto standard tips, the probes can be modified to
study the interaction of bacteria with various planar
surfaces of interest (e.g., mica, hydrophilic glass, hydro-
phobic glass, polystyrene, and Teflon).

SCLM has become a standard technique for obtaining
high-resolution images at various depths in a sample,
which allows 3-D images to be reconstructed from succes-
sive focal planes. The SCLM method requires minimal
sample preparation and, thus, provides an opportunity to
study the organism itself, the surrounding environment,
metabolic activity, and genetic control within the biofilm.
The SCLM transforms the optical microscope into an
analytical spectrofluorimeter (10).

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



X-ray photoelectron spectroscopy (XPS) has also found
application in recent studies (11). This technique provides
semiquantitative information on the elemental composi-
tion of the outer 1–5nm of a surface, together with some
basic chemical information (e.g., the relative concentra-
tion of an element in different functional groups). Some
modern XPS instruments provide a chemical mapping
capability with 3–5 micron resolution. The data is often
useful for indicating the relative concentration of different
elements or functional groups on a surface after exposure
to different experimental conditions (12). Sample prepara-
tion requires some care, as samples must be vacuum
compatible.

3. PHYSICOCHEMICAL ASPECTS OF BACTERIAL
ADHESION

Although the forces involved in bacterial adhesion are not
fully understood, it is evident from numerous studies of
different systems that bacterial adhesion basically de-
pends on physicochemical and biological parameters.
These two issues will be discussed in this and the follow-
ing chapter, respectively. In addition, environmental fac-
tors can also play a significant role in bacterial adhesion.
For example, the number of attached cells tends to de-
crease as the temperature is reduced from room tempera-
ture down to approximately 31C. On the other hand, pH
changes between 4 and 9 do not significantly affect the
adhesion process. The reader is referred to McEldowney
and Fletcher (13) and Pasmore et al. (14) for more
information on this subject.

One set of parameters depends on the surface charac-
teristics: surface/substratum wettability, roughness, li-
gand density, dipole moment, and charge density. For
example:

* Roughness—rough irregular surfaces can provide
better and more stable initial attachment than a
flat surface. However, it is not yet known how space
limitations affect the bacterial attachment.

* Surface wettability—materials with different wett-
ability have been used, such as glasses, metals, and
polymers. Some material, such as polystyrene, have
been chemically treated in order to create a series of
substrata with different wettabilities, which has de-
monstrated that hydrophobic substrata are generally
better suited to bacterial attachment.

It is clear that the surface characteristics of both the
substrate and the bacteria must play a role in the attach-
ment process. Although the underlying physicochemical
interactions must also be common to both surfaces, studies
have tended to focus on the effects of variations in the
properties of either one or the other component of this
essentially binary system. The discussion in this section
reflects this somewhat artificial dichotomy, but concludes
with an attempt to synthesize the results of a number of
studies into an overall picture of bacterial attachment. At
the same time, it must be noted that the biological surface
is capable of subtle and complex responses to stimuli

provided by the substrate, which leads to a rich phenom-
enology of adhesive interactions that is discussed in the
subsequent sections below.

3.1. Wettability of the Substratum Surface

Numerous studies have attempted to correlate bacterial
adhesion with the physicochemical properties of sub-
strata. As previously mentioned, bacterial attachment
has been found to be more effective on hydrophobic sub-
strata with respect to numbers of attached cells, rate of
attachment, and strength of binding (15,16). The ‘‘hydro-
phobic effect’’ refers to the proclivity of one nonpolar
molecule for another nonpolar molecule over water.
When two hydrophobic surfaces approach one another in
an aqueous environment, inverse-ordered layers of water
are displaced. The entropy increase during the displace-
ment process creates energetically favorable conditions for
adhesion (17). However, some other findings have demon-
strated similar adhesion on hydrophilic and hydrophobic
surfaces or even better adhesion on hydrophilic substrata
[reviewed by Mittelman (6)]. Hydrophilic surfaces that are
highly hydrated can be more resistant to bacterial adhe-
sion because of adsorbed water that must be displaced
before adhesion can occur. As a result, the effectiveness of
the adhesion will depend on the difference between the
bacterium $ substratum attraction forces and the ad-
sorbed water $ substratum attraction forces.

3.1.1. Examples of Bacterial Adhesion on Hydrophilic/
Hydrophobic Surfaces. Chavant (18) have investigated
the surface physicochemical properties of Listeria mono-
cytogenes LO28 under different conditions (temperature
and growth phase) during bacterial adhesion on hydro-
philic (stainless steel) and hydrophobic (polytetrafluor-
oethylene—PTFE) surfaces. Stainless steel and PTFE
were selected because of their common use in food-proces-
sing plants and because they have different physicochem-
ical characteristics. The growth temperature and the
phase of growth may influence the cell wall composition
and thereby modify the surface electrical properties,
hydrophobicity, and electron donor or electron acceptor
character of the bacteria.

The affinity of bacterial cells, as determined by the
comparison of two different solvents, was higher for the
electron acceptor solvent and weaker for the electron
donor solvent under all conditions of the study, indicating
a strong electron donor nature and weak electron acceptor
nature of the bacteria. Lewis acid-base interactions in-
dicated that the cells had basic surface properties that
correlated with their hydrophilic characteristics. The re-
sults showed that the hydrophilicity varied with the
temperature and growth phase. The bacterial cells were
always negatively charged and possessed hydrophilic sur-
face properties, which were negatively correlated with
growth temperature. As previously described by Smoot
and Pierson (19), hydrophilicity increased as the growth
temperature decreased, except at 371C and 201C for mid-
log-phase cells, where the cells shared the same proper-
ties. Hydrophilicity was greater for mid-log-phase cells
than for stationary-phase cells at 371C, but this trend was
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the opposite at 201C and 81C. At low temperatures, L.
monocytogenes was strongly hydrophilic in either growth
phase, which suggests some modifications in cell wall
composition. It is well known that some bacteria maintain
an optimal degree of membrane fluidity by modifying the
cell wall lipid composition with temperature and cell
growth. Smoot and Pierson (19) assumed that membrane
modifications probably occurred in L. monocytogenes
LO28 because the hydrophilicity varies with temperature
and growth phase, but these modifications do not influ-
ence the global charge of the cells, which were always
electronegatively charged under all of the conditions
studied. The results of the electrophoretic mobility tests
were surprising, because bacterial cells generally have an
isoelectric point of between pH 2.0 and 3.5 (20). Never-
theless, this cell surface property seems to be character-
istic of L. monocytogenes, with several authors reporting
the same result for strains of L. monocytogenes from
different origins (17–22). The electronegative global
charge over the pH range studied might indicate the
presence of compounds with a very low pKa on the cell
surface. A statistical analysis of the variances showed that
temperature and the nature of the surface were the main
factors affecting adhesion and colonization.

Consequently, better adhesion and colonization were
observed on the stainless steel, confirming the hydrophilic
character of L. monocytogenes LO28 and the importance of
this property in these processes. Moreover, no bacterial
mat could be formed at 81C on PTFE, and the initial
adherent population decreased during the first days of the
experiment, which suggests that colonization on a hydro-
phobic surface is very difficult or even impossible. The
combination of these two antagonist parameters—a hy-
drophilic cell envelope and a hydrophobic surface—leads
to a very significant decrease of the colonization power of
the strain. It is noteworthy that the presence of similar
initial adherent populations does not imply the same
kinetics of colonization for the two surfaces, which sug-
gests that adhesion and colonization phases could require
different molecular adaptations. Significant detachment
occurred at 371C on PTFE, but only after the surface was
completely colonized. It seems that the rapid colonization
of the surface resulted in the formation of cellular aggre-
gates based on a relatively small number of adherent cells.
Eventually, the aggregates became too voluminous and
sloughed off because of the weak interactions of the few
adherent cells with the hydrophobic PTFE. It is interest-
ing to note that a phase of detachment took place after 1
day at 201C on stainless steel, but this result was transi-
tory and the surface was almost completely colonized
again 24h later. On the other hand, the same bacterium
at 201C colonized PTFE more slowly, but without detach-
ment. At the end of one week, a 3-D structure with
voluminous aggregates was visible. The pace of coloniza-
tion may explain the significant difference in biofilm
stability observed on PTFE between 371C and 201C.

These dynamics may be critical for the dissemination of
micro-organisms and contamination of surfaces, such as
occurs in the food industry, for example. From a practical
point of view, the results suggest that the use of PTFE
(hydrophobic) surfaces in cold rooms might minimize the

development of L. monocytogenes biofilms in food plants.
Many studies have indicated that L. monocytogenes can
grow or survive on fresh or processed produce, including
asparagus, broccoli, cauliflower, and leafy vegetables. Out-
breaks caused by L. monocytogenes-contaminated foods
and the serious illnesses and fatalities that occur in
susceptible individuals illustrate the importance of under-
standing the fundamental mechanisms that initially allow
the bacterium to associate with produce and how it
remains attached. Gorski (23) have developed a model
system with cut radish tissue to study the molecular
mechanisms involved in L. monocytogenes adhesion to
plant surfaces. The results indicated that L. monocyto-
genes may use different attachment factors at different
temperatures and that temperature should be considered
an important variable in studies of the molecular mechan-
isms of Listeria fitness in complex environments.

3.1.2. Examples of Bacterial Adhesion on Self-assembled
Monolayers. Weincek and Fletcher (24) investigated in
detail the attachment of the gram-negative bacterium,
Pseudomonas sp., to hydrophobic and hydrophilic self-
assembled monolayer (SAM) surfaces. Long-chain alka-
nethiols, HS(CH2)nX, adsorb from solution onto gold sub-
strata and form oriented, well-ordered, stable monolayers.
The sulfur moieties of the alkanethiol bind to the gold,
causing the molecules to pack tightly in an orientation
nearly perpendicular to the surface of the gold film. For an
alkanethiol of sufficient chain length (n � 10), the result-
ing single-component monolayer consists of an ordered
organic film with wetting properties that are determined
by the terminal functional group, X. Several studies of the
surface properties of self-assembled monolayers have
focused on single- and mixed-component SAMs with
methyl and hydroxyl functional groups.

The controlled adhesion of uropathogenic Escherichia
coli for rapid screening of potential inhibitors of bacterial
adhesion and or quantitative evaluation of the efficacy of
the inhibitors has been investigated using arrays of
alkanethiolate SAMs on gold (25). The SAMs presented
mixtures of alpha-D-mannopyranoside (a ligand that pro-
motes the adhesion of uropathogenic Escherichia coli by
binding to the FimH proteins on the tip of type I pili) and
tri(ethylene glycol) moieties (organic groups that resist
nonspecific adsorption of proteins and cells). With this
approach, the SAMs provided surfaces for studying the
adhesion of uropathogenic E. coli to specific ligands, while
ensuring excellent resistance to nonspecific adhesion.
Using arrays of mannoside-presenting SAMs, inhibitors
of bacterial adhesion were easily screened by observing
the number of bacteria that adhered to the surface of the
SAMs in the presence of inhibitors. The properties of
SAMs, when combined with the convenience and standar-
dization of a microtiter plate, make arrays of SAMs a
versatile tool that can be applied to high-throughput
screening of inhibitors of bacterial, viral, and mammalian
cell adhesion and of strongly binding ligands for proteins.

Generally, studies have shown that hydroxyl-termi-
nated SAMs are wetted by water and hexadecane,
whereas methyl-terminated SAMs are hydrophobic and
oleophobic. It appears that two basic attachment mechan-
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isms are relevant. Adsorption on hydrophobic surfaces is
rapid with strong binding forces, whereas adhesion to
hydrophilic surfaces followed the model of reversible and
irreversible adhesion proposed by Marshall (26) and can
be described by DLVO theory (see below). Initially, a weak
and reversible stage of the adhesion was observed at
separation distances of several nanometers, at which
point the bacterium can be removed by shear forces or
desorb spontaneously. At a later stage, this attachment
can be converted into irreversible adhesion by synthesis of
extracellular biopolymers or by stabilization of conforma-
tional changes in existing polymers. These polymers
bridge separation distances of less than 1nm, displacing
the adsorbed water or neutralizing the electrostatic repul-
sion.

3.2. Properties of the Bacterium Surface

3.2.1. Hydrophobic/Hydrophilic Characteristics of the
Bacterial Cell Surface. The cell surface reactivity of the
cyanobacterium Calothrix sp. strain KC97, an isolate from
the Krisuvik hot spring, Iceland, has been investigated in
terms of its proton-binding behavior and charge charac-
teristics by using acid-base titrations, electrophoretic
mobility analysis, and transmission electron microscopy
(27). As the cyanobacterial surface is composed of an
intricate array of complex biological molecules, resulting
in a high degree of chemical heterogeneity in the cell
envelope, electronic and steric interactions within this
complex arrangement can be quite large, and thus the
pKa of a functional group will be influenced by the group’s
location within this highly reactive meshwork. Any given
functional group type is likely to exhibit a range of pKa
that is dependent on its distribution throughout the cell
envelope.

It was shown in this study that the three main func-
tional groups (carboxyl, phosphoryl, and amine) present
on whole, intact filaments produced six potentially dis-
crete binding sites. Carboxylic functional groups deproto-
nate over a low pH range and predominantly exhibit pKa
between 2 and 6, which is likely to be representative of
carboxyl groups contained within the galacturonic acid of
the sheath. The phosphoryl groups commonly exhibit
intermediate pKa between 5.4 and 8. Amine groups
commonly exhibit pKa between 8 and 11. Hydroxyl
groups, such as those abundant on the neutral sugars,
do not usually deprotonate until the pH is 12. Carboxyl
groups are found in abundance in cell wall constituents
such as diaminopimelic and glutamic acids in the peptide
cross-linkages of peptidoglycan molecules. Additional car-
boxyl groups may be provided by fatty acids such as
hydroxypalmitic acid, a component of the lipid A fraction
rarely detected in the lipopolysaccharide (LPS) of most
gram-negative bacteria but common in most cyanobac-
teria. On the other hand, carboxylated teichoic acids,
covalently bound to peptidoglycan, do not occur within
the cell walls of cyanobacteria. Other phosphoryl-contain-
ing polymers in the cell envelope include LPS, although
phosphate levels in the LPS of cyanobacteria are generally
low. Lipids present in the cell wall may also exhibit
phosphoryl groups, such as phosphatidylglycerol and

phospha-tidylcholine, which are found in the cell wall of
the cyanobacterium Synechocystis sp. strain PCC 6714.
Electrophoretic mobility (EPM) analysis of isolated sheath
fragments indicated that the sheath exhibited a net sur-
face charge that is close to neutral at pH 5.5. This net
neutrality is consistent with a low concentration of func-
tional groups on the sheath and implies that the domi-
nant, negatively charged carboxyl and positively charged
amine groups, present at natural pH, must occur in
approximately equal proportions. The slight increase in
the negative charge of the sheath with increasing pH was
suggested to be predominantly a result of deprotonation of
carboxylic and phosphoric groups to form negatively
charged species, but may also be contributed to by depro-
tonation of amine groups to form electroneutral species.
EPM analysis of fragmented filaments showed that they
separate into a highly electronegative fraction suggested
to be unsheathed cells and a weakly electronegative
fraction representative of sheathed filaments. Additional
evidence for the charge distribution between the sheath
and cell wall was clearly illustrated by TEM analysis, in
which the highly reactive cell wall exhibited extensive
heavy metal staining in comparison with the weak stain-
ing of the less reactive sheath. Whatever their exact
distribution, the cyanobacterial envelope clearly contains
an abundance of proton-binding sites, which exhibit a net
negative charge when deprotonated and thus display a
high reactivity with cationic species in the surrounding
liquid (27).

A number of attempts have been made to find a general
pattern for modifying hydrophobicity and surface charge
by external treatment of the cells. Castellanos (28) inves-
tigated two Azospirillum species, A. brasilense and A.
lipoferum, but were not able to identify a general pattern.
However, they did find that various chemicals, tempera-
tures, and enzymatic treatments affect the cell-surface
hydrophobicity and charge in the different strains.

3.3. Theoretical Approaches to Bacterial Adhesion

Initially, two different approaches existed for describing
the physicochemical aspects of microbial adhesion: the
DLVO (Derjaguin, Landau, Verwey, and Overbeek) ap-
proach and the thermodynamic theory (29).

3.3.1. DLVO Theory. In describing the interaction en-
ergies between the two surfaces, the classic DLVO theory
developed by Derjaguin, Landau, Verwey, and Overbeek
takes into account the attractive van der Waals and
repulsive electrostatic interactions. According to this the-
ory, two distances of separation exist. At larger separation
distances, the bacterium is only weakly held near the
surface by van der Waals forces. Shear forces can easily
remove it and closer approach is inhibited by electrostatic
repulsion. Once this repulsion is overcome by a bacterium,
it may be bound at the closer separation distance, where
the attractive forces are strong and adhesion becomes
irreversible.

The DLVO theory was used to explain the impact of
electrolyte concentration and net surface charge on bac-
terial adhesion in laboratory experiments. It was demon-
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strated that attachment numbers increase with increas-
ing ionic strength of the medium [Weerkamp (30)]. The
theory predicts that adhesion will be inhibited when both
bacteria and substrata bear significant negative surface
charges.

The classic DLVO theory has been extended to include
short-range acid-base interactions (29). The acid-base
interactions are based on electron-donating and electron-
accepting interactions between polar moieties in aqueous
solutions. These interactions have an enormous influence
compared with the electrostatic and van der Waals inter-
actions. However, they are also short-range interactions
(less than 5nm), which means that they only become
operative when the interacting surfaces are in close
proximity.

3.3.2. Thermodynamic Theory. The second theoretical
approach that has been used to explain or predict the
mechanism of bacterial adhesion is based on thermody-
namic principles. This theory interprets the attachment as
a spontaneous decrease in the free energy of the system.
To confirm this concept, contact angle measurements of
liquids on test substrata and bacterial cell surfaces have
been carried out in laboratory experiments (31). According
to this theory, microbial adhesion generally has the nature
of weak, reversible, secondary minimum adhesion, which
can develop into irreversible primary minimum adhesion.
As expected, this progression is much easier in high ionic
strength suspensions and when the micro-organisms in-
volved have surface appendages (32).

3.3.3. Tentative Scenario for Initial Bacterial Attachment
at Nanometer Proximity. On approaching a surface, a
bacterium experiences a sequential chain of interactions.
The first attractive and repulsive forces that act between
two surfaces occur at distances of more than 50nm, where
van der Waals forces are considered to be attractive,
although rather weak.

Electrostatic forces play a major role at distances of 10–
20nm. Electrostatic interactions are attractive when the
surfaces have opposite net surface charges and repulsive
when surfaces have like charges. However, in many
natural environments, repulsive forces are reduced as
the ionic strength of the medium increases. For example,
the electrolyte concentration of seawater is sufficient to
eliminate the electrostatic repulsion barrier.

Interfacial water may be a barrier to adhesion at
distances of 0.5–2nm, although it can be removed by
hydrophobic interactions. Furthermore, at separation dis-
tances of less than 1nm, hydrogen bonding, cation brid-
ging, and receptor-ligand interactions become important
(6). For additional information on this specific topic, the
reader is referred to Ref. 32.

3.3.4. Application of the Adhesion Theories. Difficulties
exist in the application of the thermodynamic and DLVO
theories in bacterial adhesion because of the chemical
complexity of bacterial surfaces and substrata. The struc-
tural and chemical diversity of bacterial cells, together
with the lack of finite boundaries because of fimbriae,
stalks, flagella, or long-chain biopolymers, frustrates the

use of a reductionist, theoretical approach. During adhe-
sion, bacteria employ several stages of interaction, each
involving different molecular components of the bacterial
or substratum surfaces. Nonpolar (hydrophobic) groups on
fimbriae, lipopolysaccharides, or outer membrane proteins
may assist the bacterium to approach the surface more
closely, which may cause conformational changes in other
bacterial surface polymers, thereby exposing further func-
tional groups for stronger attractive interactions. The
production of additional adhesive polymers can also be
triggered at this time, which is an important issue for the
thermodynamic theory, which can only be applied to
processes in an equilibrium situation. The bacterial pro-
duction of extracellular biopolymers is irreversible at the
initial stages of adhesion and therefore disturbs the
necessary equilibrium. At this point, sufficient evidence
exists to confirm that some aspects of bacterial adhesion
can be described by physicochemical approaches. How-
ever, as the complexity of the cell surface appendages
increases, the applicability of this approach decreases
(29,32).

4. BIOLOGICAL ASPECTS OF BACTERIAL ADHESION

Depending on whether the whole cell surface or just one
specific molecular group is interacting with the surface,
bacterial cell adhesion can be considered as specific or
nonspecific. In both cases, the previously mentioned cell
appendages play an important role in sensing proximity
and attaching to the surface (33).

Nonspecific bacterial adhesion is typically involved in
the colonization of inert surfaces, as opposed to specific
bacterial adhesion, which is typical for attachment to
biological surfaces. In the case of specific bacterial adhe-
sion, only certain highly localized stereochemical molecu-
lar groups on the microbial surface interact and make
contact with the surroundings. The specific binding me-
chanism can be used to differentiate between stereo-
specific ‘‘lock and key’’ or ‘‘receptor-ligand’’ interactions
in the adhesion process. When discussing bacterial adhe-
sion on biological surfaces, it is essential to keep in mind
that the host cells are not inert surfaces, but play an active
role in the process through the activation of specific genes
(34,35). These factors, which depend on the particular
characteristics of individual biological systems, are dis-
cussed in this section.

4.1. Adhesins

One set of biological parameters derives from inherent
bacterial characteristics, such as surface charge, bacterial
shape, or the presence of adhesins, assembled into hair-
like appendages known as fimbria or pili, which extend
out from the bacterial surface. In other cases, the adhesins
are directly associated with the microbial cell surface (so-
called nonpilus adhesins) (36). Recent studies have shown
that bacteria express a wide variety of adhesins in order to
establish adhesion to host cells. The type of adhesin used
is dependent on the strain, environmental factors, and the
receptors expressed by the host cell. These adhesive
interactions have developed in symbiotic and pathogenic

ADHESION OF BACTERIA 5



relationships to ensure the recognition of certain surfaces
and binding sites via the signaling system of surface
components or receptors. Some examples of bacterial
appendages that are involved in cellular adhesion include:

* P pili and type 1 pili, such as those observed on the
surface of Escherichia coli and Enterobacteriaceae.
Eleven genes for P pili and seven genes for type 1 pili
are required for the expression and assembly of these
organelles. They mediate binding to mannose-oligo-
saccharides and represent important virulence deter-
minants.

* Type IV pili have been implicated in a variety of
functions such as adhesion to host-cell surfaces,
twitching motility, modulation of target cell specifi-
city, and bacteriophage adsorption. They are found on
bacteria such as Pseudomonas aeruginosa, patho-
genic Neisseria, Moraxella bovis, Vibrio cholerae,
and enteropathogenic Escherichia coli.

* Curli are thin, irregular, and highly aggregated sur-
face structures mainly produced in E. coli and Sal-
monella enteritidis. They mediate binding to a
variety of host proteins including fibrinogen, plasmi-
nogen, and human contact proteins.

* Flagella are large complex protein assemblages span-
ning out from the bacterial wall.

Some specific adhesins, such as lectins and type I
fimbriae, can also serve as mediators of adhesion via
specific functional groups on the surface of the biomater-
ials. For example, dental implants are rapidly coated by
Streptococcus sanguis, which produce a sialic acid-binding
protein. Piliated strains of Pseudomonas aeruginosa ea-
sily adhere to unworn contact lenses in contrast to non-
piliated mutants (2). In the case of implanted
biomaterials, conditioning films composed of polysacchar-
ides or proteinaceous components in human fluids (blood,
urine, bile, saliva, etc.) can greatly facilitate specific
bacterial adhesion. For example, in P. aeruginosa, flagellar
expression is directly associated with adhesion to mucin,
as shown in patients with cystic fibrosis. Evidence exists
that fibrinogen, albumen, and mucin all serve to enhance
adhesion of Staphylococcus to polyethylene, nylon, and
polyvinylchloride surfaces, whereas plasma and serum
albumin appear to inhibit the adhesion (6).

4.1.1. Hydrophobins: Eukaryotic Homologs of Adhesins. -
Similar mechanisms of specific adhesion have been re-
ported for eukaryotic micro-organisms, such as yeasts and
fungi. In filamentous fungi, adhesion is facilitated by
small amphipathic proteins known as hydrophobins. Hy-
drophobins show specific physicochemical characteristics,
such as surface activity and self-assembly, and have the
ability to adhere efficiently and stably to natural and
artificial surfaces. For example, an SC3 hydrophobin coat-
ing on Teflon can withstand treatment with the boiling
detergent sodium dodecyl sulfate. On assembly on the
surface, an amphipathic protein layer is formed that
changes the wettability of the solid from hydrophobic to
hydrophilic and vice versa. To explain the specificity of

hydrophobins, several functions have been suggested,
ranging from protein immobilization to surface modifica-
tion. In nature, hydrophobins are commonly found in
emergent structures of filamentous fungi, aerial hyphae,
spores, and infection structures, where they form a hydro-
phobic, water-repellent layer. The hydrophobin coating
protects the fungal structures both from water ingress
and from dessication (37).

The role of hydrophobins in the attachment of patho-
genic fungi to the surfaces of plants has been investigated
by Nakari-Setala (38). The properties of the yeast Sac-
charomyces cerevisiae were modified by the expression on
the cell surface of a hydrophobin from the filamentous
fungus Trichoderma reesei, which resulted in an increase
in surface hydrophobicity (more precisely, a decrease in
cell surface hydrophilicity). The hydrophobin-expressing
strain also displayed slightly lower negative surface
charge, which is expected to contribute to a reduction in
the electrostatic repulsion between the cell and the nega-
tively charged supports. Indeed, both steady-state and
kinetic experiments suggested that hydrophobin display
assists in the first steps of adsorption. The authors noted
that hydrophobin-producing yeast cells did not form more
or larger cell aggregates than the parent strain and,
therefore, flocculation of the cells could not be correlated
with increased adsorption.

Cell surface expression of proteins has been exploited
in various ways, including the display of peptide or anti-
body libraries for rapid screening and engineering of
ligands and binders or of enzyme activities. It has also
been used to improve the immobilization capacity of cells.
Native surface proteins may be used to target the protein
of interest at the cell surface.

4.1.2. Fimbriae. To study the role of type 1 fimbriae in
E. coli interactions with the mussel Mytilus hemocytes, a
wild-type strain expressing type 1 fimbriae (MG155) and
an unfimbriated mutant (AAEC072) were used to infect
hemocyte monolayers in both artificial seawater (ASW)
and hemolymph serum at 181C (39). Of the two strains, it
was shown that the fimbriated variety associates more
readily with hemocytes—both in ASW and hemolymph
serum, and after incubation for 60 and 120min. Moreover,
the presence of hemolymph serum greatly increased the
association of the fimbriated strain, but did not affect the
association of the unfimbriated mutant. The adherence of
the fimbriated strain in hemolymph serum was four to six
times greater than that of AAEC072, whereas in ASW the
number of adherent fimbriated bacteria was only about
twice the number of adherent unfimbriated cells. These
data demonstrate that type 1 fimbriae play a role in the
surface interactions between E. coli and mussel hemo-
cytes and suggest that the mussel hemocytes express
receptors for type 1 fimbriae.

4.2. Extracellular Biopolymers

Extracellular biopolymers comprise extracellular polysac-
charides that can interact with hydrophilic surfaces,
lipopolysaccharides that can interact with hydrophobic
surfaces, and proteins that often react in specific attach-
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ment mechanisms (40). The composition of extracellular
polysaccharides varies considerably depending on the
bacterium habitat. For example, bacterial alginate (b-1,
4-D-mannuronic, and L-guluronic acids) produced by the
opportunistic pathogen P. aeruginosa during its coloniza-
tion of lungs has a binding capacity to facilitate attach-
ment to the epithelial cells of the respiratory tract. In
contrast, the alginate produced by the river dwelling P.
fluorescens inhibits adhesion. These physicochemical
properties of the alginates are caused by different degrees
of acetylation and different ratios of mannuronic to gu-
luronic acid (41).

A growing body of evidence suggests that surfaces can
induce the expression of genes responsible for the produc-
tion of lateral flagella, polysaccharides, and extracellular
proteins including enzymes. For example, in P. aerugi-
nosa, the specific activity of the algC reporter gene
product was 19-fold higher in biofilm bacteria than in
those bacteria remaining suspended in the surrounded
environment (42). It was found that initial adsorption was
independent of algC promoter activity, but 15minutes
after attachment to a glass surface, the activity of algC
promoter was detected. Goldberg (43) reported that the
algC gene encodes a bifunctional enzyme, which is in-
volved in alginate and O-antigen synthesis in lipopolysac-
charides. Results of another laboratory study have
indicated that the production of extracellular polysacchar-
ides increased after sand was added to free-living bacteria
(44). A mechanism for detachment of cells from surfaces
also exists through, for example, the synthesis of an
alginate lyase. Production of this enzyme can result in
degradation of the alginate followed by increased cell
detachment (45).

Two surface proteins of E. faecalis, namely the aggre-
gation substance (Agg) and enterococcal surface protein
(Esp), are reported to be associated with infections, sug-
gesting that these proteins may increase the ability of this
micro-organism to adhere. It was shown that the presence
of the Esp gene is associated with the capacity of E.
faecalis to form a biofilm on polystyrene. Later on, Waar
(12) demonstrated that growth in the presence of ox bile
stimulates the adhesion of some E. faecalis strains, as up
to twice as many bacteria adhered at the stationary phase.
These results indicate that growth in bile changes the
adhesion properties of E. faecalis and thereby possibly
increases its capacity to adhere and infect. Analysis of the
cell surface properties revealed that the strains were
generally more hydrophobic and zeta potentials were
more negative after growth in the presence of ox bile,
concurrent with decreases in N/C and P/C elemental sur-
face concentration ratios and an increase in O/C surface
concentration ratio [except for OG1X (pAM373)]. These
changes may be due to the expression of different surface
proteins in response to bile salts present in the growth
medium. A negative surface charge is often associated
with the presence of oxygen-rich functional groups,
whereas a more positive charge is associated with the
presence of nitrogen-rich groups (43). In keeping with this
trend, all enterococcal strains possessing a higher number
of oxygen-rich groups (and a similar or slightly lower
number of nitrogen-rich groups) after growth in the pre-

sence of ox bile have a more negative zeta potential. On
the other hand, strain OG1X (pAM373) has a lower
number of oxygen-rich groups after growth in the pre-
sence of ox bile, but this strain gains negative charge
through a relatively large loss of positively charged,
nitrogen-rich groups. In oral streptococci, lower N/C ele-
mental surface concentration ratios and higher O/C sur-
face concentration ratios have been associated with
decreased expression of proteinaceous, fibrillar structures
on the surface and a loss of cell surface hydrophobicity
(11).

5. IMPACT OF SURFACES ON METABOLIC ACTIVITY OF
ATTACHED BACTERIA

5.1. Morphological Change

Elucidation of the mechanisms responsible for surface-
induced morphological changes in bacterial cells has a
potentially wide impact on the fundamental understand-
ing of bacterial adhesion and biofilm formation, as well as
on industrial and medical applications, which offer the
potential to manipulate morphology for favorable out-
comes.

The adhesion capabilities of Sulfitobacter spp. and
Staleya guttiformis and the morphological changes of
their respective vegetative cells during adhesion on sur-
faces of the polymer, poly-tert-butylmethacrylate
(PtBMA), of varying hydrophobicity, have been studied
using atomic force microscopy (46). The results revealed
that two type strains, namely S. pontiacus and S. brevis,
fail to attach to PtBMA, while the vegetative cells of S.
mediterraneus, which do attach to the PtBMA surface,
began the conversion to coccoid form after 24 hours.
Figure 1 shows the various dynamic stages of formation
of the coccoid body [i.e., vegetative cells with subpolar
flagella (Fig. 1a), the beginning of formation of the coccoid
body (Fig. 1b), and coccoid bodies with sizes ranging from
0.9–1.2 mm (Fig. 1c)]. In contrast to Sulfitobacter spp., type
strain Staleya guttiformis DSM 11458T formed a multi-
layered biofilm (Fig. 2a) producing extracellular polysac-
charides (Fig. 2b). The cellular surface morphology
presented a mucoid shell encapsulating the entire cell.

The presence of coccoid forms in nonaging cultures of
Sulfitobacter mediterraneus during the 24 hours of adhe-
sion on PtBMA polymeric surfaces deserves special atten-
tion. Previously, coccoid body formation was reported in
aging cultures (46). This process was followed by a number
of significant changes, including retraction of the proto-
plast away from the cell wall to one side of the cell; an
increase in cell surface hydrophobicity; a decrease in lipid
and RNA content; changes in fatty acid composition; and
use of reserves such as poly b-hydroxybutyrate. In the
case of bacterial adhesion onto PtBMA surfaces, the latter
probably triggered the conversion of vegetative cells into
coccoid forms (47). The precise mechanism of this change
remains unclear.
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5.2. Antibacterial Activity

As we have seen, bacterial surface properties are rather
divergent, depending on the taxonomic affiliation of the

bacterium. The metabolic status of the bacteria is con-
trolled by the substratum surface, which can also affect
the bacterial surface properties. The adhesive behavior of
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Figure 1. Conversion of vegetative cells of S. mediterraneus ATCC 700856T into coccoid forms
after attachment to PtBMA, 24h: (a) vegetative cells with subpolar flagella; (b) initial step toward
coccoid body formation; (c) coccoid form of S. mediterraneus ATCC 700856T (47).
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Figure 2. Adhesion behavior of Staleya guttiformis on PtBMA, 72h: (a) multilayer biofilm
formation; (b) expression of extra-cellular polysaccharides by cells (47).
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two strains of Pseudoalteromonas sp. has been studied on
surfaces with different hydrophobicities (47). These bac-
teria secrete antimicrobial substances that allow the level
of metabolic activity to be inferred after attachment. The
hydrophobicity (measured by means of water contact
angles) and chemical functionality of the surfaces were
manipulated with photo- and thermo-chemistry of diazo-
naphto-quinone/novolak—a polymeric system commonly
used as a photoresist material in semiconductor manufac-
turing. In general, the number of attached bacterial cells,
along with the level of antimicrobial activity, was greater
on the unexposed polymeric films and less on exposed
surfaces with the same level of hydrophobicity. An excep-
tion occurred on exposed, low-energy polymeric surfaces,
where antimicrobial activity reached its highest level,
which suggests that the chemical characteristics of the
polymeric films are a major factor controlling the level of
antimicrobial activity. The exposed films of photoresist are
enriched by carboxylic residues, which induce the at-
tached bacterial cells to synthesize antimicrobial sub-
stances more actively. Treatment with trypsin showed
that these antimicrobial substances may inhibit the
growth of Staphylococcus epidermidis via a proteinaceous
factor. It is known that the most common protein-secretion
pathway in prokaryotes involves the sec secretion system.
This system recognizes a characteristic N-terminal secre-
tion signal, consisting of a stretch of hydrophobic residues
flanked by basic residues, which is removed during secre-
tion. However, the substrate requirements for this secre-
tion pathway are still unclear. This study suggested that
the surface hydrophobicity controlled the number of cells
on the surface, but it was also found that the relative
concentration of nitrogen (decreasing with exposure en-
ergy delivered to the photopolymer surface) independently
influences the antimicrobial activity of these marine bac-
teria (47).

5.3. Antibiotic Resistance of Biofilm Bacteria

On the other hand, bacterial adhesion and subsequent
biofilm formation on biological surfaces may result in
enhanced antibiotic resistance. This resistance is caused
by bacterial phenotypic changes within the biofilm and by
suppression of antibiotic activity by the extracellular
enzymes produced by the biofilm itself. Moreover, biofilm
bacteria produce antigens that stimulate the host immune
system to produce antibodies. Although bacteria residing
in the biofilm are often resistant to these mechanisms, the
immune response may cause damage to surrounding
tissue. Numerous examples of diseases caused by the
formation of biofilm exist, like otitis media, periodontitis,
pneumoniae, and, of course, implant infections (48).

6. BASIC BIOFILM CHARACTERISTICS

Although biofilm structures have been recognized for
some time, we are just beginning to understand the
formation process at the molecular level. Recent studies
indicate that biofilms are constantly changing structures
that pass through several stages, namely initiation, ma-
turation, maintenance, and dissolution. In order to form a

3-D structure, bacteria must be able to attach to, move on,
and sense the surface. It is now clear that the natural
assemblages of bacteria in the biofilm itself function as a
cooperative system with extremely complex control me-
chanisms upregulated by 15 proteins and downregulated
by 30 proteins (48,49). The biofilm does not necessarily
involve one bacterial type. In general, a few bacterial
types are involved, and each of them plays a separate
role in order to maintain a stable community.

6.1. Biofilm Initiation

The initiation process begins at a point when bacteria
sense and respond to favorable environmental conditions,
such as nutrients, iron, oxygen, specific osmolarity, tem-
perature, or even the surface texture. These conditions
can trigger a transition from a planktonic (free-swimming)
bacterial form to a complex biofilm. This development will
continue as long as fresh nutrients are provided. Environ-
mental stimuli vary among bacteria. Although some bac-
teria, like Vibrio cholerae or Escherichia coli, demand very
specific nutrient media, others, like Pseudomonas aerugi-
nosa or Pseudomonas fluorescens, form biofilm under any
conditions. Planktonic bacteria that can easily be trig-
gered into forming biofilm under appropriate conditions
are called wild type, whereas those that are unable to form
biofilm are described as surface attachment defective
(SAD) types. Some of the SAD mutants undergo initial
attachment normally, but cannot perform the further
stages in the biofilm development process (50).

Multiple genetic pathways regulate biofilm formation.
The information gathered thus far suggests that the
expression of surface structures may change, depending
on the environmental conditions to which bacteria are
exposed. For example, in P. fluorescens, the Clp protease
participates in biofilm formation, but after the initial
process additional protein synthesis is no longer required.
In the case of this bacterium, therefore, the earliest stages
of biofilm development can be divided into two phases: in
the first phase, the initial interaction with the abiotic
surface requires new protein synthesis, whereas in the
second phase, the short-term maintenance of the attached
cells does not require synthesis of new proteins. Addi-
tional cytoplasmic proteins located on the surface of the
bacterial cell are also thought to be important for these
bacteria to attach to abiotic substrates (51).

In P. aeruginosa, flagella and type IV pili seem to play
an important role in early biofilm development The organ-
ism has been observed to swim along the surface as if it is
scanning for an appropriate location for initial contact.
After the initial contact has been made, the bacterium
continues to move, but now it uses twitching motility
rather than swimming. Twitching motility is strictly
dependent on type IV pili and is much slower than
flagella-dependent swimming. Nevertheless, by extending
or retracting their pili, the bacteria can push or pull
themselves across the surface. This type of motility is
only active when cells are in contact with other cells,
suggesting community behavior. Similarly, in V. cholerae,
flagella and type IV pili are important in the initial stage.
However, they are not essential, because even the SAD
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mutants can form biofilms. Their progress is delayed by 1–
2 days; but once the biofilm forms, its architecture is
identical to that of the wild type (52,53).

In gram-positive bacteria, such as Streptococcus epi-
dermidis, Staphylococcus aureus, or Enterococcus spp. the
initial attachment seems to be mediated by a number of
factors, including uncharacterized surface proteins, extra-
cellular proteins, capsular polysaccharide/adhesin, and a
cell-surface-localized autolysin. After cell-surface interac-
tions, these bacteria initiate cell-cell interactions that
involve the production of the intercellular adhesin ICA-
polysaccharide.

6.2. Biofilm Maturation

In order to maintain a newly established biofilm, bacteria
undergo further maturation and the formation of char-
acteristic biofilm architectures that are often associated
with the production of signaling molecules, including
short peptides, cyclic dipeptides (CDPs), fatty acid deri-
vates, together with the commonly reported acyl-homo-
serine lactones (HSLs) and exopolysaccharides (EPSs).
Acyl homoserine lactones (the so-called quorum-sensing
molecules) are synthetized after the initial adhesion and
are essential for cell-cell communication, which is, in turn,
important for establishing a well-organized surface com-
munity. This results in characteristic biofilm architectures
referred to as ‘‘mushroom’’ or ‘‘tower’’ structures. These
different forms contain fluid-filled channels to supply
nutrients and oxygen and remove metabolic waste. Stu-
dies of P. aeruginosa biofilm formation showed that the
removal of the genes necessary for synthesis of HSLs
resulted in biofilms forming without the usual well-spaced
microcolonies, which means that the mutants are capable
of early cell-surface interactions, but are unable to form
biofilms that have the specific architecture essential for
biofilm sustainability. Like the acyl-HSLs, EPSs seem to
play a specific role in establishing stable interactions
between cells and surfaces, and between cells themselves.
For example, a strain of V. cholerae defective in EPS
synthesis can hardly establish initial attachment. Even
those cells that successfully attached were unable to
develop architecture specific to the wild type. The EPS
complex provides strong adhesive forces between the cell
and the attachment surface, and probably slows down the
penetration of antibiotic or enzymes from surface preda-
tors such as protozoans and microalgae (53).

If the environment becomes depleted in nutrients, or if
temperature or pH change, bacteria may detach from the
biofilm and return to their planktonic form. Some authors
believe that the loss of EPS, or the production of enzymes
such as alginate lyase, may play a role in detachment.
However, in general, very little is known about the path-
ways involved in this process. A better understanding of
bacterial detachment will contribute significantly to the
prevention of undesirable adhesion. For additional infor-
mation on the specific topic of biofilms and biofilm char-
acteristics, the reader is referred to some excellent reviews
(50–53).

7. CONCLUSION

Despite important advances, many fundamental aspects
of bacterial adhesion, especially regarding the initial
stages of adhesion and further bacterial biofilm develop-
ment, remain far from fully resolved. The adhesion of
bacterial cells, starting from attachment of single cells
while they are exploring the ‘‘suitability’’ of the surface, is
a key point in the chain of events leading to the formation
of biofilms. Once aggregated, the biofilm cells trigger
efficient ‘‘self-protection’’ mechanisms that shield the cells
from the outer environment. A thorough understanding of
bacterial adhesion and the mediating surface properties
will have a significant impact on the prevention of biofilm
formation (antibacterial surfaces) and on the use of bio-
films (in bioremediation).
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1. INTRODUCTION

The adhesion of cells to biomaterials is a complex multi-
step process involving the binding and often denaturation
of proteins and glycoproteins on the surface of a synthetic
polymer, ceramic or metal, followed by the interaction of
those adsorbed molecules with specific receptors on the
surface of the cell. The proteins that adsorb to the surface
of most biomaterials are found in the extracellular milieu
of many connective tissue types in the body and are known
collectively as extracellular matrix (ECM) molecules. They
consist of proteins, such as the collagens; proteoglycans
like the chondroitin sulfate proteoglycan, aggrecan or
heparan sulfate proteoglycans, such as perlecan; and
other structural ECM glycoproteins. These molecules
have diverse functions yet often contain homologous mod-
ules or domains and will only be discussed here in relation
to their roles in cell adhesion to biomaterials.

2. EXTRACELLULAR MATRIX ADSORPTION TO
BIOMATERIALS

The relative degree of denaturation of a specific ECM
molecule when it binds to a biomaterial surface is an
important determinant on the subsequent cell-binding
properties of a treated surface. For example, the chemistry
of the bulk polymer is known to have effects on the
adhesion of cells because it affects the way cell-adhesive
ECM proteins are adsorbed to biomaterials as a conse-
quence of bulk-transfer phenomena because of concentra-
tion-dependent effects, which can be critical in systems
where growth factor signals are being delivered in a
complex biological fluid such as plasma to encourage the
growth of endothelial cells on biomaterial surfaces (1).
Another factor that controls the adsorption of ECM mole-
cules is the contact angle of the polymer at its surface,
which is directly related to the type of polymer (i.e.,
polyurethane versus polyvinyl alcohol) and its surface
chemistry. Generally, the more hydrophobic the biomater-
ial surface and higher the contact angle, the more protein
that adheres to the surface but the more denatured it
tends to be. The relationship between the nativity and the
quantity of the adsorbed proteins both affect the amount of
cell adhesion to biomaterials (2). This principle has been
examined with methacrylate polymers and endothelial
cell adhesion (3) and has been used to treat surfaces
with compounds that effect the surface hydrophobicity,
which alters the adsorption of collagen type I and fibro-
nectin creating a predetermined pattern of adhered mam-

malian cells (4). Nonadhesive surface treatments, such as
the addition of polyethylene oxide (PEO), have been
shown to exert their effects because they are relatively
resistant to the adsorption of proteins (5). A future im-
portant area of research in tissue engineering will be the
use of appropriate adhesive and nonadhesive signals to
achieve correct alignment and patterning of cells leading
to correct tissue and organ structure (6,7). An example of
appropriate signals is the combination of gas plasma
treatment of polymers that have been engineered to
contain PEO (8), which results in a mostly nonadhesive
surface except where vitronectin or other adhesive pro-
teins have adhered to areas where the surface has been
modified by the gas plasma treatment and subsequently
results in the adhesion of cells to specific areas of bioma-
terial surfaces and the generation of patterned multi-
cellular constructs in a predefined arrangement.
Polymerization initiated by light has also been used to
modify a surface to control the adsorption of proteins and
subsequent adhesion of cells (9).

3. POLYMER MODIFICATION TO ENCOURAGE
ADSORPTION OF ECM PROTEINS

The most common polymer that is used to grow cells in the
tissue culture laboratory is synthesized from polystyrene
and is modified by glow discharge methodology (10), or
treatment with an acidic solution (11), which make the
surface more positively charged and, hence, hydrophilic,
which improves the attachment of cells. Untreated poly-
styrene does not adhere cells well when compared with
these more wettable surfaces (12). A major reason that gas
plasma treatment has been successful in promoting the
adhesion and growth of cells in culture is that they are
grown in the presence of serum usually purified from
either newborn or fetal cows. The major cell-adhesive
components in serum are fibronectin and vitronectin;
studies have shown that the adsorption of these molecules
from serum (and hence culture medium) is more effective
on the more hydrophilic surfaces (13). Furthermore, stu-
dies have also demonstrated that vitronectin is more
important than fibronectin for the adhesion of cells in
the presence of serum (14). Vitronectin and fibrinogen are
the most important cell-adhesive molecules in the initial
response of the body to biomaterials. After surgery, where
a device or synthetic biomaterial is inserted, local injury
occurs leading to the leakage of plasma from the circula-
tion, the generation of serum as a thrombus, and its
subsequent adsorption onto the surface of the biomaterial.
Vitronectin and fibrinogen are both present in plasma at
appreciable levels, the latter plays a major role in throm-
bus stabilization and platelet adhesion (15). Vitronectin is
a 7.4 kDa protein, which is present as a monomer in the
circulation at concentrations of approximately 400 mg/ml
(16). When it binds to the surface of platelets (17) or
biomaterials (18), vitronectin denatures, which exposes
cryptic sites in the protein and unmasks new biological
activities such as its ability to bind to cells. The denatured
form of vitronectin also has the ability to self-polymerize
to form large aggregates, which causes layering of the
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protein on the implant surface, further increasing its
biological effects. Denatured vitronectin displays a higher
affinity for heparin, which promotes the neutralization of
antithrombin III activity, suggesting that vitronectin has
some regulatory role to play in fibrinolysis (16).

3.1. Cell Attachment to ECM Molecules

The cell attachment site in vitronectin consists of an
Arginine-Glycine-Aspartic acid (RGD) sequence in the
connecting domain toward its N-terminus (19). The same
RGD tripeptide sequence is responsible for the cell-adhe-
sive properties of fibronectin and other ECM molecules
such as thrombospondin and osteopontin (20). Fibronectin
has also been used to modify the surface of many polymers
including tissue culture polystyrene, where it is used to
promote the in vitro growth of endothelial cells and has
also been shown to increase the adhesion of bone cells to
polyvinylidene fluoride (PVDF) (21).

Many cells also display adhesive properties to other
ECM molecules and experiments have been performed to
identify the specific peptide sequences responsible for
adhesion. The glycine-phenylalanine-hydroxyproline-gly-
cine-glutamate-arginine (GFOGER, single amino acid
code) sequence found in triple helical native type I col-
lagen is one such example, which interacts with the alpha-
2 beta-1 integrins (22). Collagens (23), collagen peptide
mimetics (24), and collagen cross-linked with chitosan (25)
have all been used to modify the surfaces of biomaterials
to improve cell adhesion or tissue biocompatibility. Addi-
tional adhesive epitopes with the sequences YIGSR and
SIKVAV have been identified in the beta 1 chain of laminin
and the long arm of the alpha chain of laminin (26). Both
sequences are implicated in endothelial cell adhesion to
basement membranes as well as other biological processes
involving cellular attachment, such as the spread of
cancer cells, which facilitates their invasion and metasta-
sis (27). Other cell-adhesive peptides originating from
protein sequences identified in laminin have been conju-
gated to chitosan membranes to promote cell attachment
for tissue-engineering applications (28). Additional pep-
tide sequences have been implicated in cell adhesion, but
these remain illusory and largely uncharacterized because
their sequences either do not align with known cell-
attachment sequences or binding activity is apparently
because of protein-folding affects on the tertiary structure
of a putative cell-binding peptide motif. For example, the
protein core of the basement membrane heparan sulfate
proteoglycan, perlecan has adhesive properties for en-
dothelial and smooth muscle cells on tissue culture poly-
styrene and polyurethane (29). This cell-binding site on
perlecan has been shown to involve the beta 1 integrin
family of molecules and has been localized to various
domains of the perlecan molecule (30,31). However, such
binding sites on the perlecan core protein do not contain
linear peptide sequences with homology to RGD, YIGSR,
or other known cell-attachment sequences suggesting that
these cell interactive properties of perlecan may be caused
by multiple binding epitopes possibly arranged in a spe-
cific but yet to be determined three-dimensional confor-
mation. Other confounding factors in many experiments

performed to assess the adhesion of cells to biomaterial
surfaces are attributable to the presence of vitronectin
from serum in the system or the time allowed for the assay
to be performed, which may allow some cells to synthesize
their own endogenous adhesive ECM proteins. The pre-
sence of serum has been overcome in certain systems with
serum specifically immuno-depleted of the major adhesive
protein, vitronectin (32), or by the use of serum-free
conditions using defined media; however, many cell types
bind relatively poorly under such conditions.

4. MODIFICATION OF POLYMERS WITH CELL ADHESIVE
FRAGMENTS

The RGD tripeptide has been used to investigate and
control the adhesion of cells to many different types of
polymers used for both clinical and nonclinical applica-
tions (33). These studies have included extensive investi-
gations on the surface density (concentration),
orientation, and biological activity of peptides containing
RGD sequences together with investigations to examine
other peptide sequences or functional groups. This method
allows for covalent coupling to the biomaterial surface,
and accommodates certain spatial arrangements or con-
formations required by key binding moieties. In many of
the studies, the aim has been to encourage endothelial cell
attachment to the polymers used in the synthesis of
vascular grafts, as it has been recognized that the pre-
sence of a confluent and functional endothelial cell mono-
layer reduces platelet adhesion, controlled smooth muscle
hyperplasia, and leads to long-term patency of vessels.
The RGD peptide has been used in modified copolymer
blends (34), as well as in covalent attachment to the
polymer surface (35). Silicon surfaces have been coated
with linear RGD-containing peptides to encourage bone-
cell adhesion (36), whereas cyclic RGD peptides have been
grafted onto poly-methyl methacrylate (PMMA) to encou-
rage bone-cell adhesion and growth (37). Although the
initial data obtained by many of these investigators
demonstrated that these short fragments can be used to
adhere cells to biomaterials in the short term, the process
of cell adhesion, maintenance of cell phenotype, and
sustained growth on biomaterials in the longer term
involves many signals, some of which are cell-type and
substrate specific, and cannot be totally mimicked by the
simple modification of the biomaterial surface with such
short peptides.

5. CELL ADHESION RECEPTORS

The integrity of a tissue relies on the adhesion of cells with
other cells and the surrounding ECM and involves four
major families of molecules, (i) the cadherins, (ii) selectins,
(iii) cell-adhesion molecules (CAM) that are members of
the immunoglobulin superfamily, and (iv) the integrin
superfamily of cell surface receptors. All four types of
molecules except the CAMs require a divalent cation for
activity and only the integrin family are involved in
interactions between cells and the ECM. Cadherins tend
to be involved in interactions involving the same counter-
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receptor on another similar cell type. Selectins are also
involved in cell–cell adhesion and involve the recognition
of specific glycosylation structures present on the cell
surface, such as the blood group antigens and other
related structures, such as the sialyl Lewis X and A
antigens (38). As a result of the large number of these
types of ligands on the surface of circulating blood cells,
they tend to be involved in the extravasation of leukocytes
and other inflammatory cells through the endothelial
lining of blood vessels. In some instances, it may be
desirable in tissue-engineering applications to actually
prevent or inhibit cell adhesion such as platelets and
inflammatory cells in vascular grafts or orthopaedic im-
plants, which can result in localized tissue damage or
loosening of the implant.

6. CELL ADHESION MOLECULES INVOLVED IN BINDING
TO THE ECM—THE INTEGRINS

Integrins are cell surface glycoprotein receptors that are
involved in the attachment of cells to ECM molecules (39),
and as we have discussed previously, ECM molecules are
molecules that adsorb to the surface of biomaterials from
the plasma or are synthesized and secreted by cells in the
surrounding connective tissues. Therefore, it follows that
the integrins are the major cell-adhesive components
involved in the adhesion of cells to biomaterial surfaces.
There are 18 different types of alpha subunits and eight
different types of beta subunits that bind to each other in a
noncovalent heterodimeric fashion that relies on the pre-
sence of divalent cations to give 24 characterized and
distinct integrins (40,41). Both subunits have large extra-
cellular N-terminal domains and short intracellular C-
terminal domains that are linked to cytoskeletal compo-
nents of the cell, such as actin, by various accessory
proteins such as talin or paxillin (see Fig. 1). When they
bind to the appropriate protein sequences in the ECM,
they tend to cluster on the cell membrane, which has a
positive effect on the formation of other linkages with the
ECM and leads to the formation of a concentrated region
of integrins close to the ECM with links to cytoskeletal

proteins. These links have been termed focal adhesions,
which all together provide for swift and specific two-way
communication between the extracellular and intracellu-
lar environments. This phenomenon has been termed
inside-out signaling if an interaction within the cell
results in an effect on the extracellular state of the cell
and outside-in signaling if the interaction commences in
the extracellular environment and results in intracellular
signaling (43). Cell adhesion is a classic example of out-
side-in signaling in that the formation of focal adhesions,
as described above, has the primary response of altering
cell shape. These shape changes have been shown to have
major effects on the cell, enabling it to sense the surround-
ing environment. This process has been termed mechan-
osensation or tensegrity and is facilitated by sensory cues
on the cell from the surrounding ECM by the tensional
forces exerted on the cells actin cytoskeleton (44,45). The
result of these interactions can be reflected in the in-
creased migration of cells through the ECM, as well as the
possibility of proliferative signals and other intracellular
signaling events that may lead to a change in the synth-
esis of ECM by the cell and the maintenance of tissue
homeostasis (46).

The assembly of focal adhesions also leads to the
activation of an enzyme called focal adhesion kinase
(FAK), which phosphorylates tyrosine residues on pro-
teins and can bind to other intracellular proteins, which in
turn can initiate a cascade of intracellular events leading
to signal transduction and DNA and protein synthesis (see
Fig. 1) (47).

7. INTEGRIN—ECM BINDING SPECIFICITY

The interactions between integrins and the various ECM
ligands generally are of low affinity and usually in the
micromolar to nanomolar scale range and display consid-
erable overlap in specificity (see Table 1). For example,
a1b1 a2b1 both bind to collagens type I and IV, as well as to
laminin type-I. It has been suggested that the binding
epitope of laminin-I involves the sequence YGYYGDALR,
which also inhibits the binding of endothelial cells to
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Figure 1. Schematic illustration of interac-
tions between the collagen fibrillar network,
structural glycoproteins of the ECM, cell-sur-
face integrins, and HS proteoglycans (synde-
can) and resultant signaling events through
the cell cytoskeleton where actin filaments
play a major role in signal transduction. The
linking of the ECM and cell cytoskeleton is
achieved in various ways, including the one
illustrated where the ECM protein fibronectin
binds both to collagen and to ECM receptors
such as integrins and syndecan. The integrins
are linked to actin inside the cell through a
focal adhesion complex comprised of proteins
like focal adhesion kinase (FAK), Src family
kinases, talin, and paxillin. Reproduced with
permission (42).
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collagen type IV. A related sequence in type IV collagen,
FYFDLR also inhibits the binding of the endothelial cells
to collagen type I, type IV, and laminin-I (49). The overlap
in binding specificity between the integrins and their
interactive ECM molecules has changed over time to
cope with the fact that some tissues have specific ECM
components such as the basement membrane composed of
type IV collagen and not type I collagen, as found else-
where, and cartilage that is composed of type II collagen
and not type I. With a certain amount of overlap, the
repertoire of integrins required by different cell types for
ECM interactions is kept to a more manageable number. If
a certain cell (e.g., endothelial cell) expresses a subset of
alpha and beta integrin subunits, it will still have the
ability to adhere to type IV collagen or laminin in the
basement membrane, whereas it is of little biological
significance that it can also bind to collagen type I because
its presence in the basement membrane is limited. Besides
fibronectin, the laminins are the most promiscuous group
of ECM molecules with respect to binding with various
integrins. This promiscuity has an advantage in a cell in
that, because of the low-affinity reactions of integrin-ECM
binding, cells have the ability to partially bind and explore
their surrounding ECM, which has been termed the velcro
effect, without which cells would become irreversibly
stuck to their surrounding ECM. If the number of low-
affinity binding reactions increases to an amount whereby
focal adhesions cluster and cause a strong association with
the ECM, then cells become firmly adhesive. When the
cells need to migrate or proliferate, they need to become
less adhesive by reducing the number of these binding
events involved in focal adhesion. In vitro, this can be
promoted by chelation of available cations, which has
downline effects on integrin structure and their interac-
tive properties with ECM components.

8. QUANTIFICATION OF CELL ADHESION

Various methods exist available for the quantitation of the
cell adhesion, which occurs to a particular surface. Some
of these methods include the use of histochemical dyes
(e.g., crystal violet or methylene blue) that stain proteins
or other structural components of the cell (50). The
challenge with these methods is the adsorption of the
stain onto the biomaterial surface itself to such a degree
that significant interference occurs that may override any
specific signal obtained by the adherance of the cells to the
biomaterial. Also, the ECM produced by the cells as they
are cultured may also take up stain and thus be a source of
interference because of nonspecific binding effects by the
histochemical dyes used (51). Alternative methods have
used radio labeling of cells with radioactive isotopes such
as 35S methionine (52). These molecules reflect the pro-
duction of proteins by cells and are therefore related to the
metabolic activity occurring within the cell during the
assay, which varies considerably from cell type to cell type,
which affects the amount of time that the cell-adhesion
step of the assay should be carried out for. For example,
primary cells have a relatively lower metabolic rate than
transformed or continuous cell lines, so cell adhesion
assays using transformed cells should only have a 4-
hour cell-adhesive step, whereas primary cells can be
left for 16 hours to ensure maximal adhesion. Careful
interpretation of data from different cell lines is manda-
tory, and if the adhesion to different biomaterial surfaces
is to be measured, only the results from one cell type
should be compared within each experiment. An alterna-
tive assay that uses centrifugal force to measure the
interaction between the cell and a biomaterial surface
has been developed, and is especially useful for high-
throughput applications (24). These assays are based on
the use of polystyrene 96 well plates, which work well
when one is examining the adhesive capacity of various
ECM molecules on that synthetic polymer. The assay
becomes more challenging when examining different syn-
thetic polymer substrata.

9. FUTURE DIRECTIONS

In the context of this chapter (i.e., cell attachment to
biomaterials), it is important to understand how cells
normally use various binding modules on specific biomo-
lecules to interact with ECM components in normal and
pathological processes in connective tissues. This knowl-
edge may provide clues and be subsequently ‘‘de-engi-
neered’’ for the development of strategies to encourage
the adherence of cells to biomaterials with the mainte-
nance of cellular viability and expression of an appropri-
ate cell phenotype. A number of so-called matricellular
proteins have important roles to play in the regulation of
cell adhesion in the ECM, but their full potential has yet to
be realized in the area of cell attachment to biomaterials
(53–56). Matricellular proteins are secreted multidomain
macromolecules that are responsible for molecular inter-
actions both at the cell surface and within the ECM, thus,
they may be useful in novel engineering applications.

Table 1. Extracellular Matrix Molecules and Integrins

ECM molecule Integrins involved in binding

Collagen I a1b1, a2b1, a3b1, a10b1,
a11b1

Collagen IV a1b1, a2b1
Fibronectin a3b1, a4b1, a5b1, a8b1, a4b7,

aVb1, aVb3, aVb6, a1b6,
a2b8

Vitronectin aVb1, aVb3, aVb5, a1b8
Laminin – 1 a1b1, a2b1, a3b1, a6b1, a7b1,

a6b4
Laminin – 2 a6b1
Laminin – 4 a6b1
Laminin – 5 a6b1
Thrombospondin aVb3, a2b1, a8b1, a9b1
Osteopontin aVb3, a9b1
Bone sialoprotein 1 aVb3
Gelatin aVb3
Tenascin – C a9b1
Epiligrin a3b1
Nidogen / Entactin a3b1
Fibrinogen aVb3

Source: Refs. 40,41,48.
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Such interactions with the matricellular proteins modu-
late cell function but do not appear to contribute directly
to the organization or physical properties of fibrils or
laminae within tissues, thus, the matricellular proteins
are distinct from other structural or adhesive glycopro-
teins of the ECM, such as fibronectin and laminin (56).
Some members of the thrompospondins and matrilin
families of ECM proteins are also members of the matri-
cellular protein family, which include thrombospondin-5
(COMP, cartilage oligomeric protein) and matrilin-1
(CMP, cartilage matrix protein) (56), which have a limited
tissue distribution whereas other members of the matri-
cellular proteins (e.g., osteopontin) have a more wide-
spread distribution in connective tissues. In some cases,
the peptide sequences on the ECM components, which are
responsible for cell binding, have been determined. Osteo-
pontin (secreted phosphoprotein-1, OPN) is an ECM pro-
tein containing the well known RGD cell attachment
sequence, which interacts with the aVb3 integrin to
promote cell attachment and migration (57,58). OPN
promotes osteoclast binding to resorptive sites through
the aVb3 integrin and stimulates osteoclastic resorption of
calcified cartilage during growth-related functional remo-
deling (57,58). Chondroadherin is a small leucine-rich
protein, that promotes the attachment of chondrocytes to
plastic via the a2b1 integrin (59). Anchorin CII (annexin
V) functions as a collagen receptor and has a key role in
the anchorage of the chondrocyte to type II collagen in the
ECM and in the mineralization of calcified cartilage
(60,61). Furthermore, other nonproteinaceous ECM com-
ponents have a role to play in the regulation of cellular
attachment. Decorin, a small chondroitin sulphate (CS) or
dermatan sulphate (DS)-substituted small leucine-rich
proteoglycan (SLRP), has been shown to interfere with
cell attachment to thrombospondins via a KKTR attach-
ment site on the matricellular protein (62,63), and with
the attachment of fibroblasts to fibronectin by blocking the
RGD cell attachment site (64,65). The glycosaminoglycan
(GAG) side chain of the SLRPs have been shown to be
responsible for this effect (66). It should also be noted that
L-iduronate containing GAGs such as DS have been
shown to potently inhibit fibroblast proliferation (67,68)
emphasizing the importance of an integrated approach
and a full understanding of the biology of cell attachment
before developing any prospective engineering applica-
tions in this area.

Although technically outside the scope of this chapter,
understanding how cells are prevented from attaching to
normal ECM components and biomaterials is nevertheless
an important consideration in many biomedical and tis-
sue-engineering applications and undoubtedly will be an
important area of future investigation. Thus, tissue en-
gineering will employ the appropriate use of adhesive and
nonadhesive signals to achieve correct alignment and
patterning of cells leading to correct tissue and organ
structure (6,7). Hyaluronan (HA), a (1-20 � 106Da) poly-
anion copolymer GAG composed of linear arrays of the
repeating disaccharide [� b1,3-GlcNAc-b1,4-GlcA-]n, is an
important biomolecule in this regard during embryonic
development and displays traits that may be exploitable in
future tissue-engineering applications. HA has diverse

functional roles to play in cellular attachment and cellular
migration (leucocyte trafficking, metastasis), but also dis-
plays antiadhesive properties. HA has extensive water
regain, space-filling, and viscoelastic properties that re-
sult in the expansion of tissue volume and the mainte-
nance of a loose ECM through which cells can readily
migrate, and also displays biophysical properties that
protect vital internal organs from physical damage. These
are important considerations in prospective tissue-engi-
neering applications. Furthermore, HA has matrix and
cell regulatory properties that are attributable to its
interactive properties with ECM proteoglycans of the
aggrecan superfamily and its participation in signal-
transduction events through cell surface HA receptors
such as CD-44, receptor for HA-mediated motility
(RHAMM), and lymphatic vessel endothelial cell HA
receptor (LYVE)-1. HA can also serve as a cell attachment
scaffold and influence cellular migration in developmental
processes and wound healing and thus may have proper-
ties that are exploitable in tissue-engineering applica-
tions. One such application involves an HA-binding
peptide (Pep-1), based on the HA-binding motif of BRAL-
1 a brain specific link-protein, which is a small glycopro-
tein that displays affinity for HA and binds specifically to
soluble, immobilized and cell-associated forms of HA but
also displays interactive properties with HA-binding pro-
teoglycans (69), which almost completely inhibits the
binding of leucocytes to HA via its CD-44 receptor, which
normally acts as a homing receptor during inflammatory
conditions. Pep-1 is currently being evaluated for its
ability to prevent leucocyte trafficking in inflammatory
disorders (69).

Recent advances in the characterization of biomole-
cules using techniques such as tandem mass spectrometry
(MS-MS) and matrix-assisted laser desorption ionization
time of flight mass spectroscopy (MALDI-TOF MS) will
undoubtedly assist in the identification of prospective bio-
molecules that will be produced by advanced recombinant
techniques. Furthermore, increasing sophistication in mo-
lecular modeling techniques will aid in the definition of
the conformational requirements of cell-binding modules
and aid in the design of such functional proteins. We are,
therefore entering an exciting era in the area of biomole-
cule and polymer design and its future application in
tissue engineering.
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1. CELLS AND TISSUES

All of the organs and tissues in the human body develop
from a single fertilized egg, the zygote. The zygote is de-
scribed as being totipotent because it is ultimately able to
differentiate into all the cell types that constitute the adult
body. During a 9-month gestation period, this single cell
divides repeatedly through a highly organized and con-
trolled development process to produce many billions of
daughter cells. The genetic material (DNA) of the zygote is
retained in all of the daughter cells during the develop-
ment process [with the exception of mature red cells (no
DNA) and mature lymphocytes (loss of some DNA during
immunoglobulin and receptor gene rearrangements)].
During development, cells differentiate as different pro-
teins are expressed in cascades that regulate the DNA in
each cell, restricting the transcription of genes in different
cells, which enables cells in different areas of the devel-
oping embryo to differentiate into the highly specialized
cells that will eventually make up the adult body. As these
cells continue to differentiate and grow according to their
newly developed function, they produce the extracellular
matrix (ECM) that comprises the bulk of most tissues,
such as bone, cartilage, muscle fibers, and many other
structural and nonstructural components. The cell is
therefore the basic unit of life and a fundamental compo-
nent of all tissues. 216 different cell types are identified in
the human body, including mesenchymal cells such as fib-
roblasts, chondrocytes, osteoblasts, adipose cells, muscle
cells, and cardiomyocytes; blood cells, including erythro-
cytes, white cells or leucocytes including neutrophils, eo-
sinophils, basophils, mononuclear phagocytes, and
lymphocytes; different types of nerve cells such as as-
trocytes and glial cells; different types of epithelial cells
such as keratinocytes of the skin, urothelial cells of the
bladder, intestinal epithelial cells; different types of glan-
dular secretory cells such as beta cells in the pancreas that
make and secrete insulin; and highly specialized cells
found in particular organs.

The ECM is composed of fibrous proteins such as colla-
gen (mainly collagen type I) and elastin, glycosaminogly-
cans (chains of carbohydrate molecules), and
proteoglycans (proteins and carbohydrates). The abun-
dance, organization, and proportions of the macromolecu-
lar components vary according to the tissue type and
determine the mechanical properties of the tissue in
which they are situated. Skin and blood vessels are resil-
ient because of numerous elastic fibers; tendons have
great tensile strength owing to collagen; and bone is in-
compressible and rigid because it is a calcified collagen
matrix. The ECM is not a static structure, but is fully dy-
namic in that it is constantly being remodeled by the cells
that create it. ECM is constantly being degraded and re-

placed with new ECM, enabling the structure and func-
tion of the ECM to adapt with changes in the physiology of
the tissue (e.g., build-up of muscle in athletes). Further-
more, the ECM supports specialized neuronal and muscle
cells in various organs. On the level of gross anatomy, cells
and fibers form fascia, tendons, cartilage, and bone that
support the organs of the body. The ECM also provides an
arena for cellular defense systems. Specialized ‘‘profes-
sional’’ phagocytic white cells of the immune system roam
connective tissue to find foreign and injured cells and
other matter that may develop in the tissues. Connective
tissue also provides avenues for communication and sup-
ply within the body as both the circulatory system and the
peripheral nervous system run through the connective
tissue compartments of each organ.

The third and final component of the tissues is a fluid.
This fluid is composed of the fluid phase of blood/lymph
and fluid that constitutes part of the tissue itself. Most
tissues are supplied with blood vessels and lymph vessels.
The blood brings nutrients to the cells in the tissue and
oxygen bound to hemoglobin in the red blood cells (ery-
throcytes). Water and nutrients diffuse from the blood into
the tissues, and the excess fluid is collected into lymph
vessels and eventually returned to the blood. Along with
proportions of ECM components varying between tissue
types, so does the proportion of cells, ECM, and fluid. For
example, if one considers the blood as a tissue, no ECM
exists at all and instead it comprises solely of cells and
fluid. In contrast, epithelia, although supported by a base-
ment membrane composed of ECM, are themselves com-
posed solely of cells.

2. HISTOCOMPATIBILITY

The development and maintenance of all the cells and tis-
sues in an individual is regulated by their DNA. DNA ex-
ists as a double-stranded helix in the nucleus of all cells
throughout the body and is gathered in sequences called
genes, which encode the proteins that make up both cel-
lular structures and functions and the ECM. Every cell
contains a full set of DNA and, consequently, it is the
switching on and off of specific genes in different cells in
different parts of the body that accounts for the differences
in cell function. The DNA is split into 23 pairs of chromo-
somes, and specific genes are always found on the same
chromosome in different individuals. The vast majority of
gene sequences are more or less conserved between indi-
viduals of the same species, and to some extent between
individuals of closely related species. Hence, in humans,
the proteins that make up the extracellular matrix, such
as the collagen and elastin molecules, in one individual
will be the same as the collagen molecules in another, un-
related individual.

However, some genes exist that are highly polymorphic
within a species. The most highly polymorphic genes are
the genes that encode for proteins that are expressed on
the surface of living cells, which are responsible for pre-
venting the free transplantation of tissues and cells from
one individual to another. These genes and proteins are
known as histocompatibility genes and proteins, and a
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basic understanding of these is essential to appreciate
why, when foreign tissues and organs containing living
cells are transplanted from one individual to another (ex-
cluding monozygotic twins, which have identical genes),
the donated tissue or organ is recognized as foreign to the
host and is thus attacked by the immune system or ‘‘re-
jected.’’

In humans, the genes that code for the histocompati-
bility proteins are found within a set of genes called the
major histocompatibility complex (MHC) of genes. The
ones that are relevant here are those that are classified as
Class I and Class II (MHC Class I and MHC Class II).
Three Class I genes and three Class II genes exist on each
of the pair of chromosome 6, making six genes for Class I
and six genes for Class II. As one of each chromosome is
from each parent, every individual inherits three Class I
and three Class II genes from their father and three Class
I and three Class II genes from their mother. The genes
are ‘‘expressed’’ in a codominant manner, which means
that the proteins coded by both the paternal and maternal
genes are expressed on the cell surface (Fig. 1).

In the human, the proteins that are expressed on the
cell surface are called human leukocyte-associated or HLA
proteins because they were first discovered on the leuko-
cytes in the blood. The three Class I genes on each chro-
mosome code for HLA-A, HLA-B, and HLA-C proteins.
The three Class II genes on each chromosome code for
HLA-DR, HLA-DP, and HLA-DQ proteins (Fig. 1).

An extremely important feature of the genes that code
these proteins is their polymorphism within the human
population, which means that different individuals have
slightly different DNA codes for each protein, known as
alleles. In humans, different alleles are given different
numbers, for example, HLA-B17 or HLA B27. Numerous
different alleles exist for each Class I and Class II protein
in the human population, indeed it is probable that the full
extent of polymorphisms that exist for each gene is not yet
known. This feature, together with the fact that the alleles
are expressed codominantly, means that every individual
has a ‘‘set’’ of alleles and proteins that are essentially
unique to them (unless they have an identical twin or a

sibling who has inherited the same chromosome from both
mother and father). For example, an individual may be
HLA-A2 and A7, HLA-B17 and B27, HLA-C6 and C8, and
so on. Another individual may have a totally different set
of alleles and proteins, or individuals may have some of
the same alleles and proteins and only one or two that are
different. However, the extreme polymorphismmeans that
it is almost impossible that two random individuals will
have identical sets of the alleles and proteins. It is anal-
ogous to a credit card or bank account number. An indi-
vidual’s MHC is unique to them. It is what makes them
‘‘immunologically self.’’ These proteins have very impor-
tant functions in the immune response, which is explained
in more detail below.

3. BASIC IMMUNOLOGY

The primary function of the immune system is to preserve
‘‘self ’’ by recognizing any substance that is ‘‘non-self ’’ that
manages to gain entry into the body and bringing about its
elimination from the body. Hence, in a healthy individual,
the immune system protects an individual from environ-
mental agents by eliminating harmful foreign substances.
Such foreign substances include pathogenic organisms,
such as certain bacteria, viruses, and fungi. However, the
immune system will also attack potentially beneficial non-
self material such as tissues, organs, and cells obtained
from another individual. It is this response that causes the
greatest problem when attempting to transplant cells and
tissues between individuals.

3.1. Innate and Adaptive Immunity

Any immune response essentially has two phases: first,
recognition of the pathogen or foreign material; and sec-
ond, a reaction against it to eliminate it. The types of re-
action that can be generated are often divided into two
categories: innate and adaptive immune responses (1).
Both are dependent on the activities of white blood cells,
or leukocytes. Innate immunity involves leukocytes that
act in a nonspecific manner and that respond to ‘‘danger’’

Class II Class I
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Figure 1. MHC Genes and Proteins. In
humans, the genes that code for the histocom-
patibility proteins are found within a set of
genes called the major histocompatibility
complex (MHC) of genes (MHC Class I and
MHC Class II). Three Class I genes and three
Class II genes exist on each of the pair of
chromosome 6, making six genes for Class I
and six genes for Class II. As one of each
chromosome is from each parent, every indi-
vidual inherits three Class I and three Class
II genes from their father and three Class I
and three Class II genes from their mother.
The genes are ‘‘expressed’’ in a codominant
manner, which means that the proteins coded
by both the paternal and maternal genes are
expressed on the cell surface. 
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signals such as mediators of inflammation released by
damaged cells, which include phagocytic cells called ne-
utrophils and mononuclear phagocytes (monocytes in
blood, macrophages in tissues) that recognize micro-or-
ganisms and their products via nonspecific ‘‘pattern’’ re-
ceptors, ingest, kill, and catabolize them. These cells use a
primitive recognition system that allows them to bind to a
variety of foreign molecules and act as the first line of de-
fense while the adaptive response is initiated. Initiation of
an adaptive or specific immune response requires that
foreign molecules are taken up by specialized cells of the
innate immune systems called immunostimulatory den-
dritic cells, which are related to macrophages and can
present foreign material to lymphocytes.

The adaptive immune response depends on lympho-
cytes (B-cells and T-cells) that can provide life-long im-
munity (1). Foreign material that stimulates an adaptive
immune response is called an immunogen (generates im-
mune response) or antigen. B-cells combat foreign mate-
rial through the interaction of highly specific cell surface
molecules called immunoglobulins (Ig), which specifically
recognize foreign molecular shapes on the surface of an-
tigens, called epitopes. Once this interaction takes place,
more Ig of the same specificity is secreted in a form called
antibody. The antibodies then bind to the specific epitope
that stimulated their production, which can inhibit the
activities of the antigen or facilitate phagocytosis by ne-
utrophils and macrophages. This process is known as
humoral immunity. Similarly, T-cells recognize epitopes
derived from antigens via membrane-bound proteins
called T-cells receptors (TCRs), which are structurally re-
lated to Ig. However, T-cells do not recognize and bind
epitopes on antigens directly, but instead recognize short
peptide epitopes that are bound to MHC molecules on the
surface of other cells (1). T-cells have a range of activities
including control of B-cell responses, activation of
phagocytic cells to aid destruction of ingested material
(T-helper cells, Th), and recognition and destruction of self
cells infected by viruses (cytotoxic T-cells, Tc). Th cells
recognize peptide epitopes presented by MHC Class II
molecules and cytotoxic Tc cells recognize peptide epitopes
presented by MHC Class I molecules.

3.2. Humoral Immunity

The antibody molecule has two separate functions: one is
to bind specifically to the epitope that elicited the immune
response; the other is to recruit other cells and molecules
to destroy the antigen once the antibody is bound to it, for
example, binding of antibody marks antigens for destruc-
tion by phagocytes. Antibodies are basically Y-shaped mol-
ecules. The two arms of the Y end in regions that are
highly variable between different antibody molecules and
are called the V or variable regions. The end of the V re-
gion interacts with the epitope of the antigen and is
unique to each specific antibody molecule. The stem of
the Y is much more conserved and is referred to as the C or
constant region, and this end interacts with leukocytes
and other proteins. Five different classes of antibody or
immunoglobulin exist and these classes are referred to as
IgM, IgG, IgD, IgA, and IgE. The classes differ in the

structure of their C region and have different roles, but
IgG is the most abundant class in the blood. The basic
structure of IgG is shown in Fig. 2. Each antibody has two
identical antigen-binding sites, meaning that one anti-
body can bind two identical epitopes. Antibodies are
highly specific and will only bind to a given shape of epi-
tope. Hence, in order to cope with the millions of foreign
substances that may gain entry into the body, the immune
system has a massive repertoire of antibodies (circa 107–
108) that are able to bind with every conceivable epitope of
antigen that it might encounter (1).

The humoral immune response begins with recognition
of a specific antigen by binding to a B-cell via its surface
antibody receptor (clonal selection), which activates the B-
cell and ultimately results in cell division and differenti-
ation (clonal expansion). As the dividing B-cells differen-
tiate, some develop into ‘‘memory cells’’ and some into cells
called plasma cells. The plasma cells are terminally dif-
ferentiated cells that have a short life span and secrete
large amounts of the specific antibody to combat the an-
tigen. Should the immune system encounter the same an-
tigen again, many, many more B-cells (the memory B-
cells) now exist of the correct specificity to recognize and
respond to it. The memory cells become activated and rap-
idly clonally expand to generate more memory cells and
plasma cells. This memory response is much faster and
more potent (in terms of levels of antibodies produced)
than when the antigen was originally encountered, en-
abling the immune system to eradicate the foreign mate-
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Figure 2. Immunoglobulins released as antibody by B-cells spe-
cifically bind to foreign antigens to aid identification and
phagocytosis of foreign material. The two arms of the Y end in
regions that are highly variable between different antibody mol-
ecules and are called the V or variable regions. The end of the V
region interacts with the epitope of the antigen and is unique to
each specific antibody molecule. The stem of the Y is much more
conserved and is referred to as the C or constant region, and this
end interacts with leukocytes and other proteins. Each antibody
has two identical antigen-binding sites, meaning that one anti-
body can bind two identical epitopes. Dark shading shows heavy
chains; lighter shading shows light chains. 

ALLOGENEIC CELLS AND TISSUES 3



rial much more rapidly, leading to immunity from the ef-
fects of the antigen in the body. The first response to the
antigen is called the primary immune response, and the
memory cell response in known as the secondary immune
response. The response ‘‘adapts’’ to combat the antigen.

Another aspect of the humoral immune response is the
complement system. The complement system consists of a
system of proteins in serum that is normally biologically
inactive. When ‘‘activated,’’ the proteins react in a cascade
of biochemical reactions that result in the generation of
mediators of inflammation, which attract and activate
phagocytic cells and can lyse target cells by inserting a
hole in the target cell membrane. The binding of IgG or
IgM antibody molecules to antigens can activate the com-
plement cascade. The activities of complement are said to
‘‘complement’’ the activities of antibodies (2).

3.3. Cell-Mediated Immunity

The reactions of T-cells in the adaptive immune response
are generally referred to as cell-mediated immunity. As
mentioned above, T-cells are specific but do not recognize
native antigens. The T-cell receptor recognizes a combina-
tion of a peptide epitope derived from a foreign antigen
presented to it on the surface of another body cell in as-
sociation with an MHC molecule (3). Two subpopulations
of T-cells exist, the helper T-cells and the cytotoxic T-cells.
Helper T-cells express a marker that is used to identify
them called CD4 (cluster of differentiation molecule 4) and
are often called CD4þ T-cells. The marker that is used to
recognize cytotoxic T-cells is called CD8 (CD8þ T-cells).
CD4þ T-cells recognize a combination of an MHC Class II
molecule and peptide epitope, whereas CD8þ T-cells rec-
ognize a combination of MHC Class I and peptide epitope.

T-cells are educated in how to recognize foreign epi-
topes during their development in a special organ called
the thymus gland during early life. This process is very
complex, involving a process of positive and negative se-
lection that is beyond the scope of this chapter. The pro-
cess ensures that only T-cells that express a receptor that
recognizes self-MHC plus foreign epitope are present
within the immune system. Any T-cells that develop a re-
ceptor that can bind very tightly (and therefore potentially
be activated by) a self-MHC molecule in combination with
a self-epitope are killed, which ensures that the T-cells of
the immune system only recognize and respond to non-self
epitopes. As with B-cells and antibodies, the immune sys-
tem generates millions of different clones of CD4þ and
CD8þ T-cells, with each clone expressing a specific T-cell
receptor.

These mature T-cells recognize ‘‘altered self.’’ A given T-
cell receptor will bind loosely to the self-MHC molecule
that it has been educated to recognize. This process is not,
however, sufficient to activate the T-cell to respond. If the
self-MHC is altered by the binding of a foreign peptide
epitope, the molecular shape is altered, which will enable
the T-cell receptor to bind tightly, stimulating a response.

All cells in the body except red blood cells express MHC
Class I molecules. Hence, any cell can present an epitope
in association with an MHC Class I molecule to the re-
spective CD8þ T-cell. Such epitopes are usually derived

from microbial proteins that are present within the cyto-
plasm of cells, such as virus proteins. MHC Class II mol-
ecules are, however, only normally expressed on the
surface of specialized cells that are called antigen-pre-
senting cells (dendritic cells, macrophages, and B-cells).
These cells have the capacity to take up foreign proteins or
organisms from outside the cell, internalize them, and
then present peptide epitopes derived from them on the
cell surface in combination with MHC Class II molecules
for the respective CD4þ T-cells to recognize.

In order to activate mature but naive T-cells (T-cells
that have not previously responded to an antigen), a com-
plex series of molecular signals are required. For CD4þ ,
these signals can only be delivered via specialized
immunostimulatory dendritic cells that have presented
the complementary epitope in combination with an MHC
class II molecule and also express ‘‘co-stimulatory’’ mole-
cules (Fig. 3). In order to activate a naive CD8þ T-cell,
presentation of epitope via MHC Class I is required plus a
chemical signal in the form of a cytokine called interleu-
kin-2 (IL-2) produced by an activated CD4þ T-cell. Once
activated, T-cells, like B-cells, undergo clonal expansion
and differentiation into memory cells and ‘‘effector’’ cells.
The effector cells must recognize a cell expressing the
same MHC molecule and epitope in order to exert their
effects (efferent recognition). In this way, the reactions of
the T-cells are targeted to cells that contain their specific
foreign antigen. However, for effector cells, the require-
ments for recognition are much less stringent and they
can exert their effects on any cells expressing the correct
MHC molecule and epitope. In this respect, CD4þ T-cells
are still limited to reacting with MHC Class II expressing
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Figure 3. Key cell surface interactions leading to CD 4þ T-cell
activation and cytokine secretion. In order to activate mature but
naive T-cells (T-cells that have not previously responded to an
antigen), a complex series of molecular signals are required. For
CD4þ , these signals can only be delivered via specialized
immunostimulatory dendritic cells that have presented the com-
plementary epitope in combination with an MHC class II mole-
cule. 
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cells (mononuclear phagocytes, dendritic cells and B-
cells). In the efferent response, CD4þ T-cells release sol-
uble factors (cytokines) that activate the target cell. If the
target cell is a macrophage, the macrophages will be ac-
tivated to destroy the foreign material they have ingested.
One particular cytokine that is very important in this re-
spect is interferon gamma (IFN-g), which activates mac-
rophages and stimulates them to increase their killing
capability via the production of free oxygen radicals and
enzymes (4), which helps macrophages to kill particularly
persistent pathogens that they have phagocytosed. When
an effector CD8þ T-cell recognizes its target cell, it reacts
by killing the cell. By killing the target cell, the life cycle of
any virus that has infected the cell is cut short, and the
virus is ‘‘killed.’’

Hence, T-cells protect the body against microbial patho-
gens that live inside body cells; however, as indicated be-
low, the consequences of the way that T-cells recognize
foreign antigens are that they also react aggressively
against foreign cells and tissues.

4. TRANSPLANTATION

4.1. Relationship Between Donor and Recipient

An autograft describes the transplant of tissue from one
body site to another body site on the same individual. This
transfer is autogeneic, meaning that the donor and recip-
ient is the same individual and therefore the donor tissue
is seen as ‘‘self ’’ and, consequently, the immune system
does not react to it. An example is the skin grafting of pa-
tients with burns. If the skin on the arms, upper trunk, or
face is burnt and lost, but the lower body is unaffected, the
burns surgeon will take skin from the unaffected area
(e.g., buttocks, thighs; donor site) and transplant it to the
burned area.

An isograft describes the transplant of tissue between
individuals of identical genotype. The donor tissue is de-
scribed as isogeneic or syngeneic, which describes cells of
the same genotype but from different individuals. An ex-
ample would be tissue transplanted between monozygotic
(identical) twins. In addition, when animals are used for
scientific experimentation, they are inbred in order to pro-
duce genetically identical animals in order to reduce vari-
ability. Again, the tissues are accepted because the cells
are genetically identical and are therefore seen as ‘‘self.’’

An allograft describes tissue transplanted between
unrelated individuals of the same species. The donor tis-
sue is described as allogeneic and is genetically different
from the recipient and as such is ‘‘non-self.’’ Such tissue
will be recognized as foreign by the recipient and rejected
by either ‘‘acute’’ or ‘‘chronic rejection’’ depending on how
closely matched genetically the individuals are. In clinical
transplantation, in which allogeneic tissues and organs
from living or cadaveric donors are transplanted, they
only survive because of the treatment of the recipient with
immunosuppressive drugs.

A xenograft describes tissue transplanted between
different species. The tissue is described as xenogeneic
and is genetically very different and consequently ‘‘non-
self.’’ Such tissue will be recognized as foreign by the re-

cipient and rejected by a mechanism referred to as hyper-
acute rejection. An illustration of tissue transfer can be
seen in Fig. 4.

4.2. Immune Mechanisms and Allograft Rejection

When allogeneic cells, tissues, or organs are transplanted,
the graft is usually ‘‘rejected’’ either rapidly, as in acute
rejection, or over many years, as in chronic rejection. Both
are mediated by T-cells. Which mechanism occurs depends
on how closely genetically matched, in respect of the MHC
genes and proteins, the recipient and host cells are. Acute
rejection occurs when implanted tissues are poorly
matched causing a rapid immune response that rejects
the tissue in a matter of months.

The MHC proteins present on the surface of allogeneic
cells are responsible for stimulating T-cells and bringing
about rejection. As indicated above, in the reaction against
microbial antigens, T-cells recognize microbial peptide epi-
topes (8–12 amino acids in length) associated with self-
MHC molecules (5). It is believed that, for a given indi-
vidual, the same T-cell that recognizes a self-MHC plus
foreign epitope will also have the capability of recognizing
an allogeneic MHC protein, which is not difficult to un-
derstand if one considers that a microbial peptide of only
8–12 amino acids in length is sufficient to alter the shape
of a self-MHC molecule to enable recognition. What the T-
cell recognizes is ‘‘altered self.’’ In essence, an allogeneic
MHC molecule that differs by a few amino acids appears
like ‘‘altered self.’’ It is estimated that around 10% of T-
cells will recognize allogeneic MHC molecules in this way
(6).

Therefore, when allogeneic tissues or organs are trans-
planted, the allogeneic cells activate the recipient T-cells
and initiate an immune response. The basic rules de-
scribed above, however, still hold true. The recipient CD4
þ T-cells must be stimulated by specialized immunostim-
ulatory dendritic cells expressing MHC Class II molecules
and recipient CD8þ T-cells must recognize the allogeneic
MHC Class I proteins plus receive the appropriate IL-2
signal from the CD4þ T-cell in order to clonally expand
and give rise to memory and effector cells. As most tissue
and organ transplants contain a population of immuno-
stimulatory dendritic cells, the requirements for recogni-
tion and activation of the recipient T-cells are present
within the transplanted allogeneic tissues. The effector
cells then recognize the allogeneic MHC proteins and ex-
ert their effects on the cells expressing them. CD8þ Tc
cells then kill the foreign cells expressing allogeneic MHC
Class I and CD4þ Th cells recognize allogeneic APCs ex-
pressing allogeneic MHC Class II, and produce cytokines
that activate macrophages to destroy the foreign tissue
cells via the production of toxic oxygen radicals and en-
zymes. Ultimately, the grafted tissue becomes necrotic and
dies (Fig. 5). In this scenario, the mechanisms of afferent
recognition that initiate the response that leads to rejec-
tion is referred to as the direct pathway of alloantigen
recognition (7).

In addition, the recipient T-cells can recognize the
transplanted allogeneic tissue cells via a second mecha-
nism called the indirect pathway of alloantigen rec-
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ognition (8). In this mechanism, allogeneic MHC proteins
are shed by the donor tissue cells and are taken up by re-
cipient immunostimulatory dendritic cells. The recipient
dendritic cells can then present peptide epitopes derived
from the foreign MHC molecules in combination with self-
MHC Class II molecules to recipient CD4þ Th cells. The
activated CD4þ T-cells then release IL-2, which activates
CD8þ Tc cells that have directly recognized the all-
ogeneic MHC Class I proteins on the donor cells (Fig. 6).

4.3. Immune Mechanisms and Xenograft Rejection

When xenogeneic tissues or organs are transplanted, the
graft is usually rejected extremely quickly by a mecha-
nism referred to as hyperacute rejection, which is medi-
ated by preformed antibodies active against the implanted
tissue. This reaction is so severe that it can begin within
minutes of the implant being transplanted. Humans have
high-titres of antibodies to a sugar epitope present on bac-
teria that live in the human gut, which is similar in shape
to a sugar residue called gala1-3gal (a-gal) (9). Unfortu-
nately, all mammalian species, with the exception of hu-
mans and old world monkeys, express this sugar on the
surface of their cells. Humans do not have the sugar be-

cause, during evolution, they have lost the enzyme that
makes it. Therefore, should a tissue or organ containing a-
gal positive cells be implanted into a human, the antibod-
ies quickly bind to the epitope expressed on the xenogeneic
endothelial cells in the blood vessels of the tissue, result-
ing in the rapid activation of the complement cascade,
leading to inflammation, blood clotting, and blockage of
the vessels resulting in hypoxia followed by death of the
tissue caused by the lack of oxygen.

4.4. Blood Transfusion

One tissue exists that can be transplanted without evok-
ing a rejection response among the recipient T-cells: the
transplantation of blood, as in blood transfusion. Mature
red blood cells (or erythrocytes) are not living cells in the
strictest sense because they lack a nucleus. As a conse-
quence, erythrocytes do not express any MHC molecules
on their surface and cannot, therefore, be recognized by T-
lymphocytes. They do, however, possess other surface mol-
ecules that can vary between individuals in the human
population and, thus, act as antigens. Of these, the ABO
antigen system is of primary importance. The epitopes of
the antigens concerned occur on many cell types in addi-

Isograft

Between
genetically
identical
individuals
e.g. identical
twins

Autograft 

From one part
of the body to
another on
same individual
e.g. leg to trunk

Allograft 

Between
unrelated
individuals of
the same
species
e.g. unrelated
individuals

Xenograft

Between
members of
different
species
e.g. monkey to
man

Figure 4. Tissue Transfer between indi-
viduals and species. An autograft describes
the transplant of tissue from one body site to
another body site on the same individual. An
isograft describes the transplant of tissue be-
tween individuals of identical genotype. An
allograft describes tissue transplanted between
unrelated individuals of the same species. A
xenograft describes tissue transplanted be-
tween different species. 
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tion to erythrocytes and are located on the carbohydrate
units of glycoproteins. Individuals can express either A, B,
or AB antigens on their erythrocytes (blood group anti-
gens), or they may have neither A nor B, in which case
they are designated blood group O. Humans develop an-
tibodies to the blood group antigens that they do not pos-
ses, again because of stimulation by similar epitopes
expressed by bacteria in their gut. Hence, individuals
who are Group B develop anti-A antibodies. Individuals
who are blood group A develop anti-B antibodies (Table 1).
However, all people are tolerant to the O blood cells, and so
individuals with blood type O are universal donors with
respect to the ABO system. Failure to match these major
blood types results in hyperacute rejection of the trans-
fused blood, which in this situation can produce a very
rapid and potentially fatal systemic lysis of the red cells as
the new blood is transfused.

4.5. Tissue Typing

Tissue typing is a means of identifying the genetic simi-
larities between donor and recipient prior to transplanta-
tion to ensure as close a match as possible in order to
minimize the immune reaction. The perfectly matched do-
nor and recipient would be isogeneic (e.g., monozygotic
twins). However, this situation is rare, and in all other
cases, major or minor histocompatibility differences exist

between the donor and recipient. If the MHC Class I and
Class II genes and proteins do not match well, a much
greater chance exists that the recipient will rapidly reject
the donated tissue, as in acute rejection. The chances of
completely matching two individuals at random are ex-
tremely remote (10). Good organ graft survival is obtained
when the donor and recipient share only the same MHC
class II antigens, especially HLA-DR, because these are
the antigens that directly activate the recipient’s CD4þ
T-cells.

A number of different techniques are used to identify
the antigens on the cells. Serological tests are quickest
and easiest, taking only a few hours, and can be performed
while the donor tissue is preserved on ice. Typically, blood
samples are exposed to commercially available monoclonal
antibodies that bind to specific histocompatibility anti-
gens. Depending on the tissue type of the patient, the an-
tibodies may or may not bind to the cells. Binding can then
be visualized and quantified by colorimetric techniques.
More recently, sensitive and accurate typing has been
achieved using the polymerase chain reaction (PCR) to
identify MHC genes in the nucleic acid of donors and re-
cipients. PCR uses nucleic acid-binding markers to specif-
ically bind to gene sequences if they are present within an
individual’s genetic material. The mixed lymphocyte re-
action (MLR) is an older technique that can be used as an
in vitro correlate of the direct pathway of alloantigen rec-
ognition in the transplantation reaction to test the re-
sponsiveness of recipient lymphocytes to MHC proteins
expressed on donor dendritic cells. The MLR involves mix-
ing populations of mononuclear cells (lymphocytes, den-
dritic cells, and mononuclear phagocytes) from two
allogeneic individuals. The ‘‘donor’s’’ cells are irradiated
to prevent cell proliferation while maintaining metabolic
activity and are termed the stimulators, and the ‘‘recipi-
ents’’ cells are termed responders. The T-cells of the re-
sponder population react with the allogeneic MHC
proteins on the surface of stimulator immunostimulatory
dendritic cells, causing the T-cells to rapidly proliferate,
which can be assayed by measuring tritiated thymidine
incorporation into the DNA of the dividing cells. The level
of T-cell proliferation can be correlated to the degree of
MHC mismatch between the two cell sources: Closely
matched cells show a minimal T-cell proliferation whereas
mismatched cells show a high T-cell proliferation. Low re-
cipient antidonor MLR responses are associated with ex-
cellent transplant survival. However, the MLR test takes
5–7 days to complete, making it impractical in most clin-
ical organ transplantation because organs from dead do-
nors cannot be preserved for more than 24–48h.

In clinical practice, very little difference in survival
rates between matched and mismatched tissues can be
observed (10,11). Consequently, only minimal tissue typ-
ing is routinely carried out because of the added compli-
cations brought about by immunosuppression (which is
given to all transplant recipients regardless of how closely
matched their tissues are), the fact that some individuals
show differing responses to transplants and immunosup-
pression, and further complications from infections and
other factors.

Th cell
Tc cell

IL-2  

Allogeneic
APC

MHC I
MHC II

Figure 5. Direct antigen recognition. As most tissue and or-
gan transplants contain a population of immunostimulatory den-
dritic cells, the requirements for recognition and activation of the
recipient T-cells are present within the transplanted allogeneic
tissues. Consequently, recipient Th cells activate recipient Tc cells
to destroy allogeneic tissue. The effector cells then recognize the
allogeneic MHC proteins and exert their effects on the cells ex-
pressing them. CD8þ Tc cells then kill the foreign cells express-
ing allogeneic MHC Class I and CD4þ Th cells recognize
allogeneic APCs expressing allogeneic MHC Class II, and pro-
duce cytokines that activate macrophages to destroy the foreign
tissue cells via the production of toxic oxygen radicals and en-
zymes. 

ALLOGENEIC CELLS AND TISSUES 7



4.6. Immunosuppression

The first two successful allogeneic kidney transplants in
the world in 1959 used sublethal total-body irradiation of
the recipient to prevent rejection. Irradiation targets rap-
idly dividing cells, such as responding lymphocytes, and is
therefore an effective form of immunosuppression. The
kidney grafts themselves were donated by fraternal twins
and survived for 20 and 26 years without any mainte-
nance immunosuppression (10). Although these grafts
were exceptionally successful, total-body irradiation was
soon abandoned because of the exorbitant risks involved
and pharmacological alternatives were developed. Nowa-
days, recipients are routinely given immunosuppressive
drugs to suppress the activities of the T-cells and improve
the chances of graft survival. Standard clinical practices
use drugs to nonspecifically suppress the activity of the
immune system as a whole. However, this method has a
major disadvantage in that the graft recipient is left ex-
tremely vulnerable to infection because the defenses that
protect us and help us deal with everyday infections are
knocked-out in the process, which means that otherwise

minor infections can rapidly become life-threatening to
transplant recipients. Three nonspecific agents are most
widely used clinically: corticosteroids, cyclosporin, and
azathioprine (12). Steroids have anti-inflammatory prop-
erties and suppress activated macrophages, interfere with
APC function, and reduce the expression of MHC anti-
gens. Cyclosporin is a fungal macrolide produced by soil
organisms that interferes with the expression of IL-2 re-
ceptors on T-cells undergoing activation. Azathioprine is a
6-mercaptopurine analogue that incorporates into the
DNA of dividing cells to prevent further proliferation.
These agents can be effective when used alone, although
they typically require high doses that increase the likeli-
hood of adverse toxic effects. They are known to have a
synergistic effect when used in combination, as they in-
terfere with different stages of the rejection pathway,
which means individual doses can be lowered, thereby re-
ducing the toxic side effects. Clinical results since the in-
troduction of cyclosporin are very good; however, the
expected life of a kidney transplant is 7–8 years because
of the problem of chronic rejection and the long-term use

Tc cell

IL-2

Allogeneic cell

Allogeneic MHC
shed and
phagocytosed by
recipient APC

Allogeneic
MHC I

Allogeneic MHC
presented to
recipient Th cells
by recipient APC
with recipient
MHC II Recipient

MHC II

Figure 6. Indirect antigen recognition. In
this mechanism, allogeneic MHC proteins are
shed by the donor tissue cells and are taken up
by recipient immunostimulatory dendritic cells.
The recipient dendritic cells can then present
peptide epitopes derived from the foreign MHC
molecules in combination with self-MHC Class
II molecules to recipient CD4þ Th cells. The
activated CD4þ T-cells then release IL-2,
which activates CD8þ Tc cells that have di-
rectly recognized the allogeneic MHC Class I
proteins on the donor cells.

Table 1. Cross-Matching the ABO Blood Group Types

Blood Group Genotypes Antigens Antibodies to ABO in Serum

A AA, AO A Anti-B
B BB, BO B Anti-A
AB AB A and B None
O OO O Anti-A and Anti-B
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of drugs is still associated with adverse effects. New, more
selective agents are under development, for example, us-
ing monoclonal antibodies against lymphocyte surface
molecules to eliminate specific cell types or block their
function; however, these remain in development.

4.7. Implications for the Future

Despite the undoubted success of clinical transplantation
during the last century, a need to research alternative
strategies for the treatment of individuals with degener-
ative or traumatized organs and tissues remains. Even
with the most favorable tissue-matching, the survival rate
after 10 years for most transplanted tissues and organs is
only approximately 50% (13). In addition, simply not
enough donors exist to match the number of people re-
quiring replacement tissues or organs. With an increas-
ingly aging population in the western world, the gap in
number between potential donors and those waiting is in-
creasing annually, and tens of thousands of people die
while waiting for a transplant organ to become available.
Hence, the past 10 years has seen a growth of activity in
the area of regenerative medicine encompassing tissue
engineering, which seeks to develop a new generation of
therapeutic options.

5. TISSUE ENGINEERING

5.1. Basic Principles

Tissue engineering is a rapidly developing field that com-
bines biological and engineering principles in an attempt
to create replacement organs or structures from cells and
biological or synthetic scaffolds to restore, maintain, or
improve tissue function. Although the technology is still in
its infancy, the potential of this field is vast, and the re-
search is driven by the intrinsic problems of current tech-
niques for repair and replacement of tissues, such as
limited donor availability and poorly compatible materi-
als.

A tissue-engineered construct (TEC) can include cells
only, a scaffold only, or a combination of the two. In con-
sidering the use of a scaffold, depending on the nature of
the tissue being replaced, the addition of cells may or may
not be necessary. It is thought that once implanted, the
scaffold would gradually be degraded as host cells infil-
trate the construct. As they degrade it, however, it is
thought that the infiltrating cells would then gradually
replace the scaffold by producing an appropriate extracel-
lular matrix (ECM) so that, ultimately, the implanted TEC
will be completely replaced with new living tissue capable
of growth, repair, and regeneration that is ideally identical
to the native tissue. The addition of cells before the TEC is
implanted could be beneficial to the functioning of certain
tissues as host cells gradually infiltrate it. Such cells could
increase the rate at which new replacement ECM is laid
down and also add mechanical strength and function to
the construct. Four key processes that occur during the in
vitro or in vivo phases of tissue formation and maturation
have been identified (14):

1. Cell proliferation and differentiation;

2. Extracellular matrix production;

3. Degradation of the scaffold; and

4. Remodeling and potentially growth of the tissue.

Once combined in the correct manner, a dynamic and in-
teractive cell phenotype and ECM could be produced that
would ultimately develop a microarchitecture comparable
with a native tissue (15). Multiple challenges for the tissue
engineering approach to tissue replacement exist. The
physical and biological properties of the natural tissue
must be recapitulated, and any synthetic materials used
must be tolerated by the body and adequately degraded as
the new tissue develops and remodels. The basic principle
involves seeding cells onto a matrix scaffold. However, a
number of ways of creating a suitable matrix scaffold and
many potential cell sources exist.

5.2. Tissue Engineering Scaffolds

A number of different biodegradable materials exist with
minimal immunogenicity currently being investigated.
These scaffolds are usually designed to gradually degrade
over time and be replaced with new host tissue and cells
but must possess sufficient structural integrity to tempo-
rarily withstand functional loading in vitro and in vivo.
Consequently, it must be ensured that materials used are
nonimmunogenic, nontoxic, and are adequately reab-
sorbed by the body. A variety of scaffold materials have
been examined for use in tissue engineering applications
including fibrin gel (16), and collagen (17,18). Synthetic
materials that have been investigated include polyglycolic
acid (PGA), polylactic acid (PLA), and polyhydroxyalkano-
ate (19–21).

An alternative to synthetic scaffolds is the use of acel-
lular xenogeneic or allogeneic tissue. This strategy would
provide a ready-made scaffold, which already possesses
optimal mechanical and biochemical qualities and char-
acteristics. A distinct advantage in that there should be
minimal host response to a naturally occurring ECM also
exists (22). Methods for producing acellular matrices typ-
ically use a combination of enzymes and detergents to re-
move the cells from tissues (23,24). The difficulty with this
technique, however, lies in the decellularization process:
all of the cells must be completely removed, while not
damaging the tissue matrix so that mechanical and bio-
chemical properties are maintained as much as possible.
However, questions remain as to the suitability of unfixed
animal sources for human implantation because of the
risks of transmitting animal viruses and prions, which are
difficult to screen for and adequately remove if detected
(25,26).

It is possible that a matrix may not be required at all
for repairing damaged tissues. Simply injecting desirable
cells into the body at a distant site from the damaged tis-
sue may be sufficient. This method of cell delivery has
been used to inject mesenchymal stem cells into infarcted
myocardium where they have been shown to engraft into
the damaged tissue and differentiate into myocardial cells
that begin to recover the damage and initiate repair (27–
30).
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5.3. Cell Type: Terminally Differentiated Cells vs. Stem Cells

When considering the cell type, two choices of cell that can
be investigated primarily exist: terminally differentiated
cells and stem cells. Terminally differentiated cells are the
cells that would be found in the native tissue that is being
repaired or replaced. These cells are generally highly spe-
cialized cells whose function is specific to the tissue in
which they are located. In theory, these cells would be the
ideal cells of choice; however, shortcomings exist, includ-
ing the fact that these cells generally have a low prolifer-
ation rate as their main function is synthetic rather than
proliferative. When they are encouraged to proliferate, for
example, when transferred to in vitro conditions, they can
only undergo a limited number of cell doublings before
they become senescent (31), which is a consequence of the
mechanism by which DNA is copied during cell prolifera-
tion whereby cells lacking a particular enzyme (telom-
erase) suffer from a shortening of their DNA with each
round of replication until the cells are no longer able to
proliferate, and, as this point approaches, cells gradually
lose functionality and senesce. This process is particularly
problematic here because in a clinical setting, ideally a
relatively small biopsy would have to be taken and the
cells from it expanded in vitro so sufficient cell numbers
would be available for seeding the TEC. The reduced rep-
lication capacity of these cells would make this difficult.
Furthermore, they might not naturally be migratory cells
and, therefore, seeding the TEC would also be difficult as
the cells might only sit on the surface rather than fully
penetrate the tissue.

Stem cells have several advantages over terminally
differentiated cells. These cells are a type of precursor
cell that are able to differentiate into multiple cell types
and furthermore can, in theory, proliferate indefinitely in
culture, without any loss of function. Consequently, cells
could be harvested from a common source (e.g., bone mar-
row) and expanded and differentiated in vitro into the
most desirable cell type needed for creating the tissue
construct. Alternatively, they could be seeded in their un-
differentiated state, and a bioreactor used to culture the
TEC, which would hopefully provide the adequate me-
chanical signals to induce appropriate differentiation in
situ. A further option would be to implant the stem cells in
their native state and allow the biochemical and mechan-
ical influences in vivo to promote the appropriate differ-
entiation and functioning of the cells. Stem cells
essentially come in two forms: embryonic stem (ES) cells
and adult stem (AS) cells (Table 2). ES cells are derived

from the inner cell mass of developing embryos (32). These
cells are the ultimate stem cell as these cells differentiate
and proliferate to produce all the cells in the human body.
Consequently, they are referred to as being ‘‘totipotent,’’ as
one cell can produce progeny of multiple phenotypes (in
contrast, terminally differentiated cells can only produce
direct copies of themselves). AS cells can be derived from
multiple sources in the fully grown adult and are thought
to exist as part of a repair mechanism for repairing dam-
aged cells and tissues (33). The most widespread source
being investigated is the bone marrow, where the AS cells
are called mesenchymal stem cells (MSC) (34). Other
sources include fat (adipose) tissue, muscle, liver (he-
patic), and brain (35–38). Compared with ES cells, it is
believed that AS cells possess a more limited differentia-
tion capacity (multipotent) that is limited to the cell types
from the tissue in which they are found, for example, MSC
are believed to produce only mesenchymal cell types such
as bone, cartilage, and fat. However, more recent research
suggests that there may be functional overlap that en-
ables MSC to produce neural cells and hepatic cells
(39,40).

Several advantages and disadvantages exist to the use
of these different types of stem cells, but the main draw-
back to the use of ES cells is an ethical one. Even if ethical
issues did not exist, a major disadvantage of these cells is
that they would always be of allogeneic derivation and
would therefore suffer from the associated complications
once implanted. Other disadvantages include epigenetic
instability and the ability of the cells to spontaneously
form teratocarcinomas in vivo. Although their differenti-
ation capacity is reduced when compared with ES cells, AS
cells can be derived autologously, and furthermore, be-
cause they are derived from adults, no ethical issues exist.
Unfortunately, their proliferation capacity in vitro does
seem to be limited, which may be because of the patients
from whom these cells are being harvested, as it is be-
lieved that as the donor age increases, the number and
functional capacity of AS cells is reduced (41). However, it
could simply be a reflection of inadequate culture condi-
tions that it may be possible to overcome with further
more basic research.

5.4. Cell Source: Autologous vs. Allogeneic

In any tissue engineering strategy, an appropriate source
of suitable cells is required that have similar properties to
the cells of the native tissue. It may be that multiple cell
types are required (i.e., endothelial and smooth muscle

Table 2. Comparison of Embryonic and Adult Stem Cells

Embryonic Stem Cells Adult Stem Cells

Advantages Can be propagated indefinitely. Autologous derivation.
Pluripotent differentiation capacity. Respond to developmental signals in the injury

environment and differentiate.
Absence of any potential effects of age. Easy to obtain.

Disadvantages Need to be grown on mouse feeder cells. Not pluripotent.
Can give rise to teratocarcinomas. May be donor-age-associated changes in proliferative and

differentiative capacity.
Epigenetic instability. Current culture conditions do not maintain multipotency.
Allogeneic derivation.

10 ALLOGENEIC CELLS AND TISSUES



cells for blood vessels) in order that an endothelial lining is
established to prevent thrombus formation, where smooth
muscle cells can penetrate and remodel the tissue.

The primary consideration when using cells for a TEC
is to decide whether the cells will be derived from the per-
son who will ultimately receive the graft (i.e., autologous
cells) or whether the cells must be derived from another
individual (i.e., allogeneic cells). In an ideal situation, the
cells used would be autologous and taken from the tissue
that is being replaced, as upon implantation of the TEC,
these cells would be recognized as self and, consequently,
an immune reaction against the cells within the TEC
would not occur. However, because the aim of tissue engi-
neering is to repair or replace a damaged tissue, then it is
likely that the cells themselves will be in some way dis-
eased or damaged. Consequently, in any tissue engineer-
ing or cell therapeutic strategy, the decision must be made
as to whether it would be better to isolate autologous cells
from another site in the individual (adult stem cells from
the patient’s bone marrow) or to use allogeneic cells. A
very important aspect to consider will be the time required
to culture autologous cells prior to the implantation of the
TEC: It may take several weeks to obtain sufficient num-
bers of autologous cells from a small biopsy; however, all-
ogeneic cells could be obtained and grown in advance and
stored ready for use in any individual.

The potential for an adverse immune response against
allogeneic cells used in tissue engineering and regenera-
tive medicine strategies has become an issue for debate
and controversy. On one hand, from an immunological
perspective, it is difficult to perceive of a situation in which
allogeneic cells would not eventually be recognized and
rejected by the recipient in the absence of some form of
immunosuppression. On the other hand, the practical and
commercial advantages of being able to use allogeneic
cells in tissue engineering applications are immense,
which has driven developments in their use in particular
applications. The important issue is really whether the
benefits of using allogeneic cells in tissue engineering and
regenerative medicine approaches will be greater than
any potential adverse effects of the immunological re-
sponse to the cells, which may well vary considerably
with the particular application.

A school of thought exists that allogeneic cells of non-
hematopoietic bone marrow origin, such as the stromal or
mesenchymal stem cells, will not be recognized and re-
jected by the immune system because they do not nor-
mally express MHC Class II proteins or other
costimulatory molecules necessary for the activation of
naive CD4þ T-cells. However, it is clear from the litera-
ture that this is not the case.

Historically, as the mechanisms of immunological re-
jection of tissue and organ grafts were being elucidated
during the 1970s and 1980s, it was initially thought that
allogeneic graft rejection was a result solely of the direct
pathway of alloantigen recognition: So-called ‘‘passenger’’
allogeneic dendritic cells (expressing MHC Class II and co-
stimulatory molecules) within the graft were implanted
with the tissue and elicited an immune response by di-
rectly interacting with recipient T-cells (42). This view was
strongly supported by experiments at the time that

showed that in vitro one-way MLR reactions using all-
ogeneic cells derived from donor tissue that had been
treated to remove passenger dendritic cells did not cause
proliferation of responder T-cells (43). However, around
the same time, in vivo experiments clearly showed that
allogeneic tissues devoid of passenger dendritic cells could
still result in rejection (44,45). Thus, it was hypothesized
that alloantigens were sloughing off the implanted tissues,
and being presented by recipient dendritic cells to CD4þ
T-cells in the draining lymphoid tissues, resulting in the
generation of ‘‘effector’’ CD4þ T-cells, as shown in Fig. 7.
Host Langerhans cells, which colonize the epithelial
grafts, could subsequently present epitopes of allogeneic
MHC or nonMHC antigens to the effector T-cells at the
implant site (45), resulting in rejection of the tissue via
what came to be referred to as the indirect pathway of
alloantigen recognition (8). Overwhelming evidence now
exists that this pathway operates in clinical transplanta-
tion (46,47).

It should be noted, however, that in the ‘‘rejection’’ of
allogeneic cells, such as allogeneic keratinocyte sheets,
and other nonvascularised tissue-engineered constructs
containing allogeneic cells, the rejection process may not
necessarily result in the overt pathology that is observed
with vascularized tissue and organ grafts. The rejection of
vascularized organs and tissues, such as split skin allo-
grafts, is characterized by the involvement of the donor
vascular endothelium. Following transplantation, the
blood supply to the transplanted tissue is cut off resulting
in some degree of tissue hypoxia. Following the first few
days, recipient endothelial cells are attracted into the
grafted tissue and reestablish the blood supply by linking
with vessels in the grafted tissue. Effector CD4þ T-cells
generated in the afferent phase of the response and, in-
deed, antibodies gain access back to the transplanted tis-
sue via the vascular system. It is not until the blood supply
is reestablished, therefore, that the rejection response en-
sues. The immune response is largely directed toward the
allogeneic endothelium, because it is the first target that
the effector cells encounter, leading to vessel occlusion and
tissue necrosis. In contrast, allogeneic keratinocyte sheets
are not vascularized. Consequently, donor keratinocyte
cells will not be rejected in this typical pathological man-
ner. The encounter between allogeneic keratinocytes/do-
nor Langerhans cells and effector T-cells will be dependent
on the normal migratory pathways of these cells through
the epidermis, leading to the gradual ‘‘removal’’ of the cells
over time (48). The allogeneic cells may survive for suffi-
cient duration to produce growth factors and other mole-
cules that promote the reestablishment of a normal
healthy epithelium, which would otherwise take much
longer to form.

It is interesting to speculate on the likely consequence
of the implantation of a 3D tissue-engineered construct
comprised of a scaffold and allogeneic stromal cells that
has been grown in vitro. Removal from the optimal culture
environment would result in some degree of construct hy-
poxia, and surgical implantation would lead to local acute
inflammation. Increased permeability of the surrounding
recipient tissue would provide a route for the sloughing of
donor cells/antigens and transport to the lymphoid tissues
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for afferent induction of CD4þ T-cells via the indirect
pathway. In order for the effector CD4þ T-cells/APCs to
gain access to the allogeneic cells in the construct, the
construct would need to have a local blood supply and the
endothelial cells would need to be activated to express ad-
hesion molecules to allow adhesion and migration of the
cells into the construct. The initial inflammatory process
and construct hypoxia would attract recipient inflamma-
tory and endothelial cells into the site where the construct
was located, and neovascularization would commence in a
manner analogous to the normal wound healing process.
However, the neovasculature, being of recipient origin,
would not be a target for immune attack, but would
merely provide a conduit for the effector cells to gain ac-
cess to the construct. The extent and duration of the in-
flammatory response would be dependent on the ‘‘quality’’
of the construct with respect to materials used for the
scaffold, degree of hypoxia, and so on. In the worst-case

scenario, if the neovasculature was activated over several
days, allowing effector T-cells and APCs access to the all-
ogeneic cells in the construct, one would expect to see the
development of a chronic inflammatory infiltrate, charac-
terized by CD4þ T-cells and macrophages and necrosis of
the construct after about 12–14 days. Conversely, if the
construct stimulated minimal acute inflammation, any
neovasculature may not express the adhesion molecules
necessary for the recruitment of effector cells into the con-
struct once generated. The likely consequence would be
that T-cells and APCs would only gain access to the all-
ogeneic cells ‘‘by chance’’ via normal migratory pathways
(in skin, for example, skin-homing T-cells, Langerhans
cells). In this theoretical best-case scenario, allogeneic
cells might then be eliminated gradually over prolonged
periods of time without any overt tissue pathology.

Consideration of the above may help to explain the
clinical success of the only currently licensed tissue-engi-

Th cell

Dendritic cell

Macrophage

Allogeneic cell

Cytokines 

Macrophages
attracted

Tc cell

Allogeneic cell

Kill  

Figure 7. The efferent immune response to allogeneic cells. Allogeneic MHC molecules
slough off donor cells and are presented to recipient Th cells by dendritic cells. The Th cells attract
macrophages by releasing cytokines and activate Tc cells, which then cause apoptosis of allogeneic
cells. 
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neered product, which uses allogeneic cells in a skin sub-
stitute, namely Apligraf. Apligraf consists of living all-
ogeneic fibroblasts and structural proteins. The lower
dermal layer combines bovine type 1 collagen and human
allogeneic fibroblasts, which produce additional matrix
proteins. The upper epidermal layer is formed by promot-
ing human allogeneic keratinocytes first to multiply and
then to differentiate to replicate the architecture of the
human epidermis. Apligraf is not designed as nor licensed
for use as a tissue graft for permanent acceptance, but is
used solely as temporary dressing to restore homeostasis
and healing of chronic nonhealing ulcers and skin wounds.
The initial presence of the cells protects the wound and
produces growth factors and other molecules that aid and
promote the host repair mechanisms to begin to replace
the damaged area. Such tissue-engineered constructs do
not contain donor endothelial cells and any vascularizat-
ion that occurs will be with recipient endothelial cells,
which will not be targets for the rejection response. When
used in the treatment of acute wounds, the allogeneic cells
in Apligraf have been shown to persist for around 4 weeks,
after which they could no longer be detected. Loss of all-
ogeneic cells was associated with some degree of vascu-
larization below the Apligraf, and an intense cellular
infiltrate. Furthermore, the Apligraf exhibited no features
of engraftment, but resulted in wound healing in 4–9
weeks (49).

In practice, therefore, the issues of the potential im-
mune response to allogeneic cells depends on the exact
nature and purpose of the TEC and have to be balanced
against the required function of the cells in situ and the
location in which the TEC is to be implanted.

5.5. Allogeneic Mesenchymal Stem Cells

It has been suggested that allogeneic mesenchymal stem
cells (MSC) have some unusual immunological properties.
The introduction of allogeneic MSC into fetal sheep before
and after the expected development of immunological
competence has shown that the cells were capable of mi-
gration across the peritoneal cavity and engrafted and
persisted in multiple tissues for as long as 13 months after
transplantation (50,51). Similarly, intravenous infusion of
autologous and allogeneic MSCs combined with hemato-
poietic stem cells in an irradiated nonhuman primate
model (baboon) has shown that MSC were capable of hom-
ing to the bone marrow and persisted for over a year (52).
A control animal that was not irradiated and infused with
allogeneic MSC had cells present in its bone marrow up to
442 days post infusion, leading to speculation that all-
ogeneic MSC are not recognized and rejected by the im-
mune system.

In addition, some groups have carried out experiments
to investigate the effect of MSC on mixed lymphocyte re-
actions (MLR). Experiments by Klyushnenkova et al. (53)
and Le Blanc et al. (54) suggested that human MSC may
suppress activated T-cells, because the addition of MSC to
an MLR resulted in near complete suppression of T-cell
proliferation whether the MSC were added to the MLR at
the initiation of culture or midway through a seven-day
culture period. It has also been shown that although pro-

liferation activity in the MLR was suppressed with the
addition of between 10,000 and 40,000 MSC, the addition
of just 10–1000 MSC led to a less consistent suppression or
a marked lymphocyte proliferation (54). However, no other
cell source was used as a control for these experiments
and, therefore, no means exist to verify these results were
specific to MSC or a general phenomenon of the cell cul-
ture system. More recent experiments by Bartholomew et
al. (55) showed that T-cell suppression was reduced when
MSC were added midway through an MLR and could be
partially reversed using interleukin-2 (IL-2).

Although data of this nature raises the possibility that
human MSC may possess immunosuppressive effects,
which may render them either ‘immunoprivileged’ or per-
haps immunosuppressive in vivo, overall the data remain
inconclusive. If allogeneic MSC are indeed immunosup-
pressive, this would raise additional concerns regarding
their clinical use. If allogeneic MSC became infected with
a virus or became neoplastic once transplanted, the MSC
would be exempt from the body’s immune surveillance
systems, with potentially disastrous consequences. Obvi-
ously, this area requires extensive rigorous investigation.

MSC do not normally express MHC II and costimula-
tory molecules, and therefore cannot induce proliferation
of T-cells directly themselves in vitro. The in vivo data in-
dicating that allogeneic MSC survive following infusion
can be explained by the mode of delivery, injection as a cell
suspension intravenously or per-orally both avoid stimu-
lation of inflammation and the generation of ‘‘danger’’ sig-
nals. The true test of immunogenicity of allogeneic MSC
will be delivery in vivo in a 3D TEC.

If allogeneic MSC are immunogenic, it is still possible
that allogeneic MSC could be useful clinically. If im-
planted with minimal ‘‘danger signals’’ and inflammation,
the MSC might persist long enough to provide some heal-
ing responses and initiate regeneration of the surrounding
tissue in advance of the recipient cell infiltration, which
offers great potential benefits for tissue engineering pur-
poses as MSC from any donor could be used to create the
ideal off-the-shelf tissue engineering product suitable for
any recipient.

6. FUTURE DEVELOPMENTS IN ALLOGENEIC
TRANSPLANTATION

6.1. Tolerance Induction

It has been recognized for some years that if allogeneic
stem cells are implanted into a fetal animal sufficiently
early during development, then when the animal reaches
adulthood, it will be tolerant to any tissues transplanted
from a donor isogeneic with the transplanted cells (56),
because if implanted before full immunocompetence is de-
veloped, the alloantigens from the tissues will be seen as
self and consequently any T-cells that react against the
alloantigens will be killed in the thymus, as happens with
any self-reacting T-cells during development. The concept
of inducing ‘‘tolerance’’ to allogeneic cells and tissues in
the adult human has been a major area of investigation
over the past 50 years. It is based simply on the idea that
deletion or regulation of the T-cells that respond to the
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allogeneic MHC proteins will result in immune acceptance
of an allogeneic tissue.

In some experimental models in which tolerance occurs
spontaneously, or under the appropriate conditions of
immunosuppression, the immune response is too weak
to eliminate the donor immunostimulatory dendritic cells
and regresses. Collapse of the response occurs when the
activated host T-cell clones reach their limit of prolifera-
tion and are exhausted and die by incompletely under-
stood mechanisms (57). This process is referred to as
clonal exhaustion-deletion and is the seminal mechanism
of organ engraftment and of acquired tolerance (58,59).
However, the exhaustion is never complete and, conse-
quently, maintenance of the variable deletional tolerance
achieved at the outset depends on the persistence of re-
sidual stimulatory donor dendritic cells (60). In experi-
mental models in which organ allograft rejection by the
unmodified recipient is the normal outcome, the passenger
dendritic cell-induced response can be reduced enough to
be deleted by treating the recipient prior to transplanta-
tion with total lymphoid irradiation, conventional immu-
nosuppressive therapy, or anti-T-cell monoclonal
antibodies (61). The immune response can also be brought
into the deletable range by immunosuppression given af-
ter transplantation. However, if the immunosuppression
is too much, the capacity to exhaust T-cell clones is also
affected. When immunosuppression is reduced later, in an
initially overtreated recipient, the undeleted donor-spe-
cific clones may recover along with the return of immune
reactivity. Graft survival is then dependent on permanent
immunosuppression.

A range of other experimental approaches to induce
transplantation tolerance exist, including the establish-
ment of mixed chimerism, reprogramming via allogeneic
dendritic cells, and induction of regulatory T-cells. A full
discussion of these approaches is beyond the scope of this
chapter but has been recently reviewed (61).

6.2. New Therapeutic Agents for Immunosuppression

Various new agents are becoming available or under de-
velopment as adjunctive immunosuppression or to assist
in the induction of tolerance. These agents are outlined in
Table 3.

Monoclonal antibodies can be used to specifically target
T-cells, and this has been investigated for some time (63).
Targeted depletion of the cells or blocking of the antigen
receptors (TCRs) using monoclonal antibodies to T-cell-
specific cell surface markers, such as CD45 and CD52,
prior to the implantation of allogeneic cells or tissues
could prevent their interaction with the foreign tissue,
preventing acute rejection (64,65). The costimulatory sys-
tem is a critical aspect of the immune response, as without
costimulatory molecules being present at the implantation
site, activated Th cells are unable to directly react with
allogeneic tissue. Hence, blocking the biochemical path-
ways that lead to the production of these molecules, such
as the CD40 or B7 pathways, would be another means to
prevent T-cells from interacting with the allogeneic tissue
(66–68). B-cells represent the first step in the adaptive
immune response and generate antibodies against foreign

tissues. Consequently, depletion of these cells using a spe-
cific monoclonal antibody, such as one directed against the
cell surface marker CD20, would reduce the adaptive im-
mune response (69,70). Another potential target is lym-
phocyte trafficking: Throughout the immune response,
APCs and T-cells need to travel to the site of the im-
planted tissue in order bring about acute rejection of im-
planted allogeneic tissues. Therefore, by targeting the
receptors that are responsible for this trafficking, such
as the sphingosine-1-phosphate receptor, LFA-1, and
CXCR3, the cells can be sequestered and their movements
inhibited (71–73).

Overall, in the short term, it is necessary to develop
better immunosuppressive agents in order to reduce the
side effects of some of the currently available drug thera-
pies and also as an alternative to those patients who can
become unresponsive to current agents. In the longer
term, the development of novel agents that work on spe-
cific areas of the immune response may help in the induc-
tion of tolerance so that maintenance immunosuppression
can ultimately be stopped altogether.
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1. DEFINITION

Alumina (Al2O3) is a ceramic oxide material that has been
used as a biomedical implant material since the early
1970s. In materials science and related fields, alumina
refers to chemical compounds containing mainly, but not
necessarily restricted to, aluminum and oxygen. Depend-
ing on the context, alumina can refer to one of many
compounds including amorphous hydrous and anhydrous
oxides, crystalline hydroxides and oxides, and aluminas
containing small amounts of alkali or alkali earth oxides
(1). Thermodynamically, the most stable form of alumina
is Al2O3 of hexagonal crystal structure. This crystallo-
graphic phase is called corundum (designated as a-Al2O3)
and is the usual type of alumina encountered in biomedi-
cal engineering applications, being used in either poly-
crystalline form (hereafter referred to as alumina) or
single crystal form (hereafter referred to as sapphire).

2. PREPARATION

The principal mineralogical source of alumina for ceramic
manufacturing purposes is bauxite (1). Bauxite is a natu-
rally occurring, heterogeneous mixture composed primar-
ily of one or more aluminum hydroxide minerals (usually
gibbsite, boehmite, and/or diaspore) plus impurities of
silica, iron oxide, titania, and aluminosilicates in minor
amounts. Alumina is refined from bauxite by the Bayer
process. This process involves crushing mined bauxite ore

to a fine powder and then digesting it in an aqueous
solution of caustic soda at B2501C and B3 atm to form
water-soluble aluminum hydroxide. The impurities re-
main insoluble and are removed from the solution usually
by settling or filtration, producing the by-product red
mud. The solution is then cooled to room temperature,
which results in the precipitation of aluminum hydroxide.
The aluminum hydroxide is collected, washed in water,
dried, and lastly calcined at B11001C to produce alumina
powder. Alumina powder produced by this method con-
tains typically (in weight percent) 499.0% Al2O3, 0.02–
0.12% SiO2, 0.03–0.06% Fe2O3, 0.01–0.05% CaO, and 0.01–
0.5% Na2O. The grain size of the powder ranges from
B0.02 mm to tens of millimeters depending on the Bayer
processing conditions. Alumina powders for ceramic man-
ufacturing applications have average particle sizes of
typically B0.1–0.5 mm and are refined by powder commi-
nution and size classification methods to control the
particle size, particle size distribution, and extent and
nature of particle agglomeration.

3. FABRICATION OF ALUMINA COMPONENTS

Polycrystalline alumina components are fabricated from
high-purity, submicron alumina powders using conven-
tional ceramic processing routes. A schematic summariz-
ing the main routes is given in Fig. 1. Alumina starting
powder having desired purity and particle characteristics
is first formed into its initial shape by one of several
forming techniques. Dry pressing involves the compaction
of powder at high pressure (B50–100MPa) in a high-
strength steel die by means of hydraulically driven plun-
gers (2). In cold isostatic pressing, powder is sealed in an
elastomeric mould and immersed in hydraulic fluid con-
tained in a pressure chamber; then the pressure of the
fluid is increased, typically up to 200MPa or more, to
compact isostatically the powder. In both dry pressing and

Figure 1. Summary of conventional routes used for
the fabrication of engineering ceramics.
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cold isostatic pressing, organic lubricants usually are used
to minimise bulk density variations that occur in the
powder compact due to interparticle friction (this occurs
in dry pressing and cold isostatic pressing) and particle-
die wall friction (this occurs in dry pressing only).

By the addition of a suitable amount of liquid (usually
water) and an appropriate organic plasticizer, the starting
powder can be made into a plastic mass that can be readily
shaped without breaking (2). The main plastic forming
technique for small-sized components of uniform cross-
section is ram extrusion. In this technique, plastic mate-
rial is deaired in a cylindrical chamber and then forced
though a die located at one end of the chamber by means of
a hydraulically driven ram piston. The plastic mass is
compacted as it passes through the die, with the cross-
sectional shape of the extruded material being determined
by the shape of the die. A wide variety of solid or hollow
cross sections can be made by this method. The formed
component is cut to the required shape and then dried in a
controlled manner to remove the liquid.

Injection moulding is an advanced plastic forming
technique used to make complex shapes that are difficult
to make by the other more conventional methods or that
are difficult to machine (2). Dry ceramic starting powder is
mixed with organic binders and special plasticizers/lubri-
cants. The mixture is softened by heating and then formed
into small pellets by extrusion through a multiple-orifice
die. After cooling, the pellets are loaded into the heated
chamber of an injection moulder such that the organic
materials soften and melt. The hot mixture is forced by a
hydraulic piston through a channel (called the sprue) and
into a cooled metal mould, where it is then allowed to
solidify. After removal from the mould, the formed compo-
nent is broken from the sprue piece and trimmed of any
flashing. The organic material is then removed from the
ware by controlled heating, often under reduced pressure,
prior to sintering.

Wet-forming techniques involve the dispersion of the
starting powder in a liquid (usually water). Through pH
control and the addition of small amounts of soluble
polyelectrolytes, the surface charge of the oxide can be
modified such that the resultant electrostatic repulsion
between particles is sufficient to separate and disperse the
individual particles in the liquid (2). This mechanism is
known as deflocculation. Optimal deflocculation greatly
retards and, in some cases, prevents sedimentation of the
particles and greatly reduces the amount of liquid needed
to make a suspension of suitable (low) viscosity. The main
wet-forming technique for small components is slip cast-
ing. This involves pouring the deflocculated suspension
(also known as a slip) into a microporous mould of plaster
of Paris or, more recently, polymer. The porosity of the
mould provides a capillary suction pressure of B0.1–
0.2MPa, which draws liquid from the suspension into
the mould, causing particles to be deposited at the mould
surface. This dewatering process results in the progres-
sive buildup of a layer of particles on the walls of the
mould and continues as long as slip remains in the mould.
The cast article assumes the outer configuration of the
mould. After casting, the formed component is allowed to
dry slowly in the mould to a point at which it is sufficiently

rigid for it to be removed from the mould without damage.
The component is then dried in a controlled manner to
remove the remaining liquid. Other, less common wet-
forming methods that utilize deflocculated suspensions
include pressure casting and tape casting.

Components formed by the above methods consist of
particles packed together in a close packed arrangement
(2). For approximately equiaxed particles having a narrow
particle size distribution, this close packing gives typically
B40–50 volume% of apparent porosity in the formed
component. The particles at this stage are held together
by weak van der Waals forces; mechanical interlocking
and friction between particles; and residual surface water,
organic molecules, and salt bridges concentrated at the
contact points. Organic binders are also incorporated
during forming to facilitate machining of the powder
compact when dry.

After forming, the resultant powder compact is heat-
treated at an elevated temperature to promote bonding
between the particles. This process is called sintering (3).
While forming provides the basic shape, sintering deter-
mines the characteristics of the final component, including
the dimensions, microstructure (sizes and distribution of
phases, including porosity), and properties, including bulk
density, stiffness, strength, hardness, wear resistance, and
corrosion resistance. In alumina, sintering of particles
involves diffusion of Al and O ions to the contact points
between particles and is driven thermodynamically by the
decrease in surface free energy achieved by the reduction
in free surface area as the particles bond. Like any
diffusion process, this requires an activation energy, and
sintering, in general, occurs at temperatures above B0.5–
0.7 of the melting point (in K) of the material; alumina has
a melting point of 20451C (2318K) and is sintered at
typically B1500–17001C (1773–1973K). In general, the
finer the initial particle size, the greater the driving force
for sintering and hence the lower the temperature re-
quired. Concurrent with interparticle bonding are
changes in the particle shape and thus the pore morphol-
ogy. In alumina and most ceramics in general, sintering is
accompanied by a reduction and, in some cases, a complete
elimination of initial pore volume. For the latter, this
means that a component containing 50 volume % of
porosity after forming will shrink by 50 volume % during
sintering. This equates to a linear shrinkage of approxi-
mately 17%. Linear shrinkages of 15–25% are typical for
high-purity, single-phase, engineering ceramics, and con-
trol of this shrinkage is critical in ensuring dimensional
accuracy of the final component.

The latter stage of sintering occurs at porosity levels
less than B5–10 volume% and is accompanied usually by
grain growth in which larger particles (now referred to as
grains) grow at the expense of smaller ones (3). This
process can also result in the pores that were initially
located between the grains becoming trapped within the
growing grains. The resultant intragranular porosity is
virtually impossible to remove by further heat treatment
and, as examined later, degrades the mechanical proper-
ties of the ceramic. Commercial alumina components
usually contain approximately 0.05 wt% MgO, which
promotes sintering and limits grain growth such that
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the porosity is able to be completely eliminated (4). Also,
components for critical load-bearing applications can be
either hot pressed (pressed in a die during sintering) or, as
in total hip replacements, hot isostatically pressed (i.e.,
sintered in a sealed chamber under a high gas pressure) to
completely remove porosity and to reduce grain growth.
The resultant ceramic has a microstructure that consists
of alumina grains of the order of B2–5 mm in size with
(ideally) zero residual porosity. In applications requiring
accurate dimensional tolerances and/or low roughness
surface finishes, diamond machining and polishing of
sintered components are done. However, the procedures
are expensive and time-consuming.

Although the microstructure and properties of the final
component are developed during sintering, they can be
critically affected by deficiencies in any of the stages of
fabrication. In particular, heterogeneities in the starting
powder (e.g., wide-ranging particle sizes or hard particle
agglomerates) and the formed powder compact (e.g., bulk
density variations) can result in nonuniform sintering and
grain growth behavior, which leads to final sintered
microstructures that have nonuniform grain size and
contain residual porosity. As examined below, such micro-
structural defects are undesirable because they compro-
mise the mechanical and other properties of the ceramic.

4. MATERIAL PROPERTIES

Typical material properties of high-purity and high-den-
sity alumina are summarized in Table 1 (1,5). Compared
with other materials, alumina has a high melting point,

very high compressive strength, very high hardness, high
stiffness, exceptional wear resistance, and very high cor-
rosion resistance. These properties derive directly from
the ceramic’s having very strong ionic bonding between
the aluminum and oxygen ions that make up the crystal-
line lattice structure. As examined later, the high degree
of structural and chemical stability of alumina gives the
ceramic excellent biocompatibility, which is classified as
being bioinert. This combination of properties has resulted
in the extensive use of alumina in load-bearing tribologi-
cal orthopedic applications. The specific requirements of
alumina for this purpose are standardized by the Inter-
national Standards Organization in ISO6474(6) and are
listed in Table 1. However, the relatively low tensile
strength, flexural strength, and fracture toughness of
alumina limit its structural applications to compressive
loading situations, such as, most notably, femoral and
acetabular components of total hip replacements as well
as dental implants.

The mechanical properties of alumina, and oxide cera-
mics in general, are diminished significantly by decreased
chemical purity, increased porosity, and increased grain
size. Control of the processing conditions during manu-
facture, therefore, is critical to the development of optimal
microstructures and, ultimately, to the resultant proper-
ties of the final component. The effects of chemical purity,
porosity, and grain size on relevant material properties
will now be examined.

Common impurities in alumina starting powders in-
clude Fe2O3, Na2O, CaO, MgO, and SiO2 (7). The limit of
solid solubility of SiO2 in Al2O3 is B0.03 wt% and SiO2

dissolved in the Al2O3 grains segregates strongly toward

Table 1. Room-Temperature Material Properties of High-Purity, High-Density Polycrystalline Alumina

Property General (1,5) ISO6474 (6)

Chemical Properties

Purity (weight %) 499.0% 499.5
Atomic Bonding ionic
Crystal Type hexagonal
Space Group D63d
a Lattice Parameter 0.4758nm
c Lattice Parameter 1.2991nm
Physical Properties

Melting Point (1C) 2045
Theoretical Density (g.cm� 3) 3.98
Bulk Density (g.cm� 3) 43.85 43.90
Porosity (%) o5 0
Average Grain Size (mm) B1–7 o4.5
Coefficient of Thermal Expansion (0–2001C) 6.5 � 10� 6

1C-1

Mechanical Properties
Young’s Modulus (GPa) 366 380
Poisson’s Ratio 0.26
Tensile Strength (MPa) 310
Compressive Strength (MPa) 3790
Flexural Strength (MPa) B450–550MPa 4400
Biaxial Flexural Strength (MPa) 250
Fracture Toughness (MPa.m0.5) 4–5
Microhardness (GPa) 22–23 23
Impact Strength (cm.MPa) 440
Wear Resistance (mm3/h) 0.01
Corrosion Resistance (mg/m2.d) o0.1
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the grain boundaries. During sintering, SiO2 present in
excess of this limit, but still in relatively small amounts of
the order of less than 1 wt%, reacts with other impurity
oxides, such as Na2O, CaO, and MgO, which also have low
solubilities in Al2O3 and segregate preferentially to the
grain boundaries. This segregation results in the forma-
tion of a thin (B10nm) layer of aluminosilicate glass that
wets the grain boundaries. The effect of this glassy phase
is to promote grain growth at the expense of densification
during sintering and to promote fatigue failure through
subcritical crack growth in service (8). Accordingly, these
impurities must be kept to a minimum (o0.1wt%) in
order to maintain the high density and small grain size
necessary for biomedical-grade alumina.

The presence of porosity in a sintered ceramic compo-
nent significantly diminishes the strength of the compo-
nent because the pores reduce the effective cross-sectional
area over which the applied load acts; the pores also serve
as stress concentrators that effectively amplify the load at
each pore (9). As the volume fraction (p) of porosity
increases, the strength of the component (sp) diminishes
according to the following empirical relationship:

sp¼ soe�Bp;

where so is the strength of the component in the absence of
porosity and B is a constant that depends on the morphol-
ogy and distribution of the pores. This relationship in-
dicates that, as the amount of porosity in a component
decreases, the strength exponentially increases. This
highlights one of the fundamental objectives in the man-
ufacture of structural ceramics, which is to fabricate
components that have the highest bulk density possible
and, preferably, that are fully dense (i.e., contain no
porosity).

The flexural strength of high-density alumina at room
temperature increases with the inverse square root of
grain size as indicated by the data shown in Fig. 2 (10).
For ceramics loaded in tension or bending, fracture
usually initiates at preexisting flaws in the structure.
Such flaws are usually surface cracks that are introduced
by grain boundary grooving during sintering, by grinding
and polishing operations during machining, or by acciden-
tal impact damage in service. Also, differential cooling of a
component from the sintering temperature inevitably
causes differential contraction, which can result in micro-
cracking, especially close to the surface. Such cracks
usually do not extend deeper than approximately one
grain diameter before they impinge upon another grain
and stop (11). Consequently, these flaws scale approxi-
mately with the grain size of the ceramic. During loading
of a ceramic, the applied stress is effectively amplified at
the crack and, as the load increases, the stress at the crack
tip increases. The stress generated at the crack tip is a
complex quantity and is a function of the type of loading,
sample configuration, and crack geometry. If the stress at
the crack tip exceeds the maximal strength of the atomic
bonding, then the crack will become unstable and will
propagate through the material. According to the Griffith
criterion for brittle fracture (12), the tensile strength (s) at

which a brittle material fractures decreases as the crack
size (s) increases:

s¼
KIc

Y
ffiffiffiffiffiffi

pa
p ;

where KIc is the fracture toughness of the material (a
material property) and Y is a dimensionless constant (B1)
that depends on the sample shape, the crack geometry,
and the size of the crack relative to the sample size. Since
the crack size is approximately equal to the grain size, the
strength also scales with the inverse square root of grain
size, thus accounting for the trend shown in Fig. 2.

When the strength of a set of nominally identical
ceramic components is measured, the scatter in the size
of the cracks produces considerable variation in the
strength values (13). In particular, the strength that can
be safely used in service (i.e., that below which will give an
acceptable probability that failure will not occur) is con-
siderably less than the average strength. Furthermore, as
the component size increases, the probability of its con-
taining a larger crack increases and so too does its
probability of failure. Weibull statistics are used to char-
acterize the distribution of strength data measured for a
material and enable the probability of failure of a compo-
nent to be calculated as a function of applied load and
component volume. The Weibull analysis also enables the
calculation of a safety factor, which is defined as the mean
strength divided by the maximal allowable design stress
that will ensure a specified probability of survival of a
given component. Furthermore, load-bearing alumina
components are now usually proof tested after fabrication
to ensure further that they will not fail in service. Proof
testing involves overloading the ceramic, in a similar

Figure 2. Diagram showing the room-temperature dependency
of flexural strength versus grain size for high-density, high-purity
polycrystalline alumina. The shaded region encompasses the
experimental data presented by Rice (10).

4 ALUMINA



configuration to how it would be loaded in service, at a
load equal usually to the maximum service load multiplied
by the safety factor. The component is considered safe to
use if it does not fail what is known as the proof test. The
proof load for alumina femoral heads used in total hip
replacements (see below) is of the order of 50 times the
average patient body weight, and the current fracture rate
of current components is 0.004% (14).

Related to the fracture behavior of alumina is high-
cycle fatigue, which is the failure of components due to
cyclic loading at stresses well below those usually neces-
sary to cause brittle fracture. The effect of cycling is to
open and close repeatedly the tip of a particular preexist-
ing crack such that the atomic bonds at the crack tip
break, causing the crack to grow a small amount, typically
the order of an atomic spacing, during each cycle. With
continued cycling, the crack progressively grows until it
reaches the critical size necessary for the stress intensity
at the crack tip (given by the Griffith equation) to exceed
(at the maximal load) the fracture toughness of the
material and thus cause brittle fracture. The number of
cycles to failure decreases as the maximal load, load
amplitude, and initial crack size each increase. In aqueous
environments such as the human body, crack growth in
alumina is exacerbated by the presence of glassy silicate
phases at the grain boundaries—water reacts with Si–O
bonds of any glassy phases at the crack tip effectively
reducing the energy needed for crack propagation. This
mechanism is known as stress corrosion and highlights
the important need for alumina starting powders used in
the manufacture of biomedical load-bearing alumina com-
ponents, such as those used in total hip prostheses, to be of
high purity. Alumina components meeting ISO6474 spe-
cifications contain sufficiently small amounts (o0.5 wt%)
of impurity oxides such that stress corrosion is not a
problem and, as a consequence, the design lifetimes for
cyclic fatigue of current components are very long.

The grain size of alumina also strongly influences the
wear behavior of the ceramic. As illustrated in Fig. 3a, the
application of a contact load on a ceramic surface gener-
ates stresses immediately below the contact point, which
result in elastic and plastic deformation of the contact
region (15). If the tensile strength of the material is

exceeded, microcracking occurs in the deformed region.
As examined above, microcracking can initiate from stress
concentrators, such as preexisting microcracks and grain
boundaries. In the case of wear, this situation is compli-
cated by frictional and tangential forces associated with
the contact load sliding on the surface. As illustrated in
Fig. 3b, the friction between the two surfaces introduces a
shear component to the loading such that the tensile
stress is decreased at the leading edge of the contact and
is increased at the trailing edge. Therefore, crack initia-
tion and propagation are enhanced at the trailing edge of
the sliding load. Although not examined here, the pattern
of cracking below the contact load is related to the grain
size, hardness, and fracture toughness of the ceramic and
manifests as one (or a combination) of the following
characteristic crack types: cone, radial, median, half-
penny, and lateral.

At the beginning of wear, the microfracture is trans-
granular (i.e., within grains) and typically is confined to
the small region immediately adjacent to the each crack
and to fine scratches caused by wear debris and asperities
on the counterface (16). This regime is known as mild
wear and is characterized by low wear rates that are
either approximately constant or increasing slowly. Wear
surfaces in this regime usually have an almost polished
appearance. As wear proceeds, the extent of subsurface
fracture increases such that the cracks progressively link
up, causing material to detach from the surface, with the
volume of detached material being significantly greater
than the apparent contact area. The surface thus becomes
rough and irregular and grain pullout, intergranular
fracture (i.e., between grains), and surface delamination
are usually apparent. This wear regime is known as severe
wear and is characterized by increased values of surface
roughness and coefficients of friction and significantly
greater wear rates.

The wear debris can be ejected from between the
sliding surfaces as they move past each other, or crushed
into finer particles, or can remain between the two sur-
faces. The latter results in an undesirable situation known
as third body wear in which the wear debris generate
high-stress contact points at the sliding surfaces that, in
turn, generate further, more rapid, wear. However, for

Figure 3. Diagram illustrating the contours
of constant tensile stress generated immedi-
ately below the surface of a material subjected
to (a) a stationary normal contact load and (b)
a sliding normal contact load (15). (The force
required for sliding is equal to normal load
times the coefficient of dynamic friction (mk)).
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alumina, (fine) wear debris can react with water vapor to
produce aluminum hydroxide, which then forms a tribo-
film on the surface. Tribofilms fill surface porosity and
roughness and lower the coefficient of friction (17). How-
ever, it is likely that this mechanism is not of great
significance to today’s alumina-on-alumina hip replace-
ments because the amount of wear debris produced is
exceedingly small. Also, articulation of the joint and
lubrication of the joint by synovial and other physiological
fluids effectively removes wear debris from between the
articulating surfaces before it can build up in sufficient
amounts to form appreciable tribofilms. These fluids also
play an important role in lubricating alumina–alumina
and alumina–ultrahigh molecular-weight polyethylene
(UHMWPE) total hip replacements: alumina is hydrophi-
lic and consequently water and biological macromolecules,
such as proteins, adsorb onto the surface to create a
lubricating film. Compared with dry conditions, this lu-
bricating film significantly diminishes the coefficient of
friction and wear rate of both alumina-alumina and
alumina-UHMWPE wear couples, often by as much as a
factor of five to ten.

Like the requirements for brittle fracture, the ability of
a ceramic to resist fracture during wear is favored by
small grain size, minimization of the extent and size of
structural flaws, such as microcracks and pores, and
elimination of internal tensile stresses (18). As shown in
Fig. 4, the time (or number of cycles) that it takes for the
wear mechanism to change from mild to severe decreases
with increasing grain size. In the case of alumina used for
biomedical tribological applications, the data further high-
light the need to have a small grain size in the ceramic in
order to avoid severe wear. A small grain size is also
important for when severe wear does begin because it
reduces the size of the individual particles that are
produced by intergranular cracking, thus reducing the
severity of any third body wear that subsequently occurs.

5. BIOCOMPATIBILITY

The biocompatibility of alumina was well established in
the late 1960s and early 1970’s by in vitro cellular studies
and in vivo animal studies. Alumina has been demon-
strated to be nonirritating, noncytotoxic, and noncarcino-
genic (19). In vitro, alumina surfaces support the normal
biochemical and biological functions of attachment, mi-
gration, and proliferation of numerous cell types such as
fibroblasts, osteoblasts, osteoclasts, and epithelial cells.
Also, particles and fibers of alumina are generally non-
cytotoxic and are well tolerated in soft tissues in vivo.
Recent studies have shown that, despite alumina’s being
bioinert, cellular activity on alumina of nanometer grain
sizes (o100nm) is enhanced compared with conventional
alumina (20). The reasons for this are unclear but may
relate to the finer scale of surface roughness arising from
decreased surface grain size and decreased diameter of
surface pores, which are closer to the size range of the
focal contacts involved in cell attachment (focal contacts
are the points of the cell cytoskeleton that attach to a
substrate via specific proteins adsorbed on the surface).
Alternatively, increased wettability associated with na-
noscale surface roughness may increase protein adsorp-
tion and hence enhance cell interaction with the surface.
Related to this could be an inherently greater reactivity of
the surface derived from a higher proportion of unsatu-
rated ionic bonds.

Alumina bioceramics are classified as being bioinert
because they elicit minimal response from living tissues,
both soft and osseous, in which they are implanted (19).
This bioinertness is a direct consequence of the very high
chemical and physical stability of the ceramic: alumina
undergoes very little chemical or physical change during
long-term exposure to the physiological environment. Un-
like bioactive ceramics (such as hydroxyapatite and spe-
cific compositions of bioactive glass) and resorbable
ceramics (such as tricalcium phosphate and specific com-
positions of bioactive glass), leaching of soluble species
from conventional biomedical alumina is not detectable by
spectroscopic microanalysis techniques and the surface
does not exhibit any degree of surface activity with respect
to contacting cells. Following hemostasis and acute in-
flammation immediately after surgery, the wound-healing
response involves the deposition of a disorganized fibrous
matrix of mesenchymal tissue, chiefly collagen, at the
wound site to form a soft tissue callus. This soft tissue
callus becomes progressively denser and, depending on
the type of tissue in which the alumina is implanted, is
converted to either organized soft tissue or trabecular and/
or lamellar bone. In either case, the long-term tissue
reaction to alumina is minimal and is characterized by
the material’s being encapsulated by a thin layer offibrous
tissue composed chiefly of collagen. Chronic inflammation,
as typified by the proliferation of macrophages, mono-
nuclear cells, lymphocytes, and giant cells, and the resul-
tant formation of granulation tissue at the implant site, is
usually minimal or nonexistent.

In the case of alumina implanted in bone, the space
between the implant and bone is progressively filled
during the healing process, usually by bone and/or fibrous

Figure 4. Diagram of wear scar diameter versus sliding time for
high-density, high-purity polycrystalline alumina. The transition
time at which wear mechanism changes from mild to severe
increases with decreasing grain size (data are from Cho et al.
(18)).
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tissue (19). The formation of fibrous tissue rather than
bone around an implant may be a specific response
determined by the properties of the implant or a result
of this and other factors including excessive tissue damage
during implantation (e.g., bone necrosis caused by exces-
sive heating of the bone during drilling or cutting); move-
ment of the implant during healing; and deprivation of
nutrients, including oxygen. In the case of good apposition
of osseous tissue adjacent to alumina, the thickness of the
interfacial fibrous tissue layer decreases from B100mm a
few weeks after surgery to an equilibrium value of B25–
50 mm after B6 months, the latter values tending to
increase with micromotion of the implant. Areas of direct
contact between bone and alumina may exist but, unlike
bioactive ceramics, a specific chemical bond does not form,
due to the inherent bioinertness of the ceramic. A typical
interface between alumina and osseous tissue is shown in
Fig. 5.

6. BONE INGROWTH INTO POROUS ALUMINA

Bone ingrowth into macroporous, roughened, or textured
surfaces is used as a means of fixing orthopedic and dental

prostheses into the skeletal system. Stabilization results
from ingrowth of osseous tissue into the surface of the
implant, thereby mechanically interlocking the implant in
the host bone (21). The ability of bone to grow into a
porous implant is dependent on the pore size and the
amount and size of interconnecting spaces between the
pores. Numerous histomorphometry and mechanical
pushout studies have demonstrated that bone ingrowth
is facilitated by pore diameters in the range of B100–
600 mm (21). Pores smaller than approximately 50 mm tend
to become filled with fibrovascular tissue rather than
bone, and bone ingrowth occurs only in pores larger
than approximately 50 to 100 mm. As the pore size in-
creases above B600mm diameter, osseous tissue is unable
to fill the pores completely and instead increasing
amounts of fibrovascular are usually present. Also, in
order for bone to infiltrate pores deeper in the implant,
the interconnecting pores must be larger than B50–
100 mm in diameter. As shown in Fig. 6, bone ingrowth
into deep alumina pores occurs by the progressive migra-
tion of a tissue front consisting of undifferentiated me-
senchymal cells, fibrovascular tissue, osteoid, woven bone,
and marrow (22). Behind this front, woven bone is remo-
deled to produce a thin layer of lamellar bone along the
pore wall and a central lumen of marrow.

An advantage of using porous surfaces to fix prostheses
in the skeletal system is that mechanical interlocking of
bone and the implant results in high interfacial strengths.
The larger interfacial area distributes the applied load
more evenly and minimizes localized stresses, which may
otherwise cause tissue necrosis. A disadvantage of using
porous surfaces is that it takes a period of time after
implantation for the bone to grow into the porous struc-
ture. During this time, the implant should not be loaded
and therefore the patient must be immobilized. Loading
and/or movement of the implant during this time may
seriously disrupt bone ingrowth, resulting instead in
fibrous tissue ingrowth and consequently poor fixation.
This can be overcome by the use of mechanical fixation
techniques, such as the use of screws and plates, to
complement the long-term fixation by bone ingrowth to
give immediate postoperative stability.

Figure 5. Section of high-density, high-purity polycrystalline
alumina (A) implanted for 12 weeks in a rabbit femur (stained
with Von Kossa and toluidine blue) showing lamellar bone (LB)
separated from the alumina (A) by fibrovascular tissue (indicated
by arrows). Scale bar is equal to 50mm.

Figure 6. Longitudinal section of a cylindrical pore
(600mm diameter) in high-purity polycrystalline
alumina implanted in the medullary canal of a rat
femur for 4 weeks (stained with methylene blue and
basic fuchsin) (22). Bone ingrowth into the tube
(from the pore entrance at the right) consists of an
advancing tissue front composed of loose fibrovas-
cular tissue (FV), osteoid (OD), and woven bone
(WB). Behind the advancing tissue front to the
pore entrance, tissues are progressively remodeled
into lamellar bone (LB) that lines the tube and
marrow (M) which fills the tube lumen.
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7. BIOMEDICAL APPLICATIONS

Alumina has been used as a biomedical implant material
since the early 1970s. Due to its unique combination of
excellent biocompatibility, high compressive strength and
stiffness, very high corrosion resistance, exceptional wear
resistance, relatively low tensile strength, and low frac-
ture toughness (the latter two being characteristic of
ceramics in general), alumina has been used extensively
in articulating, compressive-type, load-bearing, orthope-
dic applications (mainly total hip prostheses) and in
dental applications.

7.1. Orthopedic Applications

High-density polycrystalline alumina is used extensively
as one or both bearing surfaces in total hip prostheses.
Current designs typically consist of a high-density poly-
crystalline alumina femoral head fitted to a titanium or
cobalt-chromium alloy femoral stem. The stem is fixed in
the medullary canal of the femur by cementation using
polymethylmethacrylate or by a press-fit combined with
subsequent bone ingrowth into a porous coating or bone
attachment onto a bioactive coating. The latter two tech-
niques are known as cementless fixation and, in some
implant designs, are combined in the form of a porous
layer (usually sintered beads or woven mesh of the same
metal as the stem) for mechanical osseointegration with
the exposed pore surfaces, which are coated by a bioactive
material (usually hydroxyapatite) to promote osteocon-
duction into the pores and to give direct bone apposition
onto the pore surfaces. The alumina head articulates
against an acetabular cup made of either UHMWPE or
alumina. The acetabular cup of either material is fitted
into a titanium or cobalt-chromium alloy cup liner that is
fixed in the acetabulum by the same techniques as used
for the stem component as well as by bone screws
anchored into the acetabular bone. Some designs employ
a sandwich design for the acetabular component consist-
ing of a layer of polyethylene interposed between the
metallic liner and the ceramic cup; the polyethylene acts
to absorb impact loads, thereby minimizing their trans-
mission to the acetabular bone.

Provided that the alumina is of high density and has a
small grain size (i.e., it satisfies ISO6474 requirements
specified in Table 1), surfaces having very low surface
roughness can be fabricated. Compared with conventional
metal head/UHMWPE cup configurations, the low surface
roughness as well as the inherent hydrophilicity and
related lubricity of the alumina head result in signifi-
cantly less wear of the UHMWPE (23). UHMWPE wear
debris has been implicated in the long-term clinical failure
of both cementless and cemented prostheses. Failure
occurs by aseptic loosening, which occurs as a result of
bone resorption and osteolysis at the bone–prothesis inter-
face (24,25). While the pathogenesis of aseptic loosening is
not clearly understood, there is evidence to suggest that it
is triggered by phagocytosis of UHMWPE wear debris by
macrophages, which, in turn, release cytokines and other
cell mediators to recruit osteoclasts, thereby promoting
bone resorption.

Replacing the UHMWPE with high-density polycrys-
talline alumina further improves the tribological perfor-
mance of total hip prostheses. The coefficient of friction of
alumina against alumina decreases with time, and the
wear rate correspondingly diminishes toward that of a
natural joint (23). The linear wear rate of today’s alumina/
alumina total hip prostheses is of the order 0.001mm/year,
which is considerably less than that of UHMWPE/alumina
(0.1mm/year) and UHMWPE/metal (0.2–0.5mm/year)
(26). The very low rates of clinical wear of alumina are
due, in part, to the wear mechanisms being in the mild
regime such that wear involves effectively only relief
polishing. Examination by scanning electron microscopy
(SEM) of tissues retrieved from around noncemented
alumina-on-alumina total hip prostheses typically shows
the presence of alumina wear particles of 0.1–0.5 mm
diameter located either within phagocytic cells or in the
extracellular space (27). Reaction to this debris is usually
minimal, consisting of either no obvious pathology or
small areas of necrosis; unlike UHMWPE debris, there
is little in the way of giant cell reactions. This is attributed
to the relatively small amount of wear debris rather than
to a greater tolerance for the wear debris, although some
studies have suggested that alumina wear debris is in-
herently less biologically active than UHMWPE wear
debris (28). In cases of massive alumina wear, for example,
with poorly aligned prostheses, significant tissue necrosis
and associated osteolytic reaction can occur.

The first alumina/alumina total hip prostheses in the
early 1970s suffered high rates of clinical failure by
excessive wear and catastrophic fracture arising largely
from the inadequate properties of the ceramic, namely,
excessive residual porosity, large grain size, and wide
grain size distribution. However, better knowledge of the
underlying materials science, improvements in manufac-
turing technology, and more stringent quality control have
significantly improved the compositional, physical, and
mechanical properties of the ceramic. These developments
are reflected in the introduction of ISO6474 in 1979 and
its subsequent revisions in 1989 and 1994 (6). As indicated
by reviews of clinical data of alumina/alumina total hip
prostheses, the incidence of implant failure arising from
excessive wear or catastrophic fracture has significantly
diminished with the technological improvements in the
manufacturing, and hence performance, of alumina
(29,30). In particular, the current standard introduced in
1994 requires alumina for load-bearing implants to be
completely densified (i.e., must contain 0% porosity) and
to have a fine grain size of o4.5mm. The intention of this
demand is obvious: to improve the reliability of alumina
components by increasing the maximal strength, decreas-
ing the surface roughness, and decreasing the wear rate.
However, the only feasible way to achieve this demand is
to hot isostatically press the components, which requires
highly specialized and expensive facilities. Today, all
alumina components manufactured for total hip pros-
theses are hot isostatically pressed.

Alumina components satisfying the requirements of
the current ISO6474 standard (6) and implanted in correct
alignment usually show very low wear rates (0.001mm/
year), low clinical failure rates (B1%/year), and exceed-
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ingly low incidences of fracture (0.004%/year) (26). Inci-
dences of excessive wear and, in severe cases, chipping
and catastrophic fracture are attributable usually to
biomechanical problems, such as misalignment of the
prosthesis in the initial implantation, ball contact with
the unpolished rim of the acetabular component, or re-
peated linear impact contact. The latter two situations are
caused usually by microseparation of the head and cup
arising from problems such as excessively short neck of
the femoral stem (for example, as a result of revision
surgery), incorrect vertical placement of the acetabular
cup, or progressive vertical movement of the acetabular
cup due to pelvic bone osteolysis.

Other clinical orthopedic applications of polycrystalline
alumina that have been developed include components in
knee joint, shoulder joint, elbow joint, and ankle joint
prostheses. Like total hip prostheses, these all utilize
alumina as bearing surfaces for articulation. However,
due to size constraints, complexity of shape, and the
difficulty in avoiding tensile loading components, these
applications remain largely experimental and have not
been commercially developed to any major extent.

7.2. Dental Applications

Polycrystalline alumina and sapphire have been used as
endosteal dental implants to replace extracted teeth, both
mandibular and maxilliary, immediately or soon after
extraction. They consist of a form of plug that fills the
endosteal defect and provides an abutment for the later
fitting of a dental crown or a dental bridge. The desirable
combination of high compressive strength, excellent (bioi-
nert) biocompatibility, and outstanding wear resistance
makes alumina an attractive material for this application.
Although sapphire endosteal implants have been used
clinically since the early 1980s, they are susceptible to
fracture if excessive shear forces are imposed (31). As a
consequence, titanium alloy components tend to be fa-
vored at present.

Awide variety of endosteal alumina plug designs exists
including threaded screws, tapered cylinders, stepped
cylinders, dimpled cylinders, and circumferentially
grooved cylinders. All are designed to provide optimal
load transfer to the implant. Long-term osseointegration
with the bone in which they are implanted is promoted by
specific surface macrotopography, such as roughened or
porous surfaces, as well as the application of bioactive
coatings of hydroxyapatite, which facilitate attachment of
osseous tissue directly with the surface. Implanted endo-
steal implants are not mechanically loaded for a period of
3 to 6 months in order to allow osseointegration to occur
such that the implant is stable. During this time, the
implant remains sealed by the gingival tissues that were
closed at the time of implantation. After the period of
osseointegration, the gingival tissues are resected to ex-
pose the implant such that the abutment connection and
dental crown or bridge can be fitted.

Polycrystalline alumina and sapphire dental implants
elicit favorable hard-tissue and soft-tissue biocompatibil-
ity for implantation in the mouth. In addition to good
mechanical osseous integration in bone, which is neces-

sary for stable fixation, the gingival epithelium forms a
biological seal where the implant exits the gum, a case
that is similar to that of natural teeth. Some implant
designs utilize a circumferential groove around the im-
plant to promote this epithelial seal. In a properly sealed
implant, the microflora that exist below the gingiva are no
different from these observed for natural healthy teeth.
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The American College of Clinical Engineering (ACCE) was
established with a special focus on promoting the profes-
sion of clinical engineering in the United States and in the
international arena, http://www.ACCEnet.org. With
members across the globe, the ACCE is the only profes-
sional society for clinical engineers with international rec-
ognition. Clinical engineers are healthcare professionals
who work in hospitals, medical device industry, research
and development, academic institutions, consulting, reg-
ulatory agencies, and other medical technology-based in-
stitutions. Their main focus is to apply engineering and
management background to enhance patient care. With
this focus in mind, clinical engineers work very closely
with biomedical engineering technologists, physicians, cli-
nicians, information technologists, risk managers, sys-
tems engineers, construction engineers, procurement,
and other healthcare professionals. The ACCE’s multidis-
ciplinary activities engage the organization and its mem-
bers on local, state, national, and international levels.
These activities include conferences, educational work-
shops, teleconferences, partnerships, and cosponsorships
with professional organizations and societies as well as
diverse medical device industry initiatives that are all
further fostering the profession of clinical engineering.

1. ESTABLISHMENT

In 1990, the ACCE, the first organization focused exclu-
sively on clinical engineering was established in the State
of Washington. The first Board of Directors was formed
and charged with developing the mission and definition of
a clinical engineer. The ACCE’s mission is specific to its
dedication to the clinical engineering profession and is
well reflected throughout all of the organization’s activi-
ties. The Board of Directors and its founding members
approved a four-point mission that includes: To establish a
standard of competence and to promote excellence in clin-
ical engineering practice; To promote safe and effective ap-
plication of science and technology in patient care; To
define the body of knowledge on which the profession is
based; and To represent the professional interests of clin-
ical engineers (1). The definition of a clinical engineer was
formulated in 1991. Dyro (2) describes it as follows: ‘‘A
clinical engineer is a professional who supports and ad-
vances patient care by applying engineering and mana-
gerial skills to healthcare technology.’’

During the ACCE’s formative years, the organization
established the Code of Ethics and the Bylaws. The Code
of Ethics is a separate document from its mission and is
adhered to by each member of the college. The Bylaws
were created with the inception of the organization and

have been since revised. They provide guidance to the
ACCE Board of Directors and its members on how the
college is managed.

2. MEMBERSHIP

Each ACCE member plays a vital role in the betterment of
the healthcare system, leading to a safe and effective
healthcare environment. The ACCE has had a steady
growth to over 250 members in the United States and
abroad, including members in Canada, Argentina, Egypt,
Germany, China, South Africa, and other parts of the
world.

2.1. Categories

The ACCE has five membership categories based on the
existing Bylaws: Individual, Fellow, Emeritus, Associate,
and Candidate, each with different approval criteria. The
new member applications are reviewed by the ACCE
Membership Committee, and a formal recommendation
is submitted for review and approval by the ACCE Board
of Directors. International applicants are also reviewed by
the ACCE International Committee.

2.2. Benefits

The ACCE offers a wide variety of membership benefits
and opportunities for its members to enhance their clinical
engineering careers and shape the medical device indus-
try. Examples include access to a national and interna-
tional network of practicing clinical engineers, ACCE
newsletter, monthly teleconferences, diverse educational
opportunities, sponsorship of professional awards, part-
nerships with professional organizations, as well as other
opportunities within the healthcare environment.

2.3. Board

The ACCE is managed by the Board of Directors, which
consists of ten members: president, president-elect, vice
president, secretary, treasurer, immediate past president,
and four members at large. The ACCE Executive Board
consists of the president, president-elect, vice president,
secretary, treasurer, and immediate past president. The
Executive Board meetings provide an avenue to review
the current status of all ACCE activities and to set the
agenda for the full board meetings. Each board member
has his/her own unique tasks that are reported on during
the board meetings, held via teleconference calls. Most of
the communication between board members takes place
by electronic mail.

2.4. Committees

The ACCE Board of Directors works closely with several
ACCE committees on different clinical engineering activ-
ities. Based on the current ACCE Bylaws, the organiza-
tion has two types of committees: standing and general.
The ACCE has two standing committees: a membership
and a nomination committee. Members of these two com-
mittees need to be ACCE members in good standing at the
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membership level of Individual, Fellow, or Emeritus (3).
The general committees comprise ACCE members and
non-members. The chairs of these committees are ap-
pointed by the president, with the approval of the Board.
The ACCE has several general committees, including Ad-
vocacy, Body of Knowledge, Education, International, Pro-
fessional Practices, Strategic Development, and
Symposium Planning. Each committee has its unique mis-
sion and reports directly to the ACCE Board of Directors.

Assistance needed for special projects such as develop-
ment or review of white papers and responses to guidance
documents has led to the formation of task force groups.
The ACCE has three active task force groups: Health In-
surance Portability and Accountability Act (HIPAA), In-
tegrating the Healthcare Enterprise (IHE), and Medical
Errors. Some of the different committees and task force
groups will be highlighted throughout this article.

2.5. Secretariat

The continued growth of the organization and its expan-
sion in membership, activities, and partnerships is sup-
ported by the ACCE Secretariat, which was established in
2000. The Secretariat provides services on behalf of the
ACCE, the ACCE Healthcare Technology Foundation, and
the Clinical Engineering Certification Program. The work
of the Secretariat is instrumental in providing adminis-
trative and secretarial support in processing organiza-
tional membership applications, managing membership
databases, coordinating teleconference meeting schedules,
and processing organizational mailing for each organiza-
tion (4).

2.6. Annual Membership Meetings

The different professional conferences are a perfect ave-
nue for the clinical engineering community to get together
and discuss the latest events in healthcare. They serve as
an ideal location for ACCE activities. One such activity is
the ACCE annual membership meeting. This meeting is
filled with rich agendas focusing on the review of the
ACCE’s annual activities, Advocacy Awards, ACCE Board
elections, and outlook on the organization’s future, con-
cluding with an open and interactive discussion on any
issues and concerns related to the ACCE membership and
the clinical engineering profession. Other activities in-
clude special board meetings and committee meetings.
These meetings usually take place before the annual
membership meeting and serve as a preparatory time to
finalize the membership meeting agenda.

3. ADVOCACY ACTIVITIES

3.1. Advocacy Committee

The ACCE Advocacy Committee plays an important role
in promoting the clinical engineering profession to clinical
engineers and other healthcare professionals. One way
such promotion is occurring is with the tools and materials
developed by the committee members for the clinical en-
gineers to use in promoting the profession to high-school

and college students as well as to other healthcare and
non-healthcare professionals.

In addition, the ACCE has established an Advocacy
Awards Program. The advocacy awards recognize clinical
engineers for their excellence and advocacy efforts in the
profession. The Advocacy Awards Program includes the
Thomas O’Dea Advocacy Award, Professional Achieve-
ment in Technology/Professional Development Award,
Professional Achievement in Management/Managerial
Excellence Award, DEVTEQ Patient Safety Award, and
the Challenge Award.

In 2003, the ACCE introduced the Best Student Paper
Award. This award recognizes a work of clinical engineer-
ing that was either published in a professional journal or
presented at a professional conference by a student pur-
suing the field of clinical or biomedical engineering. The
award provides the student with an introduction to the
college and its benefits by awarding the student with a 1-
year ACCE membership.

The 2004 marked an important year for the ACCE Ad-
vocacy Awards Program when the ACCE Board of Direc-
tors established the ACCE Lifetime Achievement Award.
The recipient is a person who has greatly contributed to
the profession of clinical engineering and whose profes-
sional accomplishments are well recognized in the health-
care community.

4. PROFESSIONAL RELATIONSHIPS

4.1. Biomedical Equipment Technologists

Clinical engineers working in hospitals have a close rela-
tionship with biomedical equipment technologists
(BMETs). These persons are responsible for the direct
support, service, and repair of medical equipment in the
hospital (5). The close affiliation between these two pro-
fessionals has led to a relationship between the ACCE and
the Medical Equipment and Technology Association
(META).

4.2. Information Technologists

The design of modern medical technologies has become
more integrated, resulting in new professional relation-
ships. The ACCE has been working closely with the
Healthcare Information and Management Systems Soci-
ety (HIMSS) on collaborative efforts between clinical en-
gineers and information technologists (IT), focusing on the
management of healthcare technologies. The ACCE is a
regular cosponsor, presenter, and participant at the An-
nual HIMSS Conference and Exhibition.

4.3. Regulatory Agencies

The ACCE has several professional relationships with
regularity agencies, for example, the Food and Drug Ad-
ministration (FDA) and Joint Commission on Accredita-
tion of Healthcare Organizations (JCAHO). The ACCE
has designated an ACCE representative to the FDA Med-
ical Device Industry Coalition (FMDIC) group. The coali-
tion was formed to promote communication, education,
and cooperation between the regulators and the regulated
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industry (6). The ACCE has also reviewed and commented
on FDA, JCAHO, and other guidance documents. In 2004,
the ACCE Board of Directors approved the formation of a
subcommittee under the Advocacy Committee that will
focus on reviewing industry-based white papers, guidance
documents, and endorsements, representing the ACCE in
the medical device arena.

4.4. International Professional Organizations

The ACCE has established a new international collabora-
tion with the Italian Association of Clinical Engineers
(Associazione Italiana Ingegneri Clinici, AIIC). The ACCE
was invited by AIIC to present at the Heath Technology
Assessment International (HTAi) meeting in Rome, Italy,
in the summer of 2005 on Clinical Engineering’s Role in
HTA: US Perspective. The presentation evoked enthusi-
asm in clinical engineering and the interest in pursuing
an international clinical engineering certification program
(7). The ACCE continues its successful relationships with
the World Health Organization (WHO), Pan American
Health Organization (PAHO), and ORBIS on interna-
tional activities with special focus on the Advanced Clin-
ical Engineering Workshops (ACEW) and other initiatives
in medical technology management and patient safety.
The ACCE is also involved with the International Feder-
ation for Medical and Biological Engineering (IFMBE) and
its Clinical Engineering Division.

4.5. Other Professional Organizations

The ACCE has successful affiliations with other profes-
sional organizations and has been involved in cosponsor-
ships at many of the professional organizations’ annual
conferences and meetings. The ACCE has established a
professional relationship with the Association for the Ad-
vancement of Medical Instrumentation (AAMI) and works
closely with the AAMI in organizing an annual educa-
tional symposium held at the AAMI Annual Conference
and Expo.

In 2001, a collaboration of ACCE members, the ACCE
Board of Directors, and AAMI developed an award,
through the AAMI Foundation, to recognize the longtime
ACCE leader, Robert L. Morris. The first recipient was
Robert L. Morris who was granted the award posthu-
mously in 2001. Five recipients including Dr. Morris
have now been recognized with this special award, which
is presented each year at the AAMI Annual Conference
and Expo. Some recipients have worked closely with Dr.
Morris, and all have worked to improve health conditions
through the application of health technology (8).

Other professional relationships include the American
Institute for Medical and Biological Engineering (AIM-
BE), the American Society for Healthcare Engineering
(ASHE), ECRI (formerly the Emergency Care Research
Institute), and the Institute of Electrical and Electronics
Engineers–Engineering in Medicine and Biology Society
(IEEE-EMBS).

5. PROFESSIONAL INITIATIVES

5.1. ACCE Visibility in Healthcare

The ACCE’s professional partnerships, medical device in-
dustry, and healthcare-based initiatives have increased
the ACCE’s visibility and public awareness of clinical en-
gineering. The organization has been closely involved in
medical device security and IHE endeavors. Both initia-
tives have had a positive impact on the organization and
its members and will lead to streamlining medical tech-
nologies in the healthcare environment, increasing pa-
tient and caregiver safety.

5.2. Medical Device Security Initiatives

The new era of interconnected and computer-based med-
ical devices makes these devices vulnerable to security
breaches (9). Healthcare providers and recently clinical
engineers are racing against time to ensure the integrity,
availability, and confidentiality of information maintained
and transmitted by these technologies are not compro-
mised as stated by Grimes (10). ACCE members are in-
volved in several medical device security initiatives and
hold positions in workgroups involved in addressing is-
sues related to healthcare securities. In 2005, the ACCE
presented a symposium on Information Security for Med-
ical Technology at the AAMI Annual Conference and
Expo. The ACCE was also involved in the release of the
Information Security for Biomedical Technology: A HIPAA
Compliance Guide, which will be discussed later in this
article.

5.3. IHE Initiatives

With the ever increasing complexity and interoperability
of medical technologies, the need for seamless flow of data
is essential for all healthcare providers. Keeping interop-
erability in mind, a joint effort of the Radiological Society
of North America (RSNA) and the HIMSS started the IHE
initiative in 1999. The IHE focuses on a strong relation-
ship between healthcare professionals and medical device
industry in improving the exchange of healthcare infor-
mation (11).

In 2005, the ACCE was appointed as the sponsor of the
IHE Domain for Patient Care Devices (PCD). The PCD
initiative focuses on implementing standards for effective
and efficient communication of patient information
throughout the healthcare systems. The PCD undertak-
ing provides the necessary building blocks for the devel-
opment of Electronic Health Records (EHRs), integrating
medical device data (12). In the fall of 2005, the ACCE
hosted the formation meeting for the PCD. This brought
medical device experts, clinicians, information technology
leaders, and clinical engineers to participate in the shap-
ing of the medical device industry. Participants discussed
the current state of the medical device industry as related
to its integration and infrastructure to help define prior-
ities for subsequent implementation (13).

The ACCE is looking forward to pursuing these efforts
and targeting standardization of information flow from
medical devices to EHRs. This initiative aims at improv-
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ing patient safety; assisting clinicians, physicians, and
administrators in providing better care; eliminating med-
ical errors; and leading to medical technology interopera-
bility.

6. EDUCATION ACTIVITIES

The ACCE places a special focus on promoting and en-
hancing the profession of clinical engineering by providing
its members with many educational activities. Education
is one of the core objectives within the college, meeting the
interests and needs of the members and the profession.
Many tasks are in collaboration with other professional
organizations.

6.1. Teleconference Program

The ACCE provides a comprehensive educational telecon-
ference program on topics that are most pertinent to clin-
ical engineers and healthcare professionals. The program
consists of ten teleconferences that are administered once
a month for the duration of 1 hour, including a 10–15-
minute question-and-answer session.

6.2. Symposia

For the past 8 years, the ACCE has organized a sympo-
sium on topics relevant to the clinical engineering com-
munity. The symposium is held in conjunction with the
AAMI Annual Conference and Expo. The first symposium
was entitled The Future of Clinical Engineering. The sym-
posium focused on the future of the clinical engineering
profession and the resources needed to support its ongoing
evolution.

Over the years, the ACCE was instrumental in design-
ing symposiums on topics such as Clinical Engineering
and Information Systems (IS), Medical Telemetry, HIPAA,
and most recently Information Security for Medical Tech-
nology.

6.3. Advanced Clinical Engineering Workshops (ACEWs)

The ACCE engages in national and international educa-
tion focused on healthcare technologies. The organiza-
tion’s international and education committees, in
collaboration with sponsoring international organizations
such as PAHO, WHO, International Aid (IA), and ORBIS,
have been involved in teaching educational workshops for
over 10 years. The purpose of such workshops is to provide
clinical engineers and healthcare professionals in other
countries with an introduction to the U.S. clinical engi-
neering management systems and their working methods.
The workshops are ideal for exchanging information and
ideas essential to clinical engineering in the country
where the workshops are held. The previous workshops
have taken place in countries across the globe, including
Brazil, Columbia, Mexico, South Africa, Russia, and more
(14).

6.4. Infratech

The infratech listserv was created in 1999 by the WHO
and PAHO in the form of an Internet-based discussion
group, to exchange information on healthcare infrastruc-
ture and technology. The ACCE is the coordinator of this
very successful venture. Infratech holds membership from
countries across the world. Daily discussion focuses on
technical and management-related issues ranging from
parts, manuals, repairs to other more complex technology
management-related questions, and comments from its
members.

7. ACCE HEALTHCARE TECHNOLOGY FOUNDATION

At the end of 2002, the ACCE Healthcare Technology
Foundation (AHTF) was inaugurated and registered in
the State of Pennsylvania. It is the wisdom of ACCE senior
members and their years of professional experience that
contributed to the successful establishment of the Foun-
dation. The purpose of the Foundation is as follows: The
Improving Healthcare Delivery by Promoting the Develop-
ment and Application of Safe and Effective Healthcare
Technologies Through the Global Advancement of Clinical
Engineering Research, Education, Practice and Other Re-
lated Activities (15).

The Foundation now plays an important role in en-
hancing ACCE’s mission and contributes to building the
legacy on which the clinical engineering field of practice is
evolving. The AHTF fundraising activities support many
successful programs. The programs focus on furthering
the profession of clinical engineering and include certifi-
cation for clinical engineers, public awareness, clinical
alarms management and integration, clinical engineering
excellence institute, benchmarking on management of
medical devices, and patient safety (15).

8. CLINICAL ENGINEERING CERTIFICATION PROGRAM

The ACCE has been actively involved in the development
of the Clinical Engineering Certification Program that is
now offered under the administration of the Healthcare
Technology Certification Commission and the U.S. Board
of Examiners for Clinical Engineering Certification. The
program is currently sponsored by the ACCE Healthcare
Technology Foundation. The first certification examina-
tion under this administration was given in November
2003. The ACCE fully endorses the clinical engineering
certification program, which is an indication of a practic-
ing clinical engineer’s current professional competence.
The certification program provides a tremendous sense of
personal attainment and is well respected within the
healthcare environment.

The body of knowledge for the clinical engineering pro-
fession was adopted and defined by the ACCE on the basis
of the performance domain on which the certification ex-
aminations are structured. Dyro (2) adds that the ACCE
has been charged with periodically updating the body of
knowledge for the Board of Examiners. The ACCE is up-
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dating the existing body of knowledge, which will be re-
flected in future certification examinations.

9. PUBLICITY AND PUBLICATIONS

The ACCE and its members have been involved in many
professional publications on clinical engineering and
healthcare technology with some of this work highlighted
in this article. The ACCE has issued five informative bro-
chures to help the public learn more about the organiza-
tion and its activities as follows: The American College of
Clinical Engineering, What’s a Clinical Engineer, Provid-
ing Clinical Engineering Support to Countries Around the
World, A Guide to Clinical Engineering Certification, and
the Clinical Engineering and Information Technology.
These documents serve as educational and promotional
tools to sustain the ACCE and the clinical engineering
profession.

In 2001, the ACCE published an important white paper
focused on patient safety entitled Enhancing Patient
Safety—The Role of Clinical Engineering. The paper de-
scribes the unique role clinical engineering plays in en-
hancing patient safety, with a special focus on medical
technology as it is applied in the healthcare delivery sys-
tem (16). The ACCE continues to play an active role in
different patient safety initiatives and plans to update the
existing white paper with new developments within the
clinical engineering profession.

The ACCE’s involvement in international activities led
to the publication on Guidelines for Medical Device Dona-
tions, which helps to facilitate donations of medical equip-
ment to third-world countries. The document is also
referenced in lectures provided by the ACEW faculty.

The ACCE in collaboration with one of its members and
the ECRI, an independent, nonprofit health services re-
search agency, created a CD-ROM, Information Security
for Biomedical Technology: AHIPAA Compliance Guide. It
serves as a tool to healthcare organizations to identify and
address security issues. The guide comprises applications
and resources on the overview of the HIPAA Security Rule
and other safety measures healthcare institutions need to
undertake to sustain a secure patient care environment
(17).

9.1. ACCE News

In addition to the professional publications, the ACCE has
an official newsletter, ACCE News, which is published bi-
monthly. The newsletter contains articles on important
developments within the ACCE, success stories in clinical
engineering, regular columns, and other practical infor-
mation. The newsletter’s content is valuable to all health-
care technology professionals, consultants, researchers,
and profession’s advocates.

9.2. ACCE Website

In the summer of 2005, the ACCE launched a new and
improved ACCE website, http://www.ACCEnet.org. The
website presents a highly professional image providing
ACCE present and future members with a comprehensive

and easy-to-navigate webpage. The website content
ranges from ACCE Bylaws, ACCE Mall, Publications,
and References, to a restricted area for ACCE Members
Only.

9.3. ACCE Membership Survey

In its constant strive for improvement, the ACCE has in-
troduced an online membership survey that allows for a
quick and user-friendly submittal of comments and sug-
gestions from ACCE members. A summary of the survey is
published every year in the ACCE News. ACCE Board and
Committee chairs are assigned the task of reviewing the
feedback and taking appropriate action as suggested by
the ACCE members to sustain continued enhancements to
the organization, its members, and its diverse activities.

9.4. Conferences

The ACCE thrives on its resourceful membership and
partnerships with other professional organizations. The
organization’s members are also members of other profes-
sional societies and organizations, and such relationships
facilitate closer collaborations on healthcare-related is-
sues. The organization has designated members to act as
liaisons between the ACCE and other professional orga-
nizations. The ACCE has participated in numerous society
meetings as a presenter, moderator, organizer, sponsor,
and exhibitor.
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1. INTRODUCTION

The Age of Biotechnology has been upon us for two to
three decades (1). The health-care cost, at an increasing
trend, has risen to 13% of our total national gross product.
Invasive diagnostic methods have been replaced with
unprecedented advancements in noninvasive medical
imaging. Many medical devices are coming out of the
market to significantly improve the quality of life of
patients. Detailed mapping of the human genome was
completed in 2002, 5 years ahead of the projected date.

Our federal government has made tremendous invest-
ments in biomedical research. The budget of the National
Institutes of Health (NIH) was doubled over a 5-year
period from 1998 to 2003 and reached a level of $28 billion
in 2004. Many laws enacted by the Congress have im-
pacted the nation’s economy and health-care delivery. To
compete more effectively in a health-care environment
that is moving toward managed care and cost contain-
ment, many medical device companies grew in the 1990s
through acquisition and expansion. As an example, grow-
ing from a company with sales of steerable catheters,
Boston Scientific set out to become the largest corporation
in the world devoted to minimally invasive medicine. The
ambitious Medtronic sets the goal of manufacturing pace-
makers at the rate of one implant every 7 seconds.
Promoting the increase in knowledge in medical and
biological engineering and its utilization lead to the for-
mation of new professions in engineering, medicine, and
biology and the establishment of new professional socie-
ties. As these inevitable developments proceed, we must
ask ourselves how best we can carry out the advancements
as a nation for the benefit of mankind. The public needs to
be better informed, because these developments have
already impacted the life of people and the economy of
the nation.

2. FORMATION OF AIMBE

In a 1988 meeting at the National Science Foundation
(NSF), Dr. John White, the Assistant Director for Engi-
neering, stated that the bioengineering community would
never have any influence in Washington, D.C. unless it
could unify. This comment led to a proposal to the NSF,
jointly submitted by the Alliance for Engineering in
Medicine and Biology (AEMB) and the U.S. National
Committee on Biomechanics (USNCB), in which funding
was sought to support a process that would lead to a
unification of the community.

This proposal to the NSF was funded, and a joint
AEMB/USNCB task force was established in 1989. Co-
chaired by Arthur Johnson from AEMB and Robert Nerem
from USNCB, this task force conducted a series of meet-
ings and workshops in Washington, D.C. over the next 2
years, with the first workshop being held in August 1989
at Crystal City, Virginia. Out of this process came a
recommendation to establish the American Institute for
Medical and Biological Engineering (AIMBE), and in
October 1991, the AIMBE became an official organization
with 501c3 status (2).

3. MISSIONS AND ORGANIZATION OF AIMBE

To unify the medical and biological engineering commu-
nity to address public policy issues, the AIMBE has the
following missions:

* To establish a clear and comprehensive identity for
the field of medical and biological engineering

* To promote public awareness of medical and biologi-
cal engineering

* To establish liaisons with government agencies and
other professional groups

* To improve intersociety relations and cooperation
within the field of medical and biological engineering

* To serve and promote the national interest in science,
engineering, and education

* To recognize individual and group achievements and
contributions to the field of medical and biological
engineering

The AIMBE was structured to be inclusive for the
fulfilling of its missions, without competing with the
professional societies involved in bioengineering activities
and holding scientific and technical conferences. The
structure established included the following four consti-
tuents. First, individual membership was to be available
for those elected as a Fellow of AIMBE. These AIMBE
Fellows were to be represented through the College of
Fellows. Second, was the membership of societies being
represented through the Council of Societies (COS). Third,
was the membership of universities active in bioengineer-
ing, and these were organized into the Academic Council.
Finally, it was desired to involve industry, and the In-
dustry Council was formed.

The Executive Officers overseeing AIMBE consist of the
President, President-Elect, Treasurer-Secretary, and
Past-President. These Officers, Executive Director, Second
Past-President, four Vice Presidents At-Large, Chair of
College of Fellows, Council of Societies, Academic Council
and Industry Council, and Chair of three standing com-
mittees make up the Board of Directors to govern all
activities of AIMBE and to oversee the work of the College
of Fellows and the three Councils.
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4. ANNUAL MEETING OF AIMBE

To provide a forum on AIMBE’s activities and to showcase
the development of medical and biological engineering is
the Annual Meeting, which was first held in February
1992 in Washington, D.C. This meeting is continuing on
an annual basis with a 1-day scientific symposium, spon-
sored by the College of Fellows, a ceremony to induct the
newly elected Fellows, and a 1-day series of business
meetings focused on public policy and other issues of
interest to AIMBE’s constituents. The first two are held
at the National Academy of Sciences.

To exemplify the topics covered by the scientific sym-
posium, this author chooses the one organized by Janie
Fouke (3) for the 2003 Annual Meeting and entitled
‘‘Bioengineering Education in 21st Century.’’ Here is the
way she described the three sessions of the symposium:

The first session was devoted to contemporary topics of emer-
ging importance: nanotechnology and molecular imaging.
What are the enabling platform technologies and what ad-
vances are on the horizon? As educators and practitioners, we
need to learn these so that we can maintain the most modern
curriculum. The second session asked industry to keep us on
track. Certainly the research and education that is the foun-
dation to an engineering education has to be responsive to the
market place. Finally, a session was devoted to pedagogy and
the setting for learning. From the integration of research and
education and the voice that professional educators raise to
advise the engineers, to public scientific literacy in a less
formal and more assessable medium such as a museum, the
opportunities as we continue to define our discipline are
substantial, as are the challenges.

The scientific symposium for 2004 addressed, marve-
lously, this topic ‘‘Imaging and Bioengineering, Partners
for the Future.’’ The Program Chair Frank Yin indicated
that, ‘‘One focus of the symposium will be on new frontiers
of imaging and bioengineering. The role of both disciplines
and the interactive and symbiotic relations will be high-
lighted. Another focus will be on best practices for trans-
lating discoveries from the laboratory to industry and the
clinic’’ (4). NIH Director Elias Zerhouni was the keynote
speaker. He talked about the NIH Roadmap for Medical
Research, the importance of multidisciplinary science and
technology teams to solve problems in biology and medi-
cine, and the need to effectively translate research to
patient applications. He challenged medical and biological
engineers to take a leadership role in the development of
emerging technologies and the establishment of multi-
disciplinary collaborations for the advancement of health
care (5).

For the business meetings, there were workshops on
‘‘Global Issues in Medical Engineering,’’ ‘‘Translational
Research: Speeding the Journey From Research to Com-
mercialization,’’ ‘‘Effective Partnering for Integrative Bio-
medical Engineering Projects,’’ and ‘‘Developing a
Consensus in Public Policy Issues Facing Medical and
Biological Engineering Societies.’’ The Council and College
business meetings provided the opportunity for the parti-
cipants to deliberate public policy strategies.

5. PRESIDENCIES OF AIMBE

The first president of AIMBE was Robert M. Nerem who
served from October 1991 until the Annual Meeting in
1994. During his tenure, a proposal was submitted to The
Whitaker Foundation for funds to allow for the establish-
ment of a Washington, D.C. office and the hiring of an
Executive Director. With the award from The Whitaker
Foundation, a search was initiated, and in 1994 Pierre
Galletti, AIMBE’s second president, appointed Kevin
O’Connor as AIMBE’s Executive Director. The current
Executive Director is Patricia Ford-Roegner.

Since Robert Nerem and Pierre Galletti, the following
persons have served as president:

Jerome S. Schultz, University of Pittsburgh, 1995–1996

Winfred M. Phillips, University of Florida, 1996–1997

Larry V. McIntire, Rice University (now at Georgia
Tech), 1997–1998

William R. Hendee, Medical College of Wisconsin,
1998–1999

John H. Linehan, Marquette University/the Whitaker
Foundation, 1999–2000

Shu Chien, University of California, San Diego, 2000–
2001

Peer M. Portner, Stanford University, 2001–2002

Buddy D. Ratner, University of Washington, 2002–2003

Arthur J. Coury, Genzyme Corporation, 2003–2004

Don P. Giddens, Georgia Tech, 2004–2005

Thomas R. Harris, Vanderbilt University, 2005–2006

Herbert F. Voigt, Boston University, 2006–2007

These people, as well as many others, have provided
leadership to AIMBE, all of whom represent literally a
‘‘who’s who’’ of bioengineering.

The activities being pursued by the President and
Board of Directors of AIMBE are carried out with con-
sensus relevant to the College, Councils, and their mem-
berships. To highlight the actions taking by AIMBE in
2003–2004, President Art Coury sent letters to all U.S.
Senators endorsing a bill to limit liability of medical
practitioners to reasonable levels. This bill had already
been passed in the House of Representatives. With a
similar mandate, he wrote on behalf of AIMBE to the
House and Senate Appropriations Committees petitioning
for a National Institute of Biomedical Imaging and Bioen-
gineering (NIBIB) funding of $350 million for the fiscal
year 2004. Members of the AIMBE Board also met with
the Directors of NIH and its National Institute of Biome-
dical Imaging and Bioengineering (NIBIB) to discuss
policy and funding strategies (6).

Operationally for the same year, Coury appointed an ad
hoc Communications Committee, which addressed short-
comings such as the content of the Annual Meeting and
website and information disseminated to new Fellows. A
Vice-President level committee was appointed in conjunc-
tion with COS Chair to help organize and coordinate
several consensus conferences. During the tenure of
Coury as the President, the Industry Council had new
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corporations signing on as members, COS and the Indus-
try Council proposed several initiatives in public policy
and education that would benefit from the new support,
and the Academic Council provided ongoing service by
ranking institutions in medical and biological engineer-
ing, addressing standardization of terminology in the
field, and considering timely topics such as the effects of
the War on Terrorism on international students.

6. COLLEGE OF FELLOWS

The College is established to represent the collective
consideration by AIMBE Fellows on all aspects of the field
of medical and biological engineering. Fellows are elected
for their distinguished contributions in research, indus-
trial practices, and/or education in medical and biological
engineering. The Chair of the College leads the committee
that plans the scientific symposium at the Annual Meet-
ing.

A total of 202 medical and biological engineers were
inducted in 1992 and 1993 as the Founding Fellows of
AIMBE. By 2005, the College grew to over 1000 Fellows,
which is about 2B3% of the total number of individuals
active in medical and biological engineering. The talent
and reputation of these Fellows make them an extraor-
dinary resource for AIMBE. Foreign Fellows make up a
small fraction of the total membership of the College. In
2004, Honorary Fellows were established by AIMBE. The
first group includes Dr. Earl E. Bakken, founder of
Medtronic and humanitarian; Dr. Arnold Beckman, foun-
der of Beckman Instruments and philanthropist; and
Senator David Durenberger, congressional leader in
health-care legislation and leading strategist dealing
with issues important to health care. In 2005, Dr. Norman
E. Borlaug, architect of the ‘‘Green Revolution,’’ which
enhances food production to eliminate hunger in the
developing world, and Nobel Prize winner, was inducted
as an Honorary Fellow.

7. COUNCIL OF SOCIETIES

AIMBE established its COS to serve the interests of
Society Members in AIMBE. These interests include:

* Providing a collaborative forum for the establishment
of Society Member positions on issues affecting the
field of medical and biological engineering

* Fostering intersociety dialogue, harmony, and coop-
eration to provide a cohesive public representation
for medical and biological engineering

* Effecting a means for coordinating activities of Mem-
ber Societies with academia, government agencies
and research laboratories, the health-care sector,
industry, the public and private biomedical commu-
nities, and the AIMBE

Societies are eligible for membership in AIMBE if they
have substantial and continuing professional interest in
the field of medical and biological engineering and in the
missions of AIMBE.

COS now represents 19 professional societies with a
combined membership of more than 50,000 scientists and
engineers in the field of medical and biological engineer-
ing. Representatives from the Member Societies run the
affairs of COS.

COS surveyed the members of Member Societies in
2002 to identify the national agenda that AIMBE and COS
should consider. From the resulting responses of more
than 400, COS identified three focus areas for AIMBE
actions:

* The development of a national consensus from en-
gineering, scientific, and medical societies to address
fundamental policy issues of government in health-
care management and technology

* The creation of a more-enlightened public on the
importance of medical and biological engineering

* The enhancement of biomedical research to better
treat patients

COS has formed a National Affairs Working Group to
develop an implementation plan for consideration by the
AIMBE Board. In the meantime, COS is working to open
up a National Consensus Conference with participation
from all Member Societies, their individual members, and
other constituents of AIMBE. Recently, Jason Rivkin
joined AIMBE as the Communication Director who will
work closely with the Member Societies to develop public
consensus on a variety of issues facing the disciplines of
medical and biological engineering.

As a Member Society, the Biomedical Engineering
Society (BMES) has collaborated with the AIMBE in
several areas. Many BMES members serve on the Board
of AIMBE and participate in AIMBE affairs. Recognizing
the importance of the AIMBE Annual Meeting, the BMES
leadership decided to hold the spring meeting of the
BMES Board of Directors in conjunction with the AIMBE
Annual Meeting. AIMBE has enabled BMES to bring
public affairs matters of importance to the BMESmember-
ship in a timely fashion. As biomedical engineering and
bioengineering continue to expand as career options for
our brightest university students, BMES is working clo-
sely with AIMBE to educate the public and industry about
the singularly important role bioengineers can play in
health care.

8. ACADEMIC COUNCIL

The Academic Council is established to address issues of
particular concern to academic programs in medical and
biological engineering. The Academic Council shall pro-
vide a forum for positions taken by academic programs
and deliberate on issues such as definitions, standards,
and accreditation of academic programs. Academic insti-
tutions are eligible for membership in AIMBE if they have
substantial and continuing professional interest in the
field of medical and biological engineering.

The Academic Council is composed of the representa-
tives of some 85 education programs, biomedical engineer-
ing tends to be the numerically dominant discipline, but
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biological engineering and several others participate. The
Academic Council meets twice yearly. Agenda items have
concentrated on the following:

* Accreditation issues including help for new programs
seeking accreditation

* Curricula
* Programming for educational topics at national meet-
ings

* The relationships of educational programs to NIBIB
* Job placement for bioengineers

The Academic Council offers a place to review these topics
and plan for discussions and representations dealing with
them. The Academic Council is an excellent example of
how the AIMBE acts as a ‘‘congress’’ of units and groups
and seeks to focus opinion and effort on topics of over-
riding mutual interest. The Academic Council has served
as the catalyst for building an agenda for enhancing the
collaboration among the council members. One example
illustrating this catalytic role is the Forum on ‘‘Effective
Partnering for Integrative Biomedical Engineering Pro-
jects’’ organized by Eugene Eckstein for the 2004 AIMBE
Annual Meeting.

9. INDUSTRY COUNCIL

The founding fathers envisioned the AIMBE as an orga-
nization, that would play a pivotal role in fostering the
understanding and adoption of new biomedical technology
for the advancement of health care around the world. It
was realized that this could not be accomplished without
the full support of the industry community. The path to
innovation begins often in the research laboratories but
leads ultimately to the commercialization of technology.
Without a shared dialogue involving industry, academia,
and government, this vision could not be realized. Indus-
trial organizations are eligible for membership in AIMBE
if they have substantial and continuing professional inter-
est in the field of medical and biological engineering.

The Industry Council was established within AIMBE to
bring the voice of industry into the deliberations of
AIMBE’s Board of Directors as well as the greater mem-
bership of the organization and to engage in dialogue,
which ultimately supports and accelerates innovation.
AIMBE assists industry in many ways. By electing mem-
bers of the College of Fellows who are from industry and
incorporating them into the membership, leadership,
working groups, and events, the AIMBE assures that
the diversity of opinions is captured in the dialogue and
positions of AIMBE. The AIMBE often plays a role in
providing the leadership and impartiality in communicat-
ing issues of public policy such that the voice of industry
emanates from a sound scientific foundation.

The AIMBE continues to reach out to industry and is
strengthening efforts to involve industry in the sponsor-
ship of AIMBE events and in joining with other AIMBE
Councils to create a unified voice. As an example, four of
the Directors of the 2004 AIMBE Board are from industry.
In the 2004 Annual Meeting, a forum was organized by

Vincent De Caprio for the AIMBE to engage dialogue and
action along the topic of accelerating the translation of
research into products and services that will improve
health and wellness. It is hoped that the work sponsored
by the Industry Council and the AIMBE will lead to
streamlined approval processes by the government and
greater and more efficient utilization of capital and pro-
ducts of the highest performance and safety.

10. PAST, PRESENT, AND FUTURE OF AIMBE

The AIMBE’s achievements in fostering medical and
biological engineering include:

* Starting under the leadership of Pierre Galleti, the
AIMBE joined with other organizations in advocating
what became the Biomaterials Availability Act,
signed into law in 1998.

* Working with the Academy of Radiology Research,
the AIMBE promoted the idea of forming a new
institute at NIH, and in 2000, the NIBIB was estab-
lished as the 19th Institute of NIH.

* Providing recommendations and support during the
formative stages of NIBIB such as the search for the
NIBIB Director and the formation of Advisory Com-
mittees.

* Participating together with the Academy of Radiol-
ogy Research and the NIH at a Congressionally
mandated, working-group review of grant transfers
from established Institutes of NIH to NIBIB.

* Co-sponsoring the successful symposia organized by
the Bioengineering Consortium (BECON) of NIH
since 1997. The BECON symposium is to foster
collaborations and transdisciplinary initiatives
among the biological, medical, physical, engineering,
and computational sciences.

Also commented by Buddy Ratner at the 12th Annual
Meeting (7), the AIMBE is embarking on aggressive
strategies to impact policy in the bioengineering aspects
of medical devices, clinical therapies, and research. The
AIMBE established Strategic Working AIMBE Teams
(SWATs) to address issues that confront our field. To
educate and inform the public and government policy
makers about the value of biomedical technology, a plat-
form in the form of the AIMBE Hall of Fame is estab-
lished to exemplify achievements in medical and biological
engineering and highlight their benefits to saving lives
and the health and well-being of people.

The AIMBE is an organization of volunteers. Many
consider their efforts with the AIMBE to be personally
rewarding because many fine people have also chosen to
work toward this end. Their attitude of contributing to
society in an upbeat, committed manner permeates the
AIMBE’s activities. The membership of the AIMBE often
provides grassroots forums, which bring important socie-
tal issues to the local level, where legislators listen most.

The generous funding in its early years provided by
The Whitaker Foundation, the NSF, and other donors
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allows the AIMBE to have an office at Pennsylvania
Avenue in Washington, D.C. with two full-time staff
members. With much more to be accomplished, the
AIMBE definitely needs more resources to support the
volunteers in carrying out the AIMBE’s public advocacy
activities, to enhance the communication between AIMBE
and the 50,000 medical and biological engineers, and to
involve them in public advocacy for and public education
in medical and biological engineering. In 2002, the Board
of Directors voted for a capital campaign to raise $1
million as the endowment base for expanding the opera-
tion and support of the AIMBE. With generous donations
from TheWallace H. Coulter Foundation, Biomet Corpora-
tion, and several generous individuals including Earl E.
Bakken, Shu Chien, Jen-shih Lee, Dane Miller, and the
Board of Directors, a dedicated Development Committee
achieved about half of the campaign’s goal by 2003 and the
campaign was officially kicked off that year.

As the President of AIMBE for 2004–2005, Don Gid-
dens worked with the Board and staff to reengineer
AIMBE’s headquarters, to develop a strategic plan for
presentation to the membership, and to pursue the capital
campaign ‘‘Fund for Excellence.’’ Subsequently Giddens
announced in the 2005 Annual Meeting that The Wallace
H. Coulter Foundation has just made a $1 million chal-
lenge grant to the Fund for Excellence. The Coulter
Foundation has committed to promoting biomedical en-
gineering with an emphasis on the impact of the field on
health care of patients. Their vision is that unless biome-
dical research is translated into commercial products, this
impact is limited. Thus, The Coulter Foundation made
this challenge grant, which is a one-for-one match to other
gifts raised by AIMBE, to assist the AIMBE and its
constituents in reducing barriers to innovation, in advan-
cing translational research, in assuring a smooth transi-
tion between university research and industrial
adaptation, and in continuing to attract young people
into biomedical engineering.

Under the presidencies of Tom Harris and Herb Voigt
in coming years, the AIMBE will continue its ‘‘reengineer-
ing’’ effort with key activities to include the following:

* Annual Meeting: The program of the Annual Meet-
ing will be expanded to achieve active participation
by all constituencies of the AIMBE and to renew its
emphasis on issues important to public policy.

* Finance: The Development Committee is working to
generate revenue for the AIMBE to pursue its ambi-
tious program of advocacy for medical and biological
engineering.

* Council of Societies: The Council of Societies
works to bring the multiplicative effect of the Member
Societies to bear on public policy in medical and
biological engineering. A major initiative of this
Council will be the development of a consensus
research agenda that is important to the growth of
medical and biological engineering, the health of
people, and the economy of the nation.

* Academic Council: It has been invited to seek
means by which the great achievements listed in
the AIMBE Hall of Fame might be found useful in
university’s curricula and be employed by students to
develop case studies in medical and biological engi-
neering. Under consideration by the Council is a
program session at the Annual Meeting to display
or communicate university-based innovations in
medical and biological engineering that are moving
toward commercialization.

* Industry Council: This Council is seeking new
industrial memberships to significantly enhance in-
dustry–academic–society interchange within the
AIMBE and beyond. This Council has taken the
lead to develop forums and venues examining bar-
riers to innovation and seeking ways to enhance
innovation.

In conclusion, the author echoes with Art Coury the
firm belief that ‘‘AIMBE is an organization with stagger-
ing potential, which is exploiting only a fraction of its
capability. Even so, its achievements and reputation are
substantial; ever growing and well justify the vision of its
Founding Fellows. The ongoing challenge to AIMBE is to
activate and energize the unused potential of the member-
ship of its constituents to more fully achieve AIMBE’s
missions of benefiting our society and nation by influen-
cing public policy in medical and biological engineering.’’
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ANALOG TO DIGITAL CONVERSION

LARRY D. PAARMANN
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Wichita, Kansas

The process of converting an analog, or continuous time,
signal into a digital signal is known as analog-to-digital
conversion (ADC). Many signals are inherently analog.
Examples of analog signals obtained from a transducer
abound, such as those obtained from a microphone, a
pressure transducer, and a temperature transducer. Other
analog signals are inherently electrical, such as those ob-
tained from biomedical electromyography (EMG) or
electroencephalography (EEG) electrodes.

In many cases, it is deemed desirable to process a signal
by a microprocessor or computer to extract information, or
to store the signal in some digital storage medium such as
a hard drive, a floppy disk, or a CD ROM. Also, some dis-
play devices may require the input to be in digital signal
format. If the original signal is in analog format, in such
cases, it is necessary to convert the analog signal into an
equivalent digital signal. This article describes the process
of ADC.

Not all biomedical research, of course, involves ADC.
But it frequently does. When ADC is involved, sometimes
researchers report the analog-to-digital methodology in
detail, whereas sometimes detail is omitted but some
method of performing the conversion is implied. For ex-
ample, a recent issue of the IEEE Transactions on Bio-
medical Engineering, selected at random, gives examples
of where researchers have either explicitly given details
on the analog-to-digital system that they used in obtaining
data for the research reported in the paper or have at least
mentioned that ADC was used (1–7). Also, a recent issue of
the Annals of Biomedical Engineering, selected at ran-
dom, gives similar examples (8–10). These examples in-
clude the analysis of EEG and EMG signals, voice
impairment detection, and several cardiac studies.

1. INTRODUCTION

A digital computer can store or process only discrete num-
bers. In addition, because those numbers are stored or
manipulated in digital storage registers internal to the
computer, those numbers can only have a certain degree of
precision, which is described in terms of the maximum
number of binary bits. Therefore, no matter how accurate
and precise an ADC is, the analog signal must be repre-
sented as a sequence of numbers (samples) and those
numbers inherently must have finite precision to be com-
patible with a digital microprocessor or computer. Hence,
the analog signal, independent variable must be sampled
only at discrete points to have a sequence of numbers, and
the analog signal dependent variable must be quantized to
be compatible with the inherently finite precision regis-
ters of the microprocessor or computer. Both of these is-
sues, sampling and quantization, introduce error in the
digital signal compared with the original analog signal.
Under certain conditions that will be discussed in this ar-

ticle, sampling of the independent variable can be accom-
plished such that no information is lost. Quantization, on
the other hand, introduces unrecoverable loss of informa-
tion. This loss of information, known as quantization er-
ror, is reduced as the number of bits in an ADC is
increased. This result leads to two fundamental areas of
advancement in ADC technology: increasing the maxi-
mum sampling rate and increasing the number of resolu-
tion bits. A third related area of advancement is hardware
implementation to realize higher sampling rates and
larger numbers of bits.

In the next section, basic types of ADCs are briefly re-
viewed. Two types, the successive approximation con-
verter and the flash converter, are presented with a
little more detail. A third type, because of its uniqueness,
is presented in a later section.

Also, the sampling theorem is presented in this article.
Although the sampling theorem indicates that, under cer-
tain conditions, an analog signal is fully recoverable from
discrete-time, unquantized, samples of it, it does not indi-
cate how to accomplish the feat. And in practice, the sam-
ples are also quantized, and therefore, the quantization
noise prevents full recovery of the original analog signal.
Nonetheless, in practice, low levels of error are achievable.

Furthermore, aliasing is described. And quantization
noise is briefly described. The advantages of oversam-
pling, which is sampling at a rate higher than the Ny-
quist rate specified by the sampling theorem, are
presented. The delta-sigma ADCs are also described.
These converters are more readily integrated as they do
not require precision components, and they can obtain the
higher number of bits required for increased precision.
Finally, some comments are offered to assist the biomed-
ical engineer in selecting an ADC method and some basic
parameters.

2. ADC TYPES

ADCs are implemented in a variety of ways. Two well-
known techniques are the successive approximation ADC
and the flash ADC. They will be considered here. Delta-
sigma ADCs will be considered later. Other converter
types include ramp converters, pipelined converters,
charge redistribution converters, and so on (11–14).

2.1. Successive Approximation ADC

The successive approximation ADC is illustrated in Fig. 1.
In the figure, xa(t) is the input analog signal. In many
practical applications, the input analog signal may be fil-
tered by a low-pass filter, which reduces the signal band-
width and thereby lowers the required Nyquist rate and
prevents aliasing. The design of the analog low-pass filter
is dependent on the desired passband specifications, basic
filter type, and transition band and stopband require-
ments (15). The output of the analog low-pass anti-alias-
ing filter in Fig. 1 is denoted as x(t), and its bandwidth is
now, because of the low-pass filter, known. For example,
analog speech signals may well contain significant spec-
tral energy to 10kHz and beyond, yet it is known that
most of the intelligence in conversational speech is con-
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tained below 3 or 4 kHz, and therefore, an analog low-pass
anti-aliasing filter can significantly reduce the required
Nyquist rate.

As can be seen in Fig. 1, the low-pass filter output sig-
nal to be digitized, x(t), is applied as the input to a sample-
and-hold circuit. The sample-and-hold circuit, in addition
to that shown in the figure, has a clock input at the sample
rate. That is, if x(t) is to be sampled every T seconds, the
clock input to the sample-and-hold circuit will have a fre-
quency of 1/THz. At the time instance t¼nT, the output of
the sample-and-hold circuit will be x[n]¼ x(nT), and it will
hold that value constant until t¼ (nþ 1)T; at which time,
it changes to x[nþ 1]¼ x((nþ 1)T). The output of the sam-
ple-and-hold circuit is discrete time, but x is still contin-
uous; that is, it has not yet been quantized to discrete
amplitude levels.

The output of the sample-and-hold circuit is one of the
two inputs to the comparator circuit. The comparator cir-
cuit, in addition to the two inputs shown in Fig. 1, has a
clock input at a higher rate than that used by the sample-
and-hold circuit. The clock used by the comparator is also
used by the rest of the circuitry shown in Fig. 1: It may be
at the frequency of the system clock, but it must be, at a
minimum, at a frequency of (Nþ 1)/T Hz, where N is the
number of conversion bits of the ADC.

Any ADC is designed for a certain range of amplitude
values of x[n], such as 0 to 5V, or � 1V to þ 1V. In gen-
eral, this range may be expressed as VR1

to VR2
. In Fig. 1,

the digital-to-analog converter (DAC) is set up so that
when the N-bit sample output is midrange between its
minimum and maximum digital values, the analog output
of the DAC will be midrange between VR1

and VR2
. When

the ADC begins a new conversion cycle, it begins with the
N-bit sample output midrange between its minimum and
maximum digital values, and the current sampled/held
value of x[n] is compared with the midrange value at the
output of the DAC. If x[n] is the larger of the two, the
output of the comparator will be a logical one; if it is the
smaller, the output of the comparator will be a logical zero.
If the output of the comparator is a logical one, the digital
logic controller will adjust theN-bit digital register so that
the N-bit sample output is moved up halfway between its
starting value and the maximum N-bit digital number; if
the output of the comparator is a logical zero, the N-bit

register will move down halfway between its starting
value and the minimum N-bit digital number.

The change in the N-bit sample output will result in a
change in the output of the DAC. Then a change in the
output of the comparator may or may not result: TheN-bit
sample output moves up, or moves down, but this time
about an amount only half as much as the first move. This
process continues until the output of the DAC is as close to
the amplitude value of x[n] as the number of bits of the
ADC, N, will allow. This process may take N clock periods.
After N clock periods and the output of the DAC has con-
verged as close as possible to the value of x[n], the ADC
flags the processor that an N-bit sample is ready to be
read. After the sample has been read, the ADC resets to its
initial value and waits for a new held value input from the
sample and hold circuit.

2.2. Flash ADC

The flash ADC is illustrated in Fig. 2. In the figure, xa(t) is
the analog input signal. As with the successive approxi-
mation ADC, a low-pass analog filter is included as an an-
tialiasing filter. The low-pass filter output signal to be
digitized, x(t), is applied as the input to a sample-and-hold
circuit. The sample-and-hold circuit, in addition to that
shown in the figure, has a clock input at the sample rate.
That is, if x(t) is to be sampled every T seconds, the clock
input to the sample-and-hold circuit will have a frequency
of 1/T Hz. At a sample point, all 2N � 1 comparators si-
multaneously produce outputs, comparing the input ana-
log signal amplitude value with a string of reference
values derived from VR1

and VR2
, the minimum and max-

imum values that the ADC is designed to accept on the
input. Depending on which comparator outputs are logical
ones and which outputs are logical zeros, the digital logic
controller determines the N-bit sample output. Note that
this process requires only one system clock cycle. For this
reason, a flash ADC is generally used where high sample
rates are required, such as in image processing.

The comparator threshold voltage values, VT1
through

VT
2N�1

, are usually obtained by a string of resistors across
the reference voltages VR1

and VR2
. For example, if the

input signal voltage sample is below VT1
, the N-bit sample

output would be all zeros. If the input signal voltage sam-
ple is above VT1

but below VT2
, only the least significant bit

of the N-bit sample output would be a one. If the input

Figure 1. Block diagram of the successive ap-
proximation ADC.
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signal voltage sample is above VT
2N�1

, then the N-bit sam-
ple output would be all ones.

Because the number of comparators required is 2N � 1,
a flash converter can only be reasonably used when a
small number of bits is adequate. For example, a 5-bit
ADC would require 31 comparators.

3. THE SAMPLING THEOREM

The sampling theorem, according to Shannon (16), estab-
lishes that, under certain conditions, there is no loss of
information in samples of an analog signal compared with
the analog signal itself. The theorem may be stated as fol-
lows. Given an analog signal, x(t), that is bandlimited such
that

XðjOÞ � 0 8jOj �Omax; ð1Þ

and samples of x(t), denoted as x[n], are obtained as shown
by the sample and hold circuits in Figs. 1 and 2, then x(t)
may be recovered from x[n] as follows:

xðtÞ¼
X

1

n¼�1

x½n�
sinðpðt� nTÞ=TÞ

pðt� nTÞ=T
; ð2Þ

if and only if T � p=Omax: &

The minimum sampling rate for reconstruction from
the samples is denoted the Nyquist rate (17)

fNR¼Omax=p;

and the maximum sampling period is as follows:

TNR¼ p=Omax: ð3Þ

Note that x(t) is expressed in Equation 2 as an expansion
of the form

xðtÞ¼
X

1

n¼�1

anjnðtÞ;

where fjnðtÞg are the basis functions and {an} are the ex-
pansion coefficients. Various basis functions could be used,
but those used here

sinðpðt� nTÞ=TÞ

pðt� nTÞ=T

are known as Cardinal functions. The beauty of the rep-
resentation in Equation 2 is that the expansion coefficients
are simply the time-domain samples of the signal x(t).

The sampling theorem may be proved as follows. As-
suming that conditions are such that the Fourier trans-
form of x(t) exists and that the signal is bandlimited as
expressed in Equation 1, x(t) may be expressed as follows:

xðtÞ¼
1

2p

Z 1

�1

XðjOÞejOt dO

¼
1

2p

Z Omax

�Omax

XðjOÞejOt dO:

But because T� p=Omax it follows that Omax� p=T. There-
fore, x(t) may be expressed as follows:

xðtÞ¼
1

2p

Z p=T

�p=T
XðjOÞejOt dO: ð4Þ

Let Xp(jO) be defined as the periodic extension of X(jO)
with period 2p/T

XpðjðOþ 2pk=TÞÞ¼XðjOÞ 8k;

where k is an integer. Because Xp(jO) is periodic, it may be
expressed by a Fourier series as follows:

XpðjOÞ¼
X

1

k¼�1

akejkTO; ð5Þ

where the Fourier series coefficients may be computed as

Figure 2. Block diagram of the flash ADC.
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follows:

ak¼
T

2p

Z p=T

�p=T
XpðjOÞe�jkTO dO:

However, because XpðjOÞ¼XðjOÞ for �p=T�O� p=T, it
follows that

ak¼
1

2p

Z p=T

�p=T
XðjOÞe�jkTO dO: ð6Þ

Letting t¼ � kT in Equation 4

xð�kTÞ¼
1

2p

Z p=T

�p=T
XðjOÞe�jkTO dO: ð7Þ

Comparing Equations 6 and 7, note that ak¼Txð�kTÞ.
Substituting ak¼Txð�kTÞ into Equation 5:

XpðjOÞ¼
X

1

k¼�1

Txð�kTÞejkTO: ð8Þ

Finally, recalling that XpðjOÞ¼XðjOÞ for �p=T�O� p=T,
substituting Equations 8 into 4 and simplifying results in
Equation 2.

4. ALIASING

Aliasing occurs if the sampling rate is less than the Ny-
quist rate. Theoretical analysis of aliasing is facilitated if
the concept of ideal sampling is introduced. Let x(t) be the
bandlimited input analog signal that is to be sampled, and
let this signal be multiplied by a periodic train of impulses
spaced T seconds apart

xsðtÞ¼ xðtÞ sðtÞ;

where

sðtÞ¼
X

1

n¼�1

dðt� nTÞ:

Therefore,

xsðtÞ¼ xðtÞ
X

1

n¼�1

dðt� nTÞ

¼
X

1

n¼�1

xðnTÞdðt� nTÞ:

ð9Þ

Taking the continuous-time Fourier transform of Equation
9 results in the following (17):

XsðjOÞ¼
1

T

X

1

k¼�1

XðjðO� kOsÞÞ; ð10Þ

where Os¼ 2p=T is the sampling frequency in radians per

second. If the input signal is bandlimited as specified in
Equation 1 and T is less than TNR, as specified in Equation
3, then it follows that

XsðjOÞ¼
1

T
XðjOÞ 8jOjoOmax;

and therefore, x(t) is recoverable from xs(t) by low-pass
filtering. Clearly, if the sampling rate does not satisfy the
Nyquist rate, then aliasing will occur and x(t) will not be
fully recoverable from xs(t). In fact, it is not difficult to
show that a frequency component at O1 > Omax (see Equa-
tion 10) will appear as a frequency component at
O1 � Os=2.

5. QUANTIZATION NOISE

One potential source of error, namely aliasing, was previ-
ously discussed. Another source of error is quantization
error, or quantization noise as it is commonly called. No
matter what type of ADC is used, and no matter how pre-
cisely implemented the ADC may be, quantization error is
inherent in the ADC process. The input analog signal has
a continuously variable amplitude, whereas the digital
output of the ADC has only discrete amplitude values.
Properly implemented, the ADC digital output sample
value, or rather its analog equivalent, will be closer to
the analog input value at that sample time than any of the
other possible digital sample values available, but it will
not be without error.

Therefore, if xq[n] is denoted as the quantized output
sample value, then it may be represented as follows:

xq½n� ¼ x½n� þ q½n�;

where x[n] is the input sample value (discrete time but x is
still a continuous variable, and x[n] is the output of the
sample-and-hold circuit), and q[n] is the quantization er-
ror introduced by the quantizer. Assuming that the input
sample value x[n] is somewhere between the values that
the ADC is designed for, i.e., between VR1

and VR2
, the

error q[n] must be somewhere between 7D/2 , where D is
the step size of the quantizer

D¼
VR2
� VR1

2N
; ð11Þ

where N is the number of bits in the quantizer. Assuming
that the analog input signal is sufficiently busy, e.g., not a
constant, it is reasonable to assume, as it usually is, that
the quantization error will be uncorrelated with the input
signal and uniformly distributed between 7D/2. There-
fore, the variance of the quantization error may be com-
puted as follows:

s2q¼
1

D

Z D=2

�D=2
q2 dq¼

D2

12
¼
ðVR2
� VR1

Þ
2

12� 22N
: ð12Þ

Because it is also usually assumed that the quantization
error is uncorrelated with itself for a sufficiently busy in-
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put signal, which also is a reasonable assumption, it fol-
lows that the power spectral density (PSD) of the quanti-
zation error may be expressed as follows:

Sqðe
joÞ¼ s2q¼

D2

12
; ð13Þ

that is, the PSD is flat.

5.1. Example 1

If it is assumed that the input signal x[n] is uniformly
distributed between VR1

and VR2
and VR2

¼ � VR1
, which

is not usually the case but serves as an example here, then
similar to the above,

s2x ¼
ðVR2
� VR1

Þ
2

12
¼
ð2NDÞ2

12
¼

22N

12
D2:

The signal-to-noise ratio (SNR) for the above example
would be as follows:

SNR¼ 22N ;

or in terms of decibels:

SNRdB¼ 10 log10ðSNRÞ¼ 20N log10ð2Þ

ffi6:02N:

It is noted here that the SNRdB increases 6.02dB for every
1-bit increase in the quantizer. But also, with the above
assumptions, the actual SNRdB may be readily calculated.
For example, an 8-bit quantizer will have SNRdB¼ 48dB,
and a 16-bit quantizer will have SNRdB¼ 96dB. &

6. OVERSAMPLING

Oversampling is the term that indicates that the sample
rate exceeds the Nyquist rate. The oversampling ratio,
denoted OR, is defined as follows:

OR¼ fs=fNR;

that is, the oversampling ratio is the actual sample rate
divided by the Nyquist rate. If the output of the ADC, no
matter whether the ADC is a successive approximation
ADC, a flash ADC, or any other type of ADC, denoted as
xq[n], is the input to a digital low-pass filter, which is as-
sumed to be ideal here for convenience, with a normalized
cutoff frequency of oc¼ p=OR, the effective cutoff frequency
of the low-pass filter in terms of continuous-time frequen-
cies would be

Oc¼
p
OR
�

1

p
�

2pfs
2
¼ pfNR¼Omax:

Because xq[n]¼ x[n]þ q[n], it follows that the x[n] compo-
nent of xq[n] will pass through the digital low-pass filter
unaffected because Oc¼Omax. However, the quantization

noise q[n] will be affected. As noted, the power spectral
density of the quantization error may be expressed as
given in Equation 13. Therefore, the output of the digital
low-pass filter because of the q[n] component of xq[n] on
the input, denoted as qlp[n], will have the following PSD:

Sqlp ðe
joÞ¼

s2q; jojop=OR

0; joj > p=OR

8

<

:

¼

D2

12 ; jojop=OR

0; joj > p=OR

8

>

<

>

:

:

Therefore, the power in the quantization error at the out-
put of the digital low-pass filter will be

Pqlp ¼
s2q
OR
¼

D2

12OR
: ð14Þ

As noted, the x[n] component of xq[n] will pass through the
digital low-pass filter unaffected. Therefore, the signal
power at the output of the digital low-pass filter will not
be a function of the oversampling ratio. The output of the
digital low-pass filter may be denoted as follows:

xlp½n� ¼ x½n� þqlp½n�:

Because the quantization power is a function of the over-
sampling ratio, the signal to quantization noise ratio,
SNR, will be a function of the oversampling ratio. Every
time OR is doubled, the SNR will improve by 3dB. Or, ev-
ery time OR is increased by a factor of 10, the SNR will
improve by 10dB. This improvement is modest, but it does
improve.

6.1. Example 2

Suppose a 16-bit ADC is designed for a zero-mean input
bounded by 75V. Suppose that the input is uniformly
distributed such that the average signal power, on a 1-O
basis, is 6.25W. The ADC bin size is D¼ 152.6 mV. There-
fore, when sampling at the Nyquist rate, the quantization
noise power would be 1.94nW. The SNR would be
3:22� 109, or 95 dB. If the sampling rate was increased
such that OR¼2, then SNR¼ 98dB. If the sampling rate
was increased such that OR¼4, then SNR¼ 101dB. If the
sampling rate was increased such that OR¼ 10, then SNR
¼ 105dB. If the sampling rate was increased such that OR

¼ 64, then SNR¼113dB. &

The bin size for a conventional ADC is given by Equa-
tion 11 and is inversely related to the number of bits. The
variance of the quantization error is given by Equation 12.
As the number of bits is increased, the quantization noise
power goes down, and therefore, the SNR goes up. The
quantization noise power for an ADC that includes over-
sampling followed by digital low-pass filtering and often
downsampling is given by Equation 14. Substituting
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Equation 11 into Equation 14,

Pqlp ¼
s2q
OR
¼
ðVR2
� VR1

Þ
2

12� 22NOR
: ð15Þ

It is easy to equate Equation 15 to an equivalent ADC
without oversampling to obtain the equivalent number of
bits. Every time OR doubles, the number of equivalent bits
increases by 0.5. Or, every time OR increases by a factor of
16, the number of bits increases by 2 bits.

6.2. Example 3

Consider the scenario given in Example 2. The quantiza-
tion noise power for the conventional Nyquist sampled
ADC is 1.94nW, and the corresponding SNR is 3:22� 109,
or 95 dB. If the sampling rate was increased such that OR

¼ 2, then SNR¼ 98dB. It implies that the equivalent
noise power would be 990.6 pW. From Equation 15, it is
implied that the equivalent number of bits would be 16.5.
If the sampling rate was increased such that OR¼ 4, then
SNR¼ 10dB, which implies an equivalent number bits
equal to 17. If the sampling rate was increased such that
OR¼ 10, then SNR¼ 105dB and the equivalent numbers
of bits would be 17.7. If the sampling rate was increased
such that OR¼ 64, then SNR¼ 113dB and the equivalent
number of bits would be 19. &

7. DELTA-SIGMA ADC CONVERTERS

Delta-sigma ADC converters accomplish two important
and perhaps initially seemingly contradictory things.
First, they are better suited for integrated circuit (IC)
technology. Whether it is desired to implement a stand-
alone, general-purpose ADC, or whether it is desired to
include an ADC in a mixed-signals, application-specific,
embedded system IC, delta-sigma ADCs have desirable
implementation characteristics. Most importantly, they do
not require precision components. The threshold voltages
that are required for successive approximation ADCs.
flash ADCs (see Figs. 1 and 2 and accompanying text),
and other common ADC types are usually obtained by
having a string of precision resistors connected across the
reference voltages VR1

and VR2
. Precision resistors are

difficult components to realize in current IC technology,
and therefore, they are usually external components to the
IC. This result is undesirable because of the expense and
because of the physical space requirements. Therefore,
delta-sigma ADCs are attractive for many commercially
available ADC ICs. They are also attractive for embedded
system ICs, such as those found in many cell phones, and

other highly integrated systems. Secondly, where high-
precision (many bits) ADC is required, without special re-
quirements as to a high level of integration, such as in
ADCs used in professional audio recording studios, delta-
sigma ADCs have advantages.

Delta-sigma conversion has the above advantages be-
cause of the manner in which it achieves a high SNR. It
does so by the use of oversampling and signal processing
to shape the quantization noise spectrum such that most
quantization noise power is pushed to the high frequen-
cies located beyond the signal band. The resultant signal
plus noise may then be low-pass filtered to remove most
quantization noise. This processing is so effective that of-
ten the basic quantizer can be simply a binary decision (a
threshold detector) and yet achieve the equivalent of, for
example, 24 bits of precision.

The cost for the performance obtainable from a delta-
sigma ADC is a very high OR, a complex circuit design to
achieve the desired performance, and stability issues
caused by the necessary internal feedback loops. Delta-
sigma ADC development is ongoing, but significant ac-
complishments have been achieved with many commercial
applications in place. High-speed IC development, as basic
device dimensions in IC technology continue to decrease,
has fueled development of delta-sigma ADCs.

In the presentation below, conventional delta-sigma
ADCs of first and second order will be covered first.
Then, some brief information will be given of more ad-
vanced delta-sigma architectures (18,19).

7.1. First-Order Delta-Sigma ADC

The basic block diagram of a first-order delta-sigma ADC
is shown in Fig. 3. Note that the input signal x[n], as is the
case for the ADCs shown in Figs. 1 and 2, is a discrete-
time signal, but the amplitude has not been quantized; the
amplitude is continuous. The signal x[n] is obtained from
the analog input xa(t) by first filtering with an analog low-
pass filter and then processing with a sample-and-hold
circuit, again as shown in Figs. 1 and 2. As shown in Fig. 3,
the input to the integrator is the difference between the
input sample x[n] and the output of the DAC. The DAC
need not include any smoothing, but need only simply to
convert the digital output of the quantizer to its equiva-
lent analog level so that subtraction from x[n] is feasible.
Therefore, the input to the integrator, just like x[n], is
discrete time but with a continuous amplitude. Note that
this signal is discrete time in the sense that amplitude
changes only occur at discrete times, but it is continuous
time in the sense that it is defined for all time. The output
of the integrator (an analog circuit), however, because of
the nature of integration, will not be discrete time. There-

Figure 3. Block diagram of the first-order delta-
sigma ADC.
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fore, the quantizer, or ADC, shown at the output of the
integrator converts the output signal from the integrator
into a digital signal. The ADC must discretize both time
and amplitude. Therefore, the ADC must include a sam-
ple-and-hold circuit as well as the quantizer. It must also
include a clock running at the same frequency as the input
samples x[n]. For simplicity, the block is simply shown as
an N-bit quantizer ADC. Note that this circuit is inher-
ently a mixed-signals circuit: It includes both analog and
digital circuitry. At first glance, because the circuit in-
cludes an ADC within it, it may seem to be unnecessarily
complex. But the resultant SNR far exceeds what can be
accomplished by the internal ADC. So much so, as men-
tioned before, that the internal ADC may be a simple bi-
nary device, at each clock cycle simply indicating whether
the output of the integrator is positive (a logical one) or
negative (a logical zero). Note that, as mentioned earlier
for oversampling, the circuit may be followed by low-pass
filtering and downsampling.

Note that the output of the integrator need only be
known at the discrete-time values. Therefore, it signifi-
cantly simplifies analysis if a discrete-time equivalent to
Fig. 3 is used. Also, for simplicity, it is very helpful to lin-
earize the internal ADC; without this step, the entire cir-
cuit is nonlinear. Therefore, for analysis, the discrete-time
and linearized circuit in Fig. 4 is preferred. Note in the
figure that a one-time-step delay is assumed for the DAC,
and that the integrator is represented in discrete-time
form with a transfer function of 1/(1� z�1).

From Fig. 4, using superposition for the linearized cir-
cuit, the signal transfer function (STF) can easily be
shown to be

STF¼
YxðzÞ

XðzÞ
¼ 1; ð16Þ

where yx[n] is the output from the input x[n] only, and the
noise transfer (NTF) is

NTF¼
YqðzÞ

QðzÞ
¼ 1� z�1; ð17Þ

where yq[n] is the output from the quantization noise q[n]
only. From Equations 16 and 17, it follows that

y½n� ¼ yx½n� þ yq½n� ¼ x½n� þ q1½n�

¼ x½n� þ q½n� � q½n� 1�;

where q1½n� ¼ yq½n� ¼ q½n� � q½n� 1� is the quantization
noise of the overall delta-sigma quantizer. From Equation
17,

Q1ðzÞ¼ ð1� z�1ÞQðzÞ: ð18Þ

From Equation 18, the PSD of the quantization noise may
be expressed as follows:

Sq1 ðe
joÞ¼ j1� e�joj2Sqðe

joÞ

¼ j1� e�joj2s2q¼ 4s2q sin2
ðo=2Þ:

ð19Þ

From Equation 19, the noise shaping that the first-order
delta-sigma quantizer has accomplished is apparent. At
low frequencies (oop/3), Sq1os2q. However, at o¼ p,
Sq1 ¼ 4s2q. Therefore, the noise power has been shaped
such that the most power is at higher frequencies.

On the normalized radian frequency scale, the maxi-
mum signal frequency is omax¼ p=OR, and it follows that
the noise power in the signal band may be computed as

s2q1 ¼
1

p

Z omax

0
Sq1 ðe

joÞdo¼
4s2q
p

Z omax

0
sin2
ðo=2Þdo

¼
2s2q
p
½omax � sinðomaxÞ�:

ð20Þ

7.2. Example 4

From Equation 20, it is noted that, if OR¼ 1 (no oversam-
pling) and therefore omax¼p, that s2q1 ¼ 2s2q. Thus, there is
nothing to be gained from a delta-sigma data converter
unless it is combined with oversampling. If OR¼ 10, then
s2q1 ¼ 3:27� 10�3s2q. If OR¼ 20, then s2q1 ¼ 4:11� 10�4s2q. If
OR¼ 40, then s2q1 ¼ 5:14� 10�5s2q. If OR¼ 80, then
s2q1 ¼ 6:43� 10�6s2q. Therefore, it is observed that the in-
band noise power is approximately divided by eight every
time the oversampling rate is doubled. &

Substituting omax¼ p/OR into Equation 20 results in

s2q1 ¼
2s2q
p
½p=OR � sinðp=ORÞ�: ð21Þ

As noted, y[n]¼ x[n]þ q1[n], and because x[n] is bandlim-
ited to a normalized p/OR, the x[n] component of y[n] will
pass through a digital low-pass filter with oc¼p/OR un-
affected (ideally). Therefore, the signal power at the out-
put of the digital low-pass filter will not be a function of
the oversampling ratio. However, as noted in Equations 20
and 21, and as illustrated in Example 4, the quantization
noise power at the output of the low-pass filter will be af-
fected. The output of the digital low-pass filter may be de-
noted as follows:

ylp½n� ¼ x½n� þqlp½n�:

Because the quantization power is a function of the over-
sampling ratio, the SNR will be a function of the over-

Figure 4. Discrete-time equivalent first-order delta-sigma ADC.
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sampling ratio. Every time OR is doubled, the SNR will
improve by about 9dB. Or, every time OR is increased by a
factor of 10, the SNR will improve by about 30 dB. Com-
pare these figures with that obtained for simple oversam-
pling of 3 dB and 10dB.

7.3. Example 5

Suppose a 16-bit ADC serves as the internal quantizer in a
first-order delta-sigma data converter. Suppose that the
input is uniformly distributed such that the average sig-
nal power, on a 1-O basis, is 6.25W. Also suppose that the
quantization noise power of the internal quantizer is
1.94nW. If the sampling rate was such that OR¼ 10,
then SNR¼ 120dB. Comparing this result with that of
Example 2, it is noted that the SNR here is superior to
that achieved by oversampling alone with an OR of 64.&

Substituting Equation 12 into Equation 21,

s2q1 ¼
2s2q
p
½p=OR � sinðp=ORÞ�

¼2
ðVR2
� VR1

Þ
2

12� 22Np
½p=OR � sinðp=ORÞ�:

ð22Þ

By equating Equation 22 to an equivalent non-delta-sigma
ADC without oversampling, the equivalent number of bits
of the first-order delta-sigma data converter may be com-
puted. As noted in Example 4, the in-band noise power is
approximately divided by eight every time the oversam-
pling ratio is doubled. Therefore, every time the oversam-
pling ratio for a first-order delta-sigma data converter is
doubled, the equivalent number of bits increases by 1.5.

7.4. Example 6

Consider the scenario given in Examples 2, 3, and 5. The
SNR for a Nyquist sampled conventional ADC is 95 dB. If
simple oversampling is applied, as in Examples 2 and 3,
with an oversampling ratio of 10, the SNR increases to
105dB and the equivalent number of bits is 17.7. If, as in
Example 5, a first-order delta-sigma data converter is
used with an oversampling ratio of 10, the SNR increases
to 120 dB. From Equation 22, the equivalent number of
bits is 20. &

7.5. Second-Order Delta-Sigma ADC

The discrete-time, and linearized, equivalent block dia-
gram of a conventional second-order delta-sigma ADC is
shown in Fig. 5. From Fig. 5, using superposition for the
linearized circuit, the STF can be shown to be

STF¼
YxðzÞ

XðzÞ
¼ 1; ð23Þ

where yx[n] is the output from the input x[n] only, and the
NTF is

NTF¼
YqðzÞ

QðzÞ
¼ ð1� z�1Þ2; ð24Þ

where yq[n] is the output from the quantization noise q[n]
only. From Equations 23 and 24, it follows that

y½n� ¼ yx½n� þ yq½n� ¼ x½n� þ q1½n�

¼ x½n� þq½n� � 2q½n� 1� þ q½n� 2�;

where q1½n� ¼ yq½n� ¼ q½n� � 2q½n� 1� þ q½n� 2� is the
quantization noise of the overall delta-sigma quantizer.
From Equation 24,

Q1ðzÞ¼ ð1� z�1Þ2QðzÞ: ð25Þ

From Equation 25, the PSD of the quantization noise may
be expressed as follows:

Sq1 ðe
joÞ¼ j1� e�joj4Sqðe

joÞ

¼ j1� e�joj4s2q¼ 16s2q sin4
ðo=2Þ:

ð26Þ

From Equation 26, the noise shaping that the second-or-
der delta-sigma quantizer has accomplished is apparent.
At low frequencies ðoop=3Þ, Sq1os2q. However, at o¼ p,
Sq1 ¼ 16s2q. Therefore, the noise power has been shaped
such that the most power is at higher frequencies.

On the normalized radian frequency scale, the maxi-
mum signal frequency is omax¼ p=OR, and it follows that
the noise power in the signal band may be computed as

s2q1 ¼
1

p

Z omax

0
Sq1 ðe

joÞdo¼

¼
16s2q
p

Z omax

0

sin4
ðo=2Þdo

¼
s2q
p
½6omax � 8 sinðomaxÞþ sinð2omaxÞ�:

ð27Þ

7.6. Example 7

From Equation 27, it is noted that if OR¼ 1 (no oversam-
pling) and therefore omax¼ p, that s2q1 ¼ 6s2q. Therefore, as
was noted for the first-order delta-sigma ADC, there is
nothing to be gained from a delta-sigma data converter
unless it is combined with oversampling. If OR¼ 10, then
s2q1 ¼ 1:925� 10�4s2q. If OR¼ 20, then s2q1 ¼ 6:07� 10�6s2q.
If OR¼ 40, then s2q1 ¼ 1:901� 10�7s2q. If OR¼ 80, then

Figure 5. Discrete-time equivalent second-order delta-sigma
ADC.
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s2q1 ¼ 5:92� 10�9s2q. Therefore, it is observed that the in-
band noise power is approximately divided by 32 every
time the oversampling rate is doubled. &

Substituting omax¼ p/OR into Equation 27 results in

s2q1 ¼
s2q
p
½6p=OR � 8 sinðp=ORÞþ sinð2p=ORÞ�: ð28Þ

As noted, y[n]¼ x[n]þ q1[n], and because x[n] is bandlim-
ited to a normalized p/OR, the x[n] component of y[n] will
pass through a digital low-pass filter with oc¼ p/OR un-
affected (ideally). Therefore, the signal power at the out-
put of the digital low-pass filter will not be a function of
the oversampling ratio. However, as noted in Equations 27
and 28, and as illustrated in Example 7, the quantization
noise power at the output of the low-pass filter will be af-
fected. The output of the digital low-pass filter may be de-
noted as follows:

ylp½n� ¼ x½n� þ qlp½n�:

Because the quantization power is a function of the over-
sampling ratio, the SNR will be a function of the over-
sampling ratio. Every time OR is doubled, the SNR will
improve by about 15 dB. Or, every time OR is increased by
a factor of 10, the SNR will improve by about 50 dB. Com-
pare these figures with that obtained for simple oversam-
pling of 3 dB and 10dB, and with that obtained by the
first-order delta-sigma ADC of 9 dB and 30dB.

7.7. Example 8

Suppose a 16-bit ADC serves as the internal quantizer in a
second-order delta-sigma data converter. Suppose that the
input is uniformly distributed such that the average sig-
nal power, on a 1-O basis, is 6.25W. Also suppose that the
quantization noise power of the internal quantizer is
1.94nW. If the sampling rate was such that OR¼ 10,
then SNR¼ 132 dB. Comparing this result with that of a
first-order delta-sigma converter, it is noted that the SNR
here is about the same as that achieved by a first-order
delta-sigma converter with an OR of 26. &

Substituting Equation 12 into Equation 28,

s2q1 ¼
ðVR2
� VR1

Þ
2

12� 22Np
½6p=OR � 8 sinðp=ORÞ

þ sinð2p=ORÞ�:

ð29Þ

By equating Equation 29 to an equivalent non-delta-sigma
ADC without oversampling, the equivalent number of bits
of the second-order delta-sigma data converter may be
computed. As noted in Example 7, the in-band noise power
is approximately divided by 32 every time the oversam-
pling ratio is doubled. Therefore, every time the oversam-
pling ratio for a second-order delta-sigma data converter is
doubled, the equivalent number of bits increases by 2.5.

7.8. Example 9

Consider the scenario given in Examples 2, 3, 5, and 8.
The SNR for a Nyquist sampled conventional ADC is

95 dB. If simple oversampling is applied, as in Examples
2 and 3, with an oversampling ratio of 10, the SNR in-
creases to 105dB and the equivalent number of bits is
17.7. If, as in Example 5, a first-order delta-sigma data
converter is used with an oversampling ratio of 10, the
SNR increases to 120 dB and the equivalent number of
bits is 20. If, as in Example 8, a second-order delta-sigma
data converter is used with an oversampling ratio of 10,
the SNR increases to 132dB. From Equation 29, the equiv-
alent number of bits is 22. &

7.9. Comparisons for First- and Second-Order Delta-Sigma
ADCs

In this section, performance comparisons are made, for
SNR and equivalent number of bits, for first-order and
second-order delta-sigma ADCs compared with a conven-
tional ADC that includes oversampling. The reference
comparison is with a conventional ADC with N bits that
is Nyquist sampled. For various values of the oversam-
pling ratio OR, the improvement in the SNR, in decibels, is
reported, as is the equivalent increase in the number of
bits.

For simple oversampling, as has been briefly presented,
Equation 30 computes the improvement in SNR, in deci-
bels, that is achieved by oversampling, based on Equation
14

SNRdB¼ 10 log10ðORÞ: ð30Þ

The resultant equivalent number of added bits, caused by
simple oversampling, based on Equation 15, is as follows:

bits¼
logðORÞ

2 logð2Þ
:

For the first-order delta-sigma ADC, which has been
briefly presented, Equation 31 computes the improvement
in SNR, in decibels, that is achieved as a function of OR,
based on Equation 21:

SNRdB¼ � 10 log10½ð2=pÞðp=ORÞ

� sin½p=OR�Þ�:
ð31Þ

The resultant equivalent number of added bits for the
first-order delta-sigma ADC with oversampling ratio OR,
based on Equation 22, is as follows:

bits¼
logðpÞ � log½2ðp=OR � sin½p=OR�Þ�

2 logð2Þ
:

For the second-order delta-sigma ADC, which has been
briefly presented, Equation 32 computes the improvement
in SNR, in decibels, that is achieved as a function of OR,
based on Equation 28:

SNRdB¼ � 10 log10½ð1=pÞð6p=ORÞ

� 8 sin½p=OR� þ sin½2p=OR�Þ�:
ð32Þ
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The resultant equivalent number of added bits for the
second-order delta-sigma ADC with oversampling ratio
OR, based on Equation 29, is as follows:

bits¼
logðpÞ � log½6p=OR � 8 sinðp=ORÞþ sinð2p=ORÞ�

2 logð2Þ
:

The comparison results are summarized in Table 1. In
each column labeled SNRdB, the improvement in SNR is
reported as a function of OR. In each column labeled bits,
the equivalent number of added bits is reported as a func-
tion of OR. It should, however, be noted that the basic
quantization noise that is used for comparison is that of a
conventional ADC with N bits that is Nyquist sampled.
That quantization noise is denoted as q[n], its PSD is as-
sumed to be flat (i.e., it is uncorrelated with itself except
for a lag of zero), and its variance is denoted as s2q. It has
been throughout this discussion assumed that the internal
quantizer has the same quantization noise characteristics,
which of course may not be true. However, the assumption
does allow for comparisons with practical significance.

In Table 1, OS denotes a conventional ADC with over-
sampling, DS1 denotes a first-order delta-sigma ADC, and
DS2 denotes a second-order delta-sigma ADC. Note that
the data in the table imply that for a desired number of
equivalent bits for an ADC, there are several ways of
achieving the desired results. For example, if it is desired
to obtain 12 bits of resolution, this may be achieved by (1)
a conventional ADC designed for 12 bits sampled at the
Nyquist rate; (2) a conventional ADC designed for 10 bits
sampled at 20 times the Nyquist rate; (3) a first-order
delta-sigma ADC that includes an internal conventional
ADC designed for 4 bits, sampled at 60 times the Nyquist
rate; and (4) a second-order delta-sigma ADC that in-
cludes an internal binary quantizer sampled at 40 times
the Nyquist rate.

The fact that it is possible to achieve a significant num-
ber of bits of resolution with a delta-sigma ADC using only
a binary internal quantizer is a compelling reason to use
such an engineering solution in many applications. It

lends itself readily to IC implementation without the
need for external precision components, except for if the
internal ADC is multibit. The internal clock speed may be
high, but developments in IC technology have greatly fa-
cilitated internal speed capabilities.

7.10. Higher Order Delta-Sigma Architectures

For stability reasons, conventional delta-sigma ADCs,
such as the first-order and second-order ones discussed
here, cannot be implemented beyond order two. However,
other architectures have been proposed for higher orders.
One well-received approach is the MASH architecture
(18,19). Another example is the redundant signed digit
(RSD) approach (20,21) This is area of research and de-
velopment is active. One example will be given here (22).

A simple modification of Fig. 4 is shown in Fig. 6, where
the integrator transfer function 1=ð1� z�1Þ has been re-
placed with the general transfer functionH(z). Because an
integrator is a low-pass function, we might expect that
H(z) would need to be low pass as well, and such is the
case. For an arbitrary H(z), it can be shown that

STF¼
YxðzÞ

XðzÞ
¼

HðzÞ

1þ z�1HðzÞ
ð33Þ

and

NTF¼
YqðzÞ

QðzÞ
¼

1

1þ z�1HðzÞ
: ð34Þ

As was noted for the first-order and second-order delta-
sigma ADCs, the NTF is a high-pass response shaping the
quantization noise spectrum to higher frequencies beyond
the signal band. Suppose it is desired for the NTF given in
Equation 34 to be a fourth-order Chebyshev type II high-
pass response. This condition allows for a systematic de-
sign procedure. Given the desired NTF, the required H(z)
may be obtained from Equation 34. Once H(z) has been
determined, the design of the delta-sigma ADC shown in

Table 1. Performance Comparison Among Simple Oversampling, a First-Order Delta-Sigma ADC, and a Second-Order
Delta-Sigma ADC

OS DS1 DS2

OR SNRdB (bits) SNRdB (bits) SNRdB (bits)

1 0 N �3.0 �0.5 �7.8 �1.3
2 þ3.0 þ0.5 þ4.4 þ0.7 þ3.4 þ1.1
4 þ6.0 þ1.0 þ13.0 þ2.2 þ17.5 þ2.9
6 þ7.8 þ1.3 þ18.2 þ3.0 þ26.2 þ4.3
8 þ9.0 þ1.5 þ22.0 þ3.6 þ32.3 þ5.4
10 þ10.0 þ1.7 þ24.8 þ4.1 þ37.2 þ6.2
20 þ13.0 þ2.2 þ33.9 þ5.6 þ52.2 þ8.7
30 þ14.8 þ2.5 þ39.1 þ6.5 þ61.0 þ 10.1
40 þ16.0 þ2.7 þ42.9 þ7.1 þ67.2 þ 11.2
50 þ17.0 þ2.8 þ45.8 þ7.6 þ72.1 þ 12.0
60 þ17.8 þ3.0 þ48.2 þ8.0 þ76.0 þ 12.6
70 þ18.5 þ3.1 þ50.2 þ8.3 þ79.3 þ 13.2
80 þ19.0 þ3.2 þ51.9 þ8.6 þ82.2 þ 13.6
90 þ19.5 þ3.2 þ53.5 þ8.9 þ84.8 þ 14.1
100 þ20.0 þ3.3 þ54.8 þ9.1 þ87.1 þ 14.4
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Fig. 6 is complete. The low-pass characteristic of the STF
may be verified from Equation 33.

The results of such a design are shown in Figs. 7 and 8.
The design parameters are as follows: The internal qua-
ntizer is binary, the desired signal band is dc to 20kHz,
the sampling rate is 1MHz (i.e., OR¼ 25), the 3-dB cutoff
frequency of the Chebyshev type II high-pass filter is
about 68kHz, the designed stopband attenuation of the
high-pass response is � 60dB, and the stopband edge fre-
quency is 20kHz. Note that the output of the quantizer
shown in Fig. 6 is a binary bit stream.

When the input x[n] is a bandimited random signal,
produced by a white noise process driving a tenth-order
Butterworth low-pass filter with a 3-dB cutoff frequency of
10 kHz, the spectrum of the output bit stream is as shown
in Fig. 7. Note that the random input spectrum is �60dB
at 20kHz, as determined by the characteristics of the
Butterworth filter, and beyond which the noise spectrum
dominates as observed in Fig. 7. Therefore, in Fig. 7, below
20kHz there is signal-plus-noise, and above 20kHz is
shown the quantization noise spectrum.

To better isolate the signal and noise in-band, a very
narrow signal spectrum is desired, and this is often ac-
complished with a sinewave input, which is illustrated in
Fig. 8. In Fig. 8, the input x[n] is a 1-kHz sinewave. The
spectrum of the output bit stream is shown in Fig. 8. The
quantization noise is about � 72dB relative to the signal
power. From Fig. 8, Sxðe

joÞ¼ dðoÞ, and from

s2x ¼
1

p

Z p

0
Sxðe

joÞdo

(see Equation 20), s2x ¼1=p. Because s2x is the power in
x[n], a sinewave, x[n] must have a peak value of

ffiffiffiffiffiffiffiffi

2=p
p

.

Therefore, VR2
¼ � VR1

¼
ffiffiffiffiffiffiffiffi

2=p
p

. From Equation 12 and
from Fig. 8,

s2q¼ 6:3� 10�8¼
ðVR2
� VR1

Þ
2

12� 22N
¼

8

12p� 22N
: ð35Þ

From Equation 35, it follows that the equivalent number
of bits, N, is about 12 bits. Similar results may be obtained
by a Butterworth–MASH architecture (23).

8. SELECTION CRITERIA FOR AN ADC CONVERTER

Several considerations are necessary for the proper selec-
tion and use of an ADC. First are basic considerations as
to the environment in which it is to be used. These con-
siderations are concerned with whether a particular con-
verter will work properly with the computer and system
already in place. The converter must mechanically fit,
have appropriate voltages available for its use, have cable
or bus connections of the appropriate type, and have an
analog input voltage range that is appropriate.

Second, does the converter have the needed number of
bits and will it operate at the desired sample rate? Often
in a particular application it may not be necessary to know
the technical details of how the converter works, that is,
for example, whether it is a successive approximation con-
verter or some type of delta-sigma converter, but it will
almost always be of significant importance as to the num-
ber of bits and the sample rate (sometimes called the word
rate). The number of bits is related to the SNR. From Ex-
ample 1,

SNRdB¼ 20N log10ð2Þ;

where N is the number of bits, or the inverse may be
stated as follows:

N¼
SNRdB

20 log10ð2Þ
: ð36Þ

These equations are true no matter what type of converter
is used. The particular application will determine the
number of bits, or equivalently, the SNRdB. For example,
if the sampled data are going to be analyzed for some ar-
tifact that may be 60dB below the maximum average
power level of the input, the SNRdB of the converter needs
to be significantly greater that 60 dB. That is, from Equa-
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Figure 7. Spectrum of the output of a fourth-
order Chebyshev type II design for a random
input.

Figure 6. A generalization of Fig. 4 that allows for higher orders.
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tion 36, more than ten bits is required in the ADC. In ad-
dition, the maximum sample rate (word rate) of the con-
verter needs to be at least as high as the Nyquist rate
(twice as high as the highest frequency component in the
input signal).

Third, is the software control for the ADC sufficiently
flexible so that the converter will accomplish what is
needed? Will the software allow a flexible selection of sam-
ple rates, or are only a few sample rates available? Is the
input analog voltage range under software control?

Fourth, what sampling frequency accuracy is required
in the specific application? Sampling frequencies are typ-
ically derived from a system clock and obtained by divid-
ing the clock frequency by some integer power of two. If
the clock frequency is in error from its nominal value by
x%, then the sampling period T will also be in error by
about x%. Critical time values in the data analysis, and
critical frequency values, will be in error by x%. If the
precise value of the clock frequency is known, then so will
be the precise value of the sampling period, and the clock
frequency error can be readily adjusted for in the data
analysis.

This discussion provides a brief indication of the crite-
ria needed for the proper selection and use of an ADC.
Technical details have been provided in earlier sections of
this article.
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1. INTRODUCTION

Since the introduction of general anesthesia in 1846 (Oc-
tober 16th, the ‘‘ether day’’), surgical procedures may be
carried out while the patient remains insensitive to pain
and other external stimuli (1). As a result of the simplicity
of the systems used for the delivery of the first anesthetic
agents, the use of anesthesia spread quickly among the
medical community. As new gaseous agents were intro-
duced, the equipment required for delivering them started
to be considered as part of the standard medical equip-
ment, so that when the first vaporized agents came onto
the scene, the medical community was ready for the adop-
tion of this kind of equipment (2). A similar timeline was
followed after the introduction of the first intravenous
agent in 1934, leading to the modern infusion systems in
current use worldwide. As with many other manufactured
products, the machines used for anesthesia have changed
as technology developed within the industrial and mili-
tary fields. In this sense, it is easy to understand that
modern anesthesia machines include accurate electronic
sensors, complex embedded computers, and high-precision
mechanic elements in order to ease the operative proce-
dures to the anesthesiologists and, at the same time, grant
the security of the patient.

This work will focus on different technological aspects
involved in the design and selection of new equipment for
anesthesia delivery. With this orientation in mind, the
authors have centered this review on anesthesia machines
for delivering vaporized and intravenous agents, because
of the recent growth of this later method.

1.1. Anesthesia Machines in the Operating Room

Although anesthesia has been generally described as the
part of the medical profession that ensures that the pa-
tient’s body remains insensitive to pain and other stimuli
during surgical operations, the currently accepted role for
the anesthesiologist includes all of the procedures that
have to be performed to offer a completely balanced anes-
thesia (3). In this sense, anesthesia is understood as a pa-
tient care within four different domains: sedation
(reversible patient unconsciousness), relaxation (temporal
reduction of the motoric functions of the patient in order to
ease the surgical procedures), analgesia (insensitivity to
pain), and respiration (granting the respiratory function
in order to avoid permanent damage to the different tis-
sues), which has led medical device manufacturers to de-

velop complex machines for anesthesia delivery and
patient monitoring.

Figure 1, which shows a typical setting found in many
operating rooms, includes the equipment required for the
delivery of vaporized and intravenous agents in order to
allow the proper sedation method for each patient and
surgical procedure. The main elements of the anesthesia
delivery system illustrated include the gas supply system,
the gas mixing subsystem, the vaporizer for inhaled
agents, the mechanical ventilator, the breathing circuit
of the patient, the absorber for CO2 removal, the infusion
pumps required for intravenous anesthesia, and the mon-
itoring subsystem for patient and equipment supervision
(4). In order to cover each system in depth (as allowed by
the length of the article and the knowledge of the authors),
the next sections will review the elements listed above.

2. ANESTHESIA MACHINES FOR INHALED AGENTS
DELIVERY

The design of anesthesia machines, as they are known to-
day, can be considered as a direct result of almost one
century of technological advances in the medical field. On
the one hand, the fabric masks used for the application of
ether or chloroform were abandoned on behalf of vaporiz-
ers able to supply accurate concentrations of the vaporized
agents. On the other hand, the first mechanical ventila-
tors introduced at the beginning of the twentieth century
took advantage of the advances generated within the mil-
itary and chemical industries, leading to the modern ven-
tilation systems.

This section will try to provide a review of the different
elements constituting these devices from an operationally
centered approach. In this sense, the reader is encouraged
to consult Fig. 2 in order to follow the outline of this re-
view.

2.1. Principles of Operation

According to the definition included in the European Stan-
dard EN740 (Clause 3.1), an anesthesia machine is ‘‘a
system for the administration of inhalation anesthesia
which includes one or more actuator modules, their par-
ticular monitoring and alarm modules, and essential haz-
ard protection modules.’’ A simpler, yet complete,
definition of an anesthesia machine may be stated as a
device that delivers a precisely-known but variable gas
mixture, including anesthetizing and life-sustaining
gases. In this sense, anesthesia units dispense a mixture
of gases and vapors of known concentrations in order to
control the level of consciousness or analgesia of the pa-
tient undergoing surgery.

As this work falls beyond the scope of clinical anesthe-
sia but within the technological aspects of its delivery, the
reader should understand the basics of the administration
of inhaled anesthetics, so a basic description is enclosed
below (5).

Anesthesia is achieved by administering a mixture of
O2, the vapor of a volatile liquid halogenated hydrocarbon
anesthetic, and, if necessary, N2O and other gases. As
spontaneous breathing is often depressed by anesthetic
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agents and by muscle relaxants administered in conjunc-
tion with them, respiratory support is usually necessary to
deliver the breathing gas to the patient.

For these purposes, the anesthesia machine must per-
form the following functions:

* Assuring the proper oxygen (O2) flow delivery to the
patient.

* Vaporizing the volatile anesthetic agent and blending
it into a gas mixture with O2, nitrous oxide (N2O),
other medical gases, and air.

* Granting the ventilation of the patient by controlling
spontaneous ventilation and using mechanical assis-
tance if needed.

* Minimize the anesthesia-related risk to the patient
and the clinical personnel.

At this point, providing the reader with an overview of the
basic machine operation becomes mandatory, as it will
ease further discussions of the different components of
these machines.

The gas flow supplied by either the pipelines (2) or the
security high-pressure cylinders (1) is regulated at the
flowmeters (5) and mixed in the common gas manifold en-
tering the vaporizer (8), where this mixture is vaporized
with the anesthetic agent used. This fresh gas flow is then
sent to the patient through the breathing circuit (12), that
also collects the expired gas in order to process it through
the circuit selected (15). In either case, the gas will pass
through the absorber (14) in order to remove carbon diox-
ide before returning to the inspiratory branch. If mechan-
ical ventilation is used, the ventilator (18) sets the
inspiratory and expiratory cycles according to the control
adopted. In the case of spontaneous ventilation, the ex-
haled gas is scavenged through an adjustable pressure
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Figure 1. Simplified view of the anesthesia machines in the operating room. (1) Central gas sup-
ply (oxygen, nitrous oxide, and air), (2) high-pressure gas cylinders, (3) gas flowmeters and mixing
controls, (4) anesthetic agent vaporizers, (5) mechanical ventilator, (6) breathing reservoir bag, (7)
absorber for carbon dioxide removal, (8) patient and machine monitors, (9) monitoring amplifier
modules, (10) infusion pumps, and (11) standing pole.
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limiting valve (APL) to the available waste gas removal
system (23).

From the description related above, the anesthesia ma-
chine may be understood as the ensemble of the following
subsystems:

* Gas supply
* Flow Regulators
* Vaporizer
* Breathing system
* Scavenging system

2.2. Gas Supply System

As mentioned above, anesthesia machines do not just ad-
minister the anesthetic agents but also life-sustaining
gases, such as oxygen and nitrous oxide (that may be sub-
stituted by medical air or helium, among others), so that
dedicated systems have been developed for precisely sup-
plying the proper concentration of these gases to the pa-
tient. In this sense, the gas supply system relies on three
different components: the gas source, the flow regulators,
and the associated safety devices.

2.2.1. Gas Sources. The gases commonly used in anes-
thesia (oxygen, nitrous oxide, and compressed air) are un-
der high pressure and may be piped in from a central
storage area or used directly from nearby compressed gas
cylinders in case of central supply failure (4–9).

2.2.1.1. Central Gas Supply. As medical gases are used
in most of the hospital’s rooms besides the operating
rooms, it is typical to provide a central storage area for
the whole installation. Both oxygen (produced by frac-
tional distillation of liquid air) and nitrous oxide (pro-
duced by heating of ammonium nitrate in the presence of
iron) are stored in liquid form in high-pressure tanks
placed outside the facility in order to minimize the risk
of combustion, whereas the medical air is produced and
distributed from a compressor plant on-site. These gases
are usually supplied at 345 KPa (50 psi) after a two-stage
regulation from the nominal pressure of the tanks. The
wall outlets (2) are usually suited with primary and sec-
ondary check valves (that prevent reverse flow of gases
from machine to pipeline or atmosphere), a pressure reg-
ulator, and a filter for the removal of the impurities.

Besides the fact that wall connectors should be color-
coded for each gas according to national standards, the
piping connections for O2 and N2O can be accidentally in-
terchanged during installation or repair of medical gas
systems, which may lead to harmful conditions. In order to
minimize these risks, several regulations have proposed
the use of specially designed connection systems, such as
in the United States, where the Diameter Index Safety
System (DISS) introduced by the Compressed Gas Asso-
ciation (CGA) has been adopted as a clinical standard.
This system, designed to operate below 1380 KPa (200 psi),
establishes a standard for non-interchangeable, remov-
able connections for use with medical gases, vacuum (suc-
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Figure 2. Schematic diagram of an anesthesia machine for the delivery of inhaled agents. (1)
High-pressure gas cylinder, (2) central gas supply outlet, (3) unidirectional-flow valve, (4) pressure
regulator, (5) gas flowmeter, (6) fail-safe device, (7) carrier gas selector, (8) vaporizer, (9) oxygen
flush valve, (10) fresh gas flow positive pressure relief valve, (11) unidirectional inspiratory valve,
(12) patient breathing circuit, (13) unidirectional expiratory valve, (14) carbon dioxide absorber,
(15) mechanical ventilation or spontaneous breathing circuit selector, (16) breathing reservoir, (17)
adjustable pressure limiting valve or pop-off valve, (18) mechanical ventilator, (19) ventilator driv-
ing gas selector, (20) scavenging gas positive pressure relief valve, (21) scavenging gas negative
pressure relief valve, (22) scavenging reservoir bag, and (23) central vacuum inlet.
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tion), and evacuation service. Each DISS connection con-
sists of a body adaptor, nipple, and nut. As the diameter of
the body adaptor increase/decrease proportionally, only
properly mated and intended parts fit together to permit
thread engagement. In place of diameter indexing, oxygen
(DISS 1240) has been assigned the long-established 9/1600-
18 thread connection as its safety standard. The DISS
system is used on gas pressure regulator outlets, wall out-
lets, anesthesia equipment, and respiratory equipment.

2.2.1.2. Gas Cylinders. In case of central supply failure,
the anesthesia machine should be fitted with a backup
source of medical gases in order to grant continuous ven-
tilation to the patient, which has become mandatory in
most countries where the use of backup gas cylinders is
specifically included within the regulations related to an-
esthesia machines. For this purpose, it is advisable to in-
clude cylinders for oxygen and nitrous oxide delivery.

These compressed gas cylinders (which are mounted on
yokes attached to the anesthesia machine) use a filter, an
unidirectional flow check valve, a pressure regulator, and
gauge. The pressure regulator (4) is needed to set the gas
pressure below the pipeline supply pressure (310 KPa for
the cylinders) in order to prevent recirculation of the gas
from the cylinders to the central supply system. Aside
from this pressure regulator, cylinders usually include ad-
ditional security features such as a safety relief device
consisting of a frangible disc that bursts under extreme
pressure, a fusible plug made of Wood’s metal that has a
low melting point, a safety relief valve that opens at ex-
treme pressure, or a combination there of.

Safety is assured by means of color codes identifying
the gas contained by the cylinders and a hardware iden-
tifying system such as the American Standard Safety Sys-
tem (ASSS) and Pin Index Safety System (PISS). Although
the ASSS applied to cylinders having threaded gas ports is
mostly used for distinguishing between flammable and
nonflammable gases, PISS, a subsystem of the first, has
become mandatory within the medical field. This system
relies on the use of holes drilled in the face of the cylinder
valve face and a yoke with pins matching the holes in the
valve face for each specific gas (six hole-pin combinations
exist).

2.2.2. Safety Devices. In order to prevent damage as-
sociated with hypoxic ventilation, several safety devices
are included within the anesthesia machine. The hypoxic
guard system links the controls of O2 and N2O in order to
avoid the administration of hypoxic gas mixtures (mix-
tures containing less than 25% oxygen). This system is
complemented by means of the so-called fail-safe device
(6), which shuts off the nitrous oxide supply when the ox-
ygen pressure at the flowmeter falls below a certain
threshold value, which typically ranges from 69 KPa
(10 psi) to 138 KPa (20 psi). Additionally, an oxygen flush
valve (9) must be included in order to allow the rapid (35–
75 L/min) washout of the breathing circuit in case of emer-
gency, as this valve directly injects oxygen into the patient
without passing through any kind of vaporizer (4–9).

2.3. Flow Regulators

Since the introduction of the ‘‘Rotameters’’ of Küpers by
Neu in 1910, anesthesia machines have included indepen-
dent flow controls for each of the medical gases used in
order to cover the requirements of the anesthesiologist for
precisely controlling the amount of each gas flowing into
the breathing circuit attached to the patient. These flow
meters (5) typically consist of a glass tube in which a
floating conical element rotates at different heights as a
function of the flow streaming out from the meter. Al-
though modern machines have included electronic flow-
meters based on different sensing principles (ultrasound
Doppler, electromagnetic sensing, etc.) and digital dis-
plays, it is advisable to include at least one conventional
glass flowmeter in order to allow operation even when
electrical power fails (8,9).

Regulations, such as American ASTM F1850 or the
European EN740, specify the minimum requirements re-
garding the use of flowmeters in anesthesia machines.
These regulations establish that a single control located
next to a flow indicator should be included for each gas.
The control knob associated with the oxygen flow control
should be uniquely shaped in order to ease fast operation
in case of emergency. The flowmeter should be protected
against damage caused by excessive rotation by means of
a valve stop or some other mechanism. Although the lo-
cation of the oxygen flowmeter within the flowmeter is
different in the United States (right) and United Kingdom
(left), it is assumed worldwide that the oxygen flow going
out of the flowmeter has to join the common gas stream
downstream of the other gases.

Additional components such as a carrier gas circuit se-
lector (7) or a ventilator driving gas selector (19) may be
included in order to offer more features.

2.4. Vaporizer System

In order to deliver most of the inhaled anesthetic agents
through the breathing circuit, these liquid substances
must be vaporized into the carrier gas stream. To achieve
this goal, special devices have been developed and, today,
are considered one of the most important elements found
in anesthesia machines.

A vaporizer enriches the carrier gas mixture with a va-
por fraction of the volatile agent by means of different
principles, leading to different families of these devices
such as those known as variable bypass, heated blender,
measured flow, draw-over, and the recently introduced in-
jectors (5). The most common are shown in Fig. 3.

2.4.1. Variable Bypass. The variable bypass vaporizer is
the most commonly used in today’s machines for the va-
porization of many agents such as enflurane, isoflurane,
halothane, and sevoflurane. This type of vaporizer re-
ceives this name because a variable shunt valve (c in
Fig. 3) regulates the proportion of gas flowing into the va-
porization chamber and into the mixing chamber (b). As
the gas flowing out of the vaporizer chamber is mixed with
the bypassed gas stream, the concentration of the agent in
the gas mixture is directly related to the splitting ratio of
the valve. Temperature compensation bellows (d) are in-
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cluded in order to compensate for the effect of temperature
changes that affect the equilibrium vapor pressure above
the agent. As this kind of vaporizer is able to deliver ac-
curate concentrations of the anesthetic agent, specific de-
signs and calibration methods are used for each type of
liquid agent.

2.4.2. Heated Blender. Initially introduced for use with
desflurane, the liquid agent is heated within a sump
chamber before entering the mixing chamber through an
adjustable feedback-controlled metering valve (f) that reg-
ulates the vapor stream flow.

2.4.3. Measured Flow. Also known as the copperketlle
of flowmeter-controlled vaporizers, these devices are not
able to deliver accurate concentrations of the liquid agent
because they are not calibrated, which is because of the
vaporization control implemented, which is based on a
constant flow of carrier gas (g) bubbling up (h) through the
liquid agent. Other types of similar vaporizers exist such
as the flow-over (where the carrier gas flows over the sur-
face of the liquid agent instead of bubbling through it) and
the draw-over vaporizers (employed in the military filed
and in situations where pressurized gas sources are not
available).

2.4.4. Injector. This recently introduced system uses a
valve (i) to regulate the amount of fresh gas flowing into a
pressurized chamber where the liquid agent is stored. As
the pressure of this chamber increases, the agent is forced
up through the injector nozzle (j) where it is atomized
within the fresh gas flow because of the Venturi effect. As
no vaporization occurs (just atomization of the liquid
agent), temperature compensation is not required.

In addition to the technology adopted, regulations es-
tablished by the competent authorities have made man-
datory the use of a vaporizer interlock that grants that
only one vaporizer of the set installed at the machine may
work at a given time in order to prevent multiple agent
vaporization into the patient circuit. The vaporizers
should include a liquid agent level in order to prevent
overfilling and a keyed-filler device in order to avoid filling
a vaporizer with the wrong agent.

2.5. Breathing System

Once the anesthetic agent is vaporized at the desired con-
centration, the gas mixture has to be administered to the
patient in order to get the desired therapeutic effect and
the proper ventilation. For this purpose, anesthesia ma-
chines are connected to the patient by the so-called
breathing circuits, made out of black antistatic rubber or

Variable Bypass Heated Blender

Measured Flow Injector

a

b
d

c

e

a

b

f

a
ah

g i

j

Figure 3. Idealized views of different types
of vaporizers. (a) Liquid agent, (b) mixing
chamber, (c) bypass valve, (d) temperature
compensation bellows, (e) pressure relief
valve, (f) feedback-controlled metering valve,
(g) constant flow valve, (h) gas mixture bub-
bler, (i) bypass valve, and (j) injector.
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polypropylene (despite the fact of not withstanding autoc-
laving, this type is currently the most frequently used be-
cause of its low cost and hygiene, as it is designed for one-
time use only). Transnational regulations have set a
worldwide standard coaxial connector of 22/15 mm diam-
eter for the connection of the patient’s circuit to the com-
mon gas outlet.

2.5.1. Breathing Circuits. Breathing circuits are often
classified either as open systems or closed systems. In
open systems, the fresh gas flow is administered to the
patient before being scavenged, whereas in closed sys-
tems, the exhaled gases are processed in order to recycle
them, reducing the total amount of agent required (in or-
der to reduce anesthesia costs and staff exposure to the
agents, as proposed by the NIOSH). As these types may
present different variations, a further classification groups
the breathing circuits as open (where no rebreathing oc-
curs at all and the gases are scavenged directly), semiopen
(although no rebreathing occurs, gases are scavenged
through the reservoir bag), semiclosed (which present a
partial rebreathing of the exhaled agents and use a res-
ervoir bag), and closed (where complete rebreathing oc-
curs through the reservoir bag). Although the circle
system is the one most commonly used, non-rebreathing
breathing circuits (NRB or ‘‘T-piece’’ systems) are widely
used, so a deeper discussion is provided below (6).

2.5.1.1. Circle System. The breathing circuit receives
the vapor-enriched gas mixture from the vaporizer outlet
and sends it to the patient circuit (12) through the unidi-
rectional inspiratory valve (11), installed to prevent re-
breathing from the patient to this branch of the circuit.
The inspired branch is completed with a security over-
pressure valve (10) installed in order to release the gas out
of the circuit in case the pressure of the gas mixture going
into the patient circuit exceeds the threshold of 12.5 kPa
(125 cm H2O) established by the regulating authorities.

The exhaled gases return through the unidirectional
expiratory valve (13) flowing into the absorber (14), which
is installed to remove carbon dioxide in order to recycle the
breathing gas. In the function of the circuit selected (15),
part of the exhaled gases will cycle through the ventilator
(18) or the spontaneous breathing circuit formed by the
breathing reservoir bag (16) and the adjustable pressure
limiting valve (APL) (17) before returning to the absorber
inlet. It should be said that the actual design of the ma-
chine differs from the theoretical view of Fig. 2 as both
branches of the circuit (inspiratory and expiratory) share
a common gas outlet (CGO) where the patient circuit is
connected through a coaxial assembly.

The reader should be aware that the ‘‘Bain’’ circuit is a
modification of the Mapleson Type ‘‘D’’ circuit, where the
fresh gas flow enters the circuit through the inner conduit
of the coaxial tubing used.

2.5.1.2. Non-Rebreathing Circuits. These circuits allow
oxygen, nitrous oxide, and the volatile agent to flow in and
out of the patient before being released to the scavenging
system required to avoid the contamination of the atmo-
sphere at the operating room.

Besides being simple to operate, the agent is wasted, so
the costs associated with the anesthetic procedure are in-
creased. In NRB circuits, unidirectional valves (11 and 13)
are not used because both branches of the respiratory cir-
cuit use different tubing. As rebreathing does not occur, no
need exists for chemical removal of the exhaled CO2

, so
absorbers are not used. The five types of NRB most com-
mon in the operating rooms were classified by Mapleson,
who identified them with a letter (A to E), a system that
has been followed from that time by other authors, such as
Willis et al. in 1975 when they introduced type F. These
circuits, which are shown in Fig. 4, differ on the location of
the inlets for the fresh gas flow and the exhaled gases, and
in the use of the breathing bag.

2.5.2. Carbon Dioxide Absorber. Circle systems require
the use of chemical elements for carbon dioxide removal
from the exhaled gases before recycling them back to the
inspiratory limb of the breathing circuit. These absorbers
present in the form of a canister containing pellets of the
absorbing compound, which is placed within a shell con-
nected inline with the circle system. Although several
compounds have been developed since the adoption of
this technique (initially introduced in the military field
for the regeneration of the air in submarines and in the
mining industry), most of them are based on soda lime
absorption of carbon dioxide in a three-stage process de-
picted in Fig. 5.

Carbon dioxide is hydrated with the water vapor lead-
ing to the formation of carbonic acid (i). Then, the acid
reacts with the sodium hydroxide (which is a base) in a
neutralization process that generates a salt (sodium car-
bonate) and a water-releasing energy in the form of heat
(ii). Finally, this salt reacts with the calcium hydroxide
(soda lime) leading to the precipitation of another salt
(calcium hydroxide) and sodium hydroxide (iii). The final
balance indicates that only one part of carbon hydroxide is
consumed per part of CO2 absorbed, leading to a part of
the precipitated salt and a part of water so that no harm-
ful byproducts are generated (theoretically). Note that
soda lime pellets do not only contain sodium hydroxide
but also potassium hydroxide, which leads to similar re-
actions for that compound.

Aside from the activators (sodium hydroxide and po-
tassium hydroxide), soda lime pellets also contain other
substances as hardeners (such as silica and kieselguhr)
and indicators. This last type of additive, which is in-
cluded in order to give a visual cue of the exhaustion of the
absorptive properties of the pellets, react to an increase of
the pH produced by an accumulation of carbonic acid that
cannot be absorbed by the hydroxides, changing the color
of the pellets (6).

CO2 H2O

2NaOH EnergyH2CO3 2H2O

Na2CO3 Ca(OH)2 2NaOH

+

+

+

+

+

+

H2CO3

Na2CO3

CaCO3 

CO2 + Ca(OH)2 EnergyCaCO3 +H2O+

i)

ii)

iii)

Balance

↓

↓

Figure 5. Carbon dioxide absorption by soda lime.
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Despite the obvious advantages of this absorbent, it
presents some drawbacks that have favored the introduc-
tion of new substances. On the one hand, as the sevofluo-
rane is unstable in soda lime, a substance known as
‘‘Compound A’’ may be generated, endangering the life of
the patient, because this substance is lethal at 130–
340 ppm, and values around 25–50 ppm (which have
been associated with renal injury in rats) have been ex-
tensively reported within normal clinical procedures,
which does not just happen with this agent as the soda
lime is totally incompatible with the trichloroethylene,
generating a cranial neurotoxin (dichloroacetylene) and a
potent pulmonary irritant (phosgene). On the other hand,
Carbon monoxide (CO) is produced with many agents
(desflurane, enflurane, isoflurane, halothane, and sevoflu-
rane) because of the strong bases used as activators (KOH,
NaOH). In order to overcome these problems and reduce
the risk to the patient, alternative substances such as the
barium hydroxide (Ba(OH)2) have been recently intro-
duced. The mechanism of the carbon dioxide absorption
for this base is shown in Fig. 6.

In this case, a two-way removal of the carbon dioxide
from the exhaled gas flow exists as one-tenth of this gas is

removed by the hydrated barium hydroxide, releasing the
amount of water required to produce the carbonic acid re-
quired for the absorption of the remaining nine-tenths of
the carbon dioxide. As a result of these reactions, only
water and two precipitated salts are generated (calcium
and barium carbonates).

2.5.3. Ventilation. As mentioned before, ventilation of
the patient should be granted for the supply of the life-
sustaining gases and the vaporized anestethic agent,
which is usually done in two ways, depending on the ven-
tilatory assistance strategy adopted. If the patient pre-
sents a healthy condition and the surgical procedure does
not interfere with the function of the respiratory system,
the anesthesiologist in charge of the sedation may opt for
keeping spontaneous ventilation throughout the proce-
dure instead of appealing to mechanical ventilation.

If the first strategy is adopted, the patient will breath
spontaneously inhaling the gas mixture through the in-
spiratory limb of the circuit before exhaling the mixture to
the expiratory one. As the gas is expired, it enters into the
reservoir bag (16) connected to the pop-off or adjustable
pressure limiting valve (17), which is sensitive to the pres-
sure of the exhaled stream.

In case this pressure exceeded the preset level, the APL
valve will open, sending a fraction of the exhaled gases
directly to the scavenging system. If mechanical ventila-
tion is used, a similar valve located at the ventilator will
release the excess pressure to the scavenging system, as-
suring the proper operation of the machine. As mechanical
ventilation is reviewed in a dedicated chapter of this en-

Mapleson C

Mapleson B

Mapleson A Mapleson D

Mapleson E

Willis F

Bain

Fresh Gas Flow
Exhaled Gases

Figure 4. Non-rebreathing breathing
(NRB) circuits.
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Figure 6. Carbon dioxide absorption by barium hydroxide and
soda lime.
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cyclopedia, the reader is encouraged to consult that work
in order to get further information on these devices, which
cannot be included on this chapter for obvious reasons.

2.6. Scavenging System

Once the gas mixture has been released by the ventilation
circuit, it must be properly disposed in order to avoid the
risks associated with the contamination of the operating
room’s atmosphere. For this purpose, most of the hospitals
count on central scavenging systems based on vacuum
pipelines.

In order to guard the patient airway from possible suc-
tion by the scavenging system, modern systems include
pressure relief valves. If the suction pressure was greater
than the pressure of the exhaled gas stream, the negative
pressure relief valve will open, letting the air from the
operating room flow into the scavenging system until the
pressure of the line reaches the preset value of the valve.
In the opposite case, when the suction pressure was not
enough to assure the disposal of the exhaled gases, a pos-
itive pressure relief valve will open, ejecting the exhaled
gas mixture into the atmosphere of the operating room.
This system, based around valves between the anesthesia
machine and the scavenging system, is known as a closed
system since the introduction of the first open systems in
recent years. In these other systems, which have become
popular, the exhaled gases are scavenged from a dedicated
reservoir bag without requiring pressure relief valves.

3. INFUSION PUMPS IN ANESTHESIA

From the first experiences of Sir Christopher Wren (who
has been credited as the first physician to administer in-
travenous drugs for anestethic purposes in 1655) and the
development of the hypodermic syringe by Alexander
Wood in 1855, anesthesiologists had to wait until 1934
for the presentation of the first known intravenous agent
(the thiopentone, first administered by Lundy & Waters)
in order to replace the inhaled anesthetic agents used at
that time (ether and chloroform) for general anesthesia.
What was initially introduced as the final solution for an-
esthesia turned into tragedy because of the lack of knowl-
edge of the drugs pharmacokinetics, to the point that,
when a large number of patients injured at Pearl Harbor
were lost because of problems with the induction and
maintenance dosing, this agent started to be described
as ‘‘an ideal method of euthanasia.’’

With the development of the pharmacokinetic modeling
techniques, traditional dosing in the form of discrete bo-
luses was substituted by total intravenous anesthesia (or
TIVA) where the drugs are administered at a constant rate
in function of the required dosage. Again, although this
method proved useful for some drugs of simple kinetics
(one compartment models), the performance at everyday
clinical procedures was limited with other drugs that re-
quired continuous intervention by the anesthesiologist in
order to correct the administration according to the clin-
ical signs related to depth of anesthesia (10). In order to
overcome this limitation, model predictive controllers
were proposed to drive the infusion of the hypnotic drug

in function of the predicted behavior of the drug within the
patient through the use of accurate pharmacokinetic mod-
els. The first device approved for clinical use, which was
introduced in 1996 for the administration of propofol, used
an embedded computer to simulate the plasmatic concen-
tration of the drug in order to adjust the required perfu-
sion rate by means of an analytical solution of the
associated three-compartment model (11,12).

On the one hand, this type of administration, also
known as target-controlled infusion (TCI), has renewed
the hope in intravenous anesthesia, and has recently en-
couraged the development of new depth of anesthesia
measurement methods suitable for closed-loop adminis-
tration of the intravenous agents (13). An example of the
different infusion schemes (bolus administration, TIVA,
and TCI) for propofol may be seen in the simulations de-
picted in Fig. 7 (14).

On the other hand, the stability of the sedation level
offered by TCI systems has led to the development of in-
travenous anesthesia machines that include all of the
classic systems except the vaporizer, resulting in very
compact units specially suitable for portable or in-vehicle
operation, particularly useful in military and humanitar-
ian missions.

3.1. Architecture of Anesthesia Infusion Pumps

As infusion pumps are widely use for purposes other than
anesthesia delivery, this encyclopedia will cover most of
the different technological topics involved in a chapter
dedicated to these devices; nevertheless, as the equipment
specifically designed for the delivery of intravenous anes-
thetics and muscle relaxants presents several aspects not
found in other pumps, a slight review of the internal ar-
chitecture of these devices is included below. In order to
guide this review, the reader is encouraged to consult Fig.
8, which depicts a general overview of these pumps.

The pump mechanics connect the stepper motor shaft
with the syringe plunger through the transmission gear,
which includes a clutch in order to ease the syringe load-
ing and disposal procedures. The stepper motor, so called
because it is able to turn in precise angular steps, is driven
by the embedded controller of the pump, which triggers
the motor driver in order to supply the required stimuli for
turning one angular step.

Both rotary encoders are placed at the motor and the
transmission shafts, providing the feedback signals re-
quired to assess the actual advance of the syringe plunger,
which are also useful for the detection of the clutch state
(as transmission declutch should generate an alarm when
infusing).

The pumping pressure may be monitored by a strain
gauge sensor located at one end of the slider antagonist
spring, once conditioned by the proper signal conditioning
circuitry. The other sensors located at the pump mechan-
ics are intended for the identification of the syringe type
through the measurement of the diameter (which is done
by means of a linear potentiometer designed to wrap
around the pumps outer cylinder) and the length (esti-
mated in function of the initial slider position) of the se-
lected syringe.
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As pump operation should be granted in adverse situ-
ations, a high number of security elements have to be in-
cluded in this basic design. First of all, an isolated power
source (which is always included in order to comply with
the required isolation barrier stated by the medical de-
vices regulations) charges the emergency battery for over-
coming power losses and allowing portable operation. The
watchdog circuit should continuously monitor the output
of this power supply in order to trigger the power-loss and
low-battery alarms. This circuit is also used for the super-
vision of the integrity of the embedded processor, as a sys-
tem breakdown should be notified immediately, as it is one
of the most serious failures. Memory integrity, usually
checked through the memory map checksum, and parity
calculation should be included in order to assess the in-
tegrity of the machine code stored for the pump operation.

In order to manage the different alarm conditions, a
priority system should be included (as a watchdog alarm
should be more important than a notification of the near
end of infusion condition). In fact, part of the alarming

system should be implemented in hardware (through a
sequential logic circuit designed around custom ASICs or
specially programmed PLDs), rather than in software, in
order to react to embedded processor malfunction. This
subsystem should include a nurse call function in order to
allow the remote notification of the alarming condition.

As happens with many other medical devices, serial
ports are included in order to provide remote operation of
the pump and data logging functions. On the one hand,
these interfaces (which usually conform with the EIA
RS232-C, RS-422, or RS-485 standards) should be prop-
erly isolated in order to reduce the risk of electric shock to
the patient and the anesthesiologists. On the other hand,
the integrity of the transmitted data should be granted by
means of standard cyclic redundancy checksum methods
such as CRC-16. Finally, additional modules, such as TCI
controllers that connect to the main processor, should in-
clude their own security features in order to check the in-
ternal condition and notify the main processor in case of
failure.
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Figure 7. Different schemes used in infusion pumps for intravenous anesthesia delivery. (a) Bolus
administration, (b) total intravenous anesthesia, and (c) target-controlled infusion. Although the
total infused volume is almost the same (around 90 ml) for the three plots, the advantages of TCI
are obvious as no overshoot is produced and the drug concentration in plasma is kept maximally
stable during surgery. Simulations made by the authors for a 45-year-old male patient of 70 Kg and
Marsh kinetic set for propofol under STANPUMP (14).
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3.2. Characteristics and Specifications

Although it might be difficult to state what the main char-
acteristics are that should be considered when evaluating
different infusion pumps for anesthesia, a complete list
should include at least all of the following:

Infusion Range: Maximum and minimum values of the
infusion rate. These values are especially important when
designing new control strategies and should be included in
the pumps model in order to limit the controller output to
physically achievable values (e.g., it would be easy to get a
flash induction by setting the infusion rate to infinite, al-
though the pump mechanics would never be able to reach
that speed). On the other hand, controllers should ignore
negative perfusion speeds because these devices are in-
tended just to pump the drug into the plasma but not to
extract it (as this is physically impossible). Typical ranges
cover from 0–0.1 to 1200 ml/h, although the same infusion
pump may present different ranges for each one of the
supported syringe types.

Bolus Rate: Maximum and minimum flow rates allowed
for bolus injection. As this parameter depends on the sup-
ported syringe types, a value should be included for each
one of them. The maximum values usually coincide with
the maximum infusion rates.

Bolus Limit: Maximum volume to be infused by a single
bolus. As the bolus injection is limited by the bolus rate,
the actually infused volume per each bolus will be the re-
sult of the product of the bolus rate per the bolus injection
time. Usual values are limited to 25 ml in order to mini-
mize the risk of overdosing.

Volumetric Accuracy: Although this parameter depends
on the different type of syringes supported, it has to be
taken into account in order to reduce the mismatch be-

tween the actually infused volume and the one demanded
by the controller. It should be noted that this value is often
expressed graphically through the so-called ‘‘trumpet di-
agrams’’ that represent the evolution of the volumetric
error along time in order to consider the transient time
required by the mechanical elements of the pump.

Critical Volume: In order to grant the safety of the pa-
tient, pump manufacturers have to include the maximum
volume that may be automatically injected by the pump in
case of a single fault condition. The electronic surveillance
systems included in current machines limit this value to
0.5 ml, which is small enough when compared with dan-
gerous doses.

Maximum Pumping Pressure Limit: As an excessive
pumping pressure could cause severe effects on the con-
dition of the patient, pressure sensors are built-in within
the pumps mechanics in order to trigger overpressure and
occlusion alarms (typically set around 280 mmHg and
650 mmHg, respectively).

Resolution: Minimum change at the output rate. As
most of the pumps are intended to cover a wide range of
infusion rates, the actual resolution offered by the pump is
usually presented as a function of the actual infusion rate,
so that lower rates present smaller steps among possible
rate values than at higher rates. Typical values start at
0.1 ml/h for the lowest infusion rates (below 99 ml/h) and
extend up to 10 ml/h (above 1000 ml/h).

Update Rate: As mentioned before, the pumps mechan-
ical elements present a significant response time in order
to grant the accuracy of the infusion rate. In order to com-
pletely define the controller’s specifications, the actual
pump update rate should be included for manual and re-
mote operation modes, as additional time delays are fre-
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Figure 8. General infusion pump architecture.
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quently introduced by the serial communications inter-
face. As in many cases linear operation is not supported,
the pump has to be stopped in order to change the infusion
rate and then started again, the whole cycle time should
be considered for the purposes listed above.

Purge Limit: In order to grant the proper administra-
tion of the intravenous agents, the air in the infusion lines
should be removed in order to avoid administration of
bubbles that would endanger the patient. The purge vol-
ume is usually limited in order to increase the manual
control of the process and to avoid the waste of the agents
used. Typical values are around 2 ml.

3.3. Infusion Control for Accurate Dosing

As pointed out previously, intravenous anesthesia has
gained wider acceptance because of the advances intro-
duced on dosing as pharmacokinetic models have been de-
veloped for the agents used. This section will describe the
basic principles of the modeling technique involved in the
operation of model-driven infusion pumps, as described in
Fig. 9.

The infusion of an intravenous drug may be modeled as
a mass flow (I) entering into the blood plasma, diffusing
toward the different tissues perfused by the blood flow,
which behave as reservoirs storing part of the drug before
turning it back to the blood plasma. Finally, the drug is
washed out from the plasma through liver and renal clear-
ances, which may be modeled mathematically through the
use of compartmental modeling techniques by associating
a virtual compartment of known volume to the plasma (C1

in Fig. 9) and several adjacent compartments to the rest of
the tissues (C2 and C3). The diffusive processes may be
modeled by first-order systems of gain and time constants
derived after the so-called rate microconstants that model
the intercompartmental diffusion.

Although early designs appealed to numerical integra-
tion techniques in order to obtain discrete approximations
to the analytical solution of the differential equation set

associated with the model description (illustrated in Fig.
9), current designs use the algorithm proposed by Bailey
and Shafer (11) in order to maximize the accuracy of the
predicted concentrations.

Target-controlled infusion is achieved, as seen in Fig.
10, by means of linear interpolation caused by the linear-
ity of the system. Suppose the pump is about to calculate
the rate needed to hold the target concentration (CT) for
the next DT seconds. At this point, the model is simulated
assuming an input infusion rate equal to the maximum
rate of the pump (IMAX), resulting in a maximum value for
the concentration for that time (CMAX). This process is
simulated again but supposing an input rate equal to the
minimum rate offered by the pump (Imin). It is possible to
find the linear relationship among the perfusion rate and
the final concentration at that certain point, which en-
ables the calculation of the exact rate required to hold the
desired concentration. Finally, the model is simulated con-
sidering this rate in order to obtain the state variables (C1,
C2, and C3) required for future predictions.

The reliability of this system is limited by the proximity
of the patient’s model described by the kinetic set consid-
ered and the actual model of the patient. In order to over-
come these limitations, models are derived after
considering a high number of clinical samples, which lim-
its the number of models available for each drug. It should
be said that, in this work, the target concentrations have
been described for the plasma, but actual devices offer the
possibility of driving the infusion to reach certain concen-
tration levels at the effect site (a virtual compartment re-
ceiving the drug from the plasma, which is supposed to be
the actual origin of the therapeutic effect of the anesthetic
agent) (15,16).

4. MONITORING

In addition to the main components described above (gas
delivery, vaporizer, ventilator, and breathing circuit), an-
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esthesia machines usually include a monitoring subsys-
tem specifically designed for the supervision of the state of
the patient and the proper function of the whole system in
order to:

1. Improve the security of the patient as a whole by
preventing potentially harmful physiological condi-
tions and detecting malfunctions in the normal op-
eration of the anesthesia delivery unit.

2. Collect several physiological measures, which are
considered to be interesting by the specialist in
charge of the anesthetic procedure.

3. Check the integrity of the different components in-
volved in anesthesia administration and taking cor-
rective actions in response to system malfunctions.

4. Study the degree of change on a certain indicator in
order to analyze trends and provide data required
for the forecast of the patient evaluation (prognosis)
during the surgical procedure.

5. Validate the impact of an specific therapy on the
physiological state of the patient in order to give
personalized anesthetic care.

Despite the potential offered by current systems, the in-
formation gathered by the monitoring equipment should
be analyzed by the specialist in charge of the anesthesia as
a whole, along with the clinical observation of the patient,
in order to bear in mind those possible harmful conditions
that may not be automatically detected.

4.1. Anesthesia Delivery System Supervision

System failures or malfunctions (such as hypoxic gas mix-
ture administration, poor ventilation of the lungs because
of low-volume gas mixture supply, or misconnections in
the administration piping, overdosing, etc.). seriously en-
danger patients undergoing the anesthetic procedure. In
order to avoid the undesired effects of these failures,

granting the proper operation of the anesthesia delivery
unit, several variables should be monitored, such as (7):

- Inspired oxygen concentration.

- Anesthetic vapor concentration.

- Carbon dioxide concentration.

- Air pressure.

- Exhaled gas volume.

- Manually operated valves and regulators set-points.

4.1.1. Gaseous Concentrations. The measurement of
the concentration of the inhaled and exhaled gas mixtures
is important to grant the administration of the proper
proportion of medical gases and anesthetic agents, which
provides timely information required to supervise the in-
tegrity and proper operation of the respiratory circuit and
the anesthesia machine.

As the anesthesiologist has to grant the proper oxygen-
ation of the body tissues throughout the procedure, oxygen
concentration has to be continuously monitored in order to
reduce the risk of administration of hypoxic or hyper-ox-
ygenated gas mixtures. Delivery of inappropriate gas mix-
tures should trigger the proper alarming mechanism.
Although most of the devices limit the minimum rate of
oxygen to a minimum of a 25%, inspired oxygen concen-
tration has to be sensed at the inhalatory branch of the
breathing circuit by means of transducers based on differ-
ent principles of operation such as electrochemical, gal-
vanic, polarographic, or paramagnetic elements of proved
immunity to other gases.

Concentration of the other gaseous components present
in the gas mixture (such as CO2

and vaporized agents) is
sensed using other techniques based on the optical prop-
erties of the different substances such as mass spectrome-
try, Raman spectrometry, and infrared spectrometry, the
latter being the most widely used because of size, reliabil-
ity, and life span. These sensors sample the gas flow at
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different points depending on the technology used. The
most widely used systems are those sampling centrally
(known as mainstream sensors) or laterally (known as
side-stream sensors). Central sampling systems, which
analyze the gas concentration through a miniature optic
sensing element wrapped around the endotracheal tube,
are mainly used for the assessment of the CO2

concentra-
tion, as these devices are intended for the analysis of just
one type of gas. The lateral or side-stream system (which
is suited with a water trap to avoid the possible damage
caused by condensed water vapor), takes samples of the
gas flow near the endotracheal tube at a rate ranging from
50 mL �min� 1 (from children) up to 250 mL �min� 1 (from
adults), analyzing the whole composition of the gas mix-
ture before discarding or returning the gas samples.

4.1.2. Ventilation. Patient ventilation should be contin-
uously evaluated in order to grant the proper respiratory
function along the anesthetic procedure. Mechanical ven-
tilation should be assessed by means of clinical observa-
tion along with capnography and the measurement of the
volume, respiratory rate, and the maximum and minimum
values of the airway pressure. In addition to these critical
parameters, the anesthesia machine should monitor even-
tual disconnections at any point of the breathing circuit as
well as limit the maximum pressure of the flow delivered
to the patient in order to avoid barotrauma.

Capnography has spread within the anesthesiologist
community because of the information that can be ex-
tracted from this measure of the evolution of the CO2 con-
centration. If central sampling systems are used, it is
possible to plot volumetric capnography as the concentra-
tion of the exhaled CO2 and the exhaled volume, which
provides an indirect measure of the alveolar and arterial
pressure of the CO2. The resulting plot may be studied to
detect the changes associated with the respiratory func-
tion of the patient.

The measurement of the flowing and the exhaled vol-
umes (which is performed at the respiratory branch of the
breathing circuit returning from the patient) is essential
for the evaluation of spontaneous or mechanically assisted
ventilation. Respiratory gas flow may be measured at one
end of a one-way valve by means of flowmeters based on
rotors, neumotachographic, ultrasound, or differential
temperature sensors.

As the measurement of airway pressure should be
available at every ventilator, anesthesia machines usually
include built-in sensors located near the ventilating de-
vice. This design ensures that the measured pressure re-
flects not only that attributed to the patient’s airway but
also the effect of the ventilator, its circuit, and the end-
otracheal tube, which must be taken into account in order
to discard the alterations devoid of the patients state. The
course of the pressure wave may help in monitoring the
effect of the ventilation volume and rate on the pressure of
the airways, at the same time enabling the detection of an
obstruction in the patient’s airways.

Knowing the amount of work required for reaching the
pressure needed to trigger a change in lung volume is
useful for setting the level of effort that will avoid the on-
set of fatigue and, thus, respiratory failure, as the venti-

lation work can be considered to be the result of
overcoming the elastic forces and flow resistances associ-
ated with the respiratory effort. This value is easily mea-
sured from the volume-pressure loop when mechanical
ventilation is applied as the ventilator develops all of the
work. In case of spontaneous respiration, the measure-
ment is more complicated and the use of esophageal pres-
sure is required.

4.2. Patient Monitoring

As happens in most of the medical procedures, anesthesia
should minimize the patient’s perception of pain while
preserving the normal functionality of all of the body sys-
tems. In order to grant the integrity of the patient, certain
physiological parameters should be monitored to correct
possible alterations before they lead to permanent cellular
damage. In this sense, monitoring the oxygenation, ven-
tilation, circulation, temperature, and neurological func-
tion of the patient is mandatory when performing
anesthetic procedures. Among others, typical anesthetic
protocols include the acquisition of hemodynamic, respi-
ratory, and neurological variables, which will be discussed
in the next sections.

4.2.1. Temperature. As body temperature is altered by
the anesthetic procedure because of the induced changes
on the adjustment thresholds of the patient system re-
sponsible for temperature regulation, it is usually moni-
tored by the specialist in charge of the anesthesia, because
of the simplicity of the measurement setting. On the one
hand, it is known that decreased body temperature may
lead to alterations of the state of the patient such as ex-
tending of the anesthetic effect, decreasing blood coagula-
tion capability, and increasing the risk of post-surgical
infections. On the other hand, in some surgical proce-
dures, it is useful to keep body temperature slightly infe-
rior to normal in order to protect brain functions when
performing operations involving reduced blood perfusion
to the brain.

4.2.2. Electrocardiogram (ECG, EKG). The electrocardio-
gram monitors the electrical activity of the heart recorded
at the surface of the skin. Anesthesia monitors include a
variable number of electrodes, ranging from a minimum of
three up to 12 electrodes, which are used to obtain the
three bipolar derivations from the Einthoven triangle (I,
II, III), the three unipolar derivations (aVL, aVR, and
aVF), and the six precordial derivations proposed by Wil-
son (V1 to V6; V5 being one of the most frequently used for
the evaluation of the left ventricle function). ECG signal
bandwidth is usually limited to 0.5–30 Hz for this purpose,
which is quite low when compared with the standard
bandwidth used for diagnostic purposes (0.05–150 Hz).
Nevertheless, the advances in the technology involved
have led to extending the typical bandwidth to the diag-
nostic range in order to monitor the ST segment for the
detection of intraoperatory ischemia (17).

4.2.3. Blood Pressure. The pressure originated by the
mechanical contraction of the ventricles is usually moni-
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tored for the evaluation of the functional integrity of the
cardiovascular system. For this purpose, several invasive
and noninvasive methods have been developed in order to
obtain the mean, systolic, and diastolic arterial pressures,
as well as the heart rate.

4.2.3.1. Noninvasive Blood Pressure (NIBP). Among the
noninvasive methods used, oscillatory devices are the ones
most commonly employed. These methods use an air-pres-
surized cuff with a built-in pressure sensor, which is
wrapped around one of the limbs (generally an arm or
leg, although it is possible to use wrist and finger cuffs) in
order to detect the blood pressure of the peripheral arter-
ies. The monitor inflates and deflates the cuff at program-
mable time periods (typically 1, 2, 3, 4, 5, 10, and
15 minutes) in order to acquire the blood pressure mea-
sure as needed by the specialist, at the same time that
protracted inflated periods are avoided to reduce the risk
of ischemia or brain damage. The measurement range is
variable as a function of the patients age, with typical the
ranges of 25–260 mmHg for adults, 20–195 mmHg for chil-
dren, and 15–145 mmHg for babies, whereas the initial
pressure ranges from 185, 150, and 120 mmHg for the
same cases, although sometimes it is calculated as 25–
40 mmHg above the last measured mean systolic value. In
order to avoid cuff overpressure, the inflation mechanism
usually includes security valves that release excess pres-
sure in order to avoid harmful conditions for the patient.

4.2.3.2. Invasive Blood Pressure. In order to obtain the
pulse wave, arterial blood pressure must be acquired in-
vasively through the use of a catheter-mounted pressure
sensor, which is introduced within the blood flow through
a puncture in a peripheral artery, although better signals
may be obtained with larger arteries (at the cost of in-
creased risk) (18).

The pressure sensor, which is usually built around a
strain gauge bridge or a piezoelectric sensor, must present
a useful range from � 40 to 350 mmHg, a maximum al-
lowed variation of 5% (equivalent to 72 mmHg) and a
recommended gain of 5 uV/V/mmHg (although typical on-
screen resolution is limited to 1 mmHg). The bandwidth
required for sampling is limited to the tenth harmonic of
the pulse wave, taking the typical value of 20 Hz associ-
ated with a 2 Hz (or 120 beats per minute) pulse wave.

4.2.3.3. Pulmonary Artery Pressure (PAP). Special mea-
surement techniques have been developed for the pulmo-
nary artery pressure, as its systolic, diastolic, and mean
values have been related to the precapillary resistance
and the pulmonary artery occluding pressure (PAOP), an
indicator of the hemodynamic state of the left heart cav-
ities. Monitored with a flow-directed pulmonary artery
catheter, the typical values range from 15–25 mmHg (sys-
tolic) to 0–8 mmHg (diastolic) for the right ventricle and
15–25 mmHg (systolic), 10–20 mmHg (mean) to 8–
15 mmHg (diastolic) for the pulmonary artery, whereas
the PAOP ranges from 6 mmHg to 12 mmHg.

4.2.4. Hemodynamic Parameters. Cardiac output,
which represents a measure of the volume of blood im-

pelled by the heart over a 1-minute period, may be calcu-
lated as the systolic volume multiplied by the heart rate.
This measure has been related to the oxygen and nutrient
requirements of the different body tissues as the heart
pumps more or less blood as a function of those require-
ments. The usual measurement method involves the use
of a catheter inserted into the pulmonary artery, suited
with a thermistor at the tip. This temperature-sensing el-
ement is intended to record the temperature gradient ap-
pearing after the rapid injection of a known volume bolus
of a cold saline solution (between 0–251C). This thermodi-
lution method (19) uses the formula proposed by Steward–
Hamilton in order to calculate the cardiac output as a
function of the area under the curve associated with the
temporal temperature evolution. As the snapshot value of
this parameter varies significantly with time, it is normal
to give an averaged value obtained after several trials,
taking typical values ranging from 4 L/min to 12 L/min.
Additionally, this parameter may be normalized to body
surface area in order to provide a new parameter known
as Cardiac Index, which ranges from 2 L/min/m2 to 5 L/
min/m2.

As happens with the left ventricle, which may be fairly
estimated by the joint study of the PAOP and the cardiac
output, the right ventricular function can be evaluated
through the observation of the cardiac output and the
central venous pressure (CVP), as CVP is a measure of the
pressure in the right atrium, which reflects changes in
right ventricular end-diastolic pressure. Aside from these
measures, the ejection fraction is also used for the evalu-
ation of ventricular function, as it is related to the amount
of blood impelled by the heart on every contraction as es-
timated through the thermodilution method.

Many other hemodynamic parameters derived after
these measures exist that ease a complete evaluation of
the cardiac function such as the ejection volume and the
systemic and pulmonary vascular resistances (Table 1).

4.2.4.1. Esophageal Doppler. This method is used to es-
timate the cardiac output derived after the measurement
of the blood flow at the descending aorta by means of
esophageal probes equipped with doppler transducers,
which enable the recording of the blood flow over time.
The blood volume ejected by the heart may be calculated
as the product of the valve area multiplied by the integral
of the flow over time; once this value is known, aortic out-
put can be evaluated as the product of this volume mul-
tiplied by the heart rate, presenting a typical value close to
70% of the cardiac output. This method presents some
technical drawbacks related to the estimation of the aortic
section area and the alignment of the doppler beam in the
direction of the blood flow. A variation of this technique
may be found in transesophageal echocardiography, which
has increased in popularity among anesthesiologists (20).
This procedure offers real-time images that may be pro-
cessed to assess the cardiac anatomy, possible alterations,
and the result of a surgical procedure as well as the size of
the ventricular cavities, among other measures, such as
the systolic and diastolic areas that are frequently used for
calculating the preload and the ventricular ejection frac-
tion.
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4.2.5. Pulse Oximetry and Mixed Venous Saturation.
4.2.5.1. Pulse Oximetry. Pulse oximeters provide non-

invasive information for monitoring the arterial oxygen
saturation, measured as a function of the hemoglobin light
absorption ratios at different wavelengths. In practice, the
algorithms commercially implemented are based on em-
pirical models of the absorption ratios of light emitted by
an LED or laser source at 660 nm and 940 nm placed
within a clamp-shaped enclosure specially designed to be
fitted at the finger or earlobes of the patient. The mea-
sured value (which typically ranges from 40% to 100%) is
severely affected by sensor displacement and external
light sources (e.g., fluorescent lighting), so that powerful
artifact algorithms are used in order to increase the reli-
ability of the procedure.

4.2.5.2. Mixed Venous Oxygen Saturation. As men-
tioned above, the cardiac output measures the volume of
blood flow ejected by the heart per time unit, although it is
impossible to asses if this volume is enough to meet the
oxygen demands of the whole body by the sole use of this
parameter. In order to cover this gap, venous saturation, a
measure of the balance between oxygen supply and the
demands imposed by the different body tissues, has been
widely adopted. This technique uses an optical fiber bun-
dled into a light-emitting catheter that is inserted into the
pulmonary artery in order to measure the ratio of reflected
light. As light is reflected by the reduced hemoglobin in
the blood flow, this ratio constitutes a valuable indicator of
the mixed venous saturation, which is usually expressed
as a percentage typically ranging from 65% to 85%.

4.2.6. Neurological Monitoring. Central nervous sys-
tem monitoring became widespread in the early 1990s,
as it proved essential for the prevention and identification
of brain ischemia, not just in neurosurgery but also in
heart and carotid artery surgery. The equipment devel-
oped since that time has helped research the effect of dif-
ferent drugs on the brain, as well as the quantification of
possible brain lesions that enable personalized health care
for the patient. The observed changes of the parameters
acquired by the monitor reflect changes in the function or

blood flow of the specific area of the central nervous sys-
tem under study during surgery. Electrical activity of the
brain is usually monitored through the electroencephalo-
gram (EEG), although anesthesiologists have recently in-
creased their interest in the electrocardiograms and the
evoked potentials because of the changes associated to
different depth of anesthesia levels.

As the EEG, which reflects the electrical activity of the
neurons at the brain cortex, is sensitive to different
physiopathological conditions as well as to different drugs,
it has been proposed for the evaluation of the central ef-
fects of different anesthetic drugs. For this purpose, spe-
cific algorithms and methods have been developed in order
to analyze this signal discarding all of the nonrelevant
information. The typical procedure follows a simple
scheme: Once the signal is amplified and filtered (gener-
ally to a 0.1–30 Hz bandwith), time-domain (average am-
plitude, zero crossing rate, aperiodic analysis, burst
suppression ratio, etc.) and frequency-domain (spectral
analysis, spectral margin, bispectral analysis, etc.) mea-
sures are performed.

When the surgical procedure enables the placement of
the recording electrodes directly over the brain cortex,
electrocardiograms are recorded in order to provide fur-
ther information about the brain function (21). As the
evoked potentials, triggered by external stimuli (visual,
audible, motoric, etc.), are affected by hypnotic drugs as a
function of their site of effect, they have been proposed for
the evaluation of the hypnotic state (e.g., as some hypnot-
ics may inhibit the peripheral nerve conduction, the am-
plitude and latency of the evoked potential may be
dimmed when compared with the baseline values) (22).

4.2.7. Brain Hemodynamics. One of the most frequent
causes of nervous system damage is the insufficient blood
flow to the brain. In addition to transcranial doppler and
thermodilution methods, today, with the spread of the Xe-
non gas as an anesthetic agent, functional magnetic res-
onance imaging techniques enable the precise
measurement of central blood flow.

Table 1. Different Hemodynamic Parameters Usually Calculated by Anesthesia Monitors

Parameter Calculation Acronym Normal Range Units

Cardiac Index CI 2,4–4,2 L �min� 1
�m� 2

CI¼CO=BS
Stroke Volume SV 50–110 mL � beat� 1

SV¼CO � 1000=PR
Stroke Volume Index SVI 30–65 mL � beat� 1

�m� 2

SVI¼SV=BS
Systemic Vascular Resistance SVR 800–1500 din � seg� 1

� cm� 5

SVR¼ðARTm�CVPÞ � 80=CO
Pulmonary Vascular Resistance PVR 150–250 din � seg� 1

� cm� 5

PVR¼ðPAPm� PAOPÞ � 80=CO
Right Ventricular Stroke Work Index RVSWI 5–10 g �m�1

�m�2

RVSWI¼1:36ðPAPm� CVPÞSVI=100
Left Ventricular Stroke Work Index LVSWI 45–60 g �m�1

�m�2

LVSWI¼1;36ðARTm� PAOPÞSVI=100

CO: Cardiac Output (L �min� 1); BS: Body surface (m2); PR: Pulse Rate (b.p.m); ARTm: Arterial Pressure (mean); PAPm: Pulmonary Artery Pressure (mean)
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4.2.8. Neuromuscular Blockade Monitoring. Patient re-
laxation (temporal lack mobility), achieved by certain an-
esthetic agents but mostly by muscle relaxants, should be
monitored in order to obtain the proper dosing regime, as
different surgical procedures require different levels of
muscular blockade. This function is evaluated by the mea-
surement of the exerted force after a muscle contraction is
triggered when electrical stimuli (usually in the form of
simple spikes, double bursts, train of four (TOF), or post
titanic bursts) are applied to a nerve.

5. FINAL WORDS

As happens in many other medical fields, anesthesia has
adopted different technological advances as they became
available. Evolution of anesthetic equipment in response
to trends imposed by the clinical community, the manu-
facturers, and the regulating agencies will continue. In
this regard, the current trends for the design of these ma-
chines may develop to cover the following topics:

Multimodal anesthesia delivery units: The integration
of infusion pumps with anesthesia machines as a built-in
module may not seem significant at first, but it is very
important because it enables one to monitor the infusion
parameters and predicted concentration values along with
the rest of the physiological indicators, which are essential
for influencing proper dosing. Some manufacturers have
gone further, developing the latest generation of these
machines to include all of the elements required for both
kinds of anesthetic agents (inhalation and injectable).
These designs seem to point out the future direction of
these machines because of their versatility and adaptabil-
ity to each patient and surgical procedure.

Personalized anesthesia delivery: Parameters acquired
by the monitoring equipment offer a measure of the dif-
ferent aspects of the depth of anesthesia of the patient.
The current trend integrates this data along with the spe-
cific effects of the different drugs (as well as the possible
interactions) in order to provide the proper dose of the
different agents to the patient, leading to a personalized
anesthesia administration. This goal may ultimately lead
to the introduction of efficient closed-loop systems for the
administration of the agents, adjusting the dose to the ac-
tual requirements of each patient (22,23).

Anesthesia delivery in Magnetic Resonance Imaging:
The requirements imposed by the MRI equipment and its
environment have led the medical device manufacturers
to develop machines specifically designed to comply with
the electromagnetic restrictions in this field. In this sense,
magnetic shielding and interference reduction techniques
are not the only modifications to ordinary designs, but also
the location of the machine with respect to the imaging
equipment and the adaptation of the peripheral devices
such as infusion pumps.

Depth of anesthesia: Cortical componentes of anesthe-
sia (those relate to the anesthetic effects on the brain cor-
tex, which is related to the cognitive process) are
measured through the bispectral index ðBISÞ, which is
currently available in the form of stand-alone monitors or
integrated within the monitoring equipment of the anes-

thesia machines. Additionally, subcortical components are
even more important because they are involved in the
regulation of the motoric and the autonomic stability,
which grants antinociception (related to the nociceptive
process of the nervous system that leads to a proper de-
gree of analgesia). The role of antinoception is essential for
surgery as it may reduce negative consequences immedi-
ately and over the long-term.

Integration with information systems: As with other
medical devices, the integration of anesthesia machines
within the hospital information system has become man-
datory. Anesthetic equipment is connected to other devices
through an information system that enables remote mon-
itoring and recording, thus most manufacturers are offer-
ing this option. The recent introduction of ubiquitous
computing and spot technologies (Internet-enabled de-
vices) that have been favored by the spread of wireless
networks, based on Bluetooth and IEEE 802.11, may open
the doors to the next generation of anesthesia machines.
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1. INTRODUCTION

Aortic stenosis (AS) is the most common cardiovascular
disease after hypertension and coronary artery disease
and is the most frequent cause of valvular replacement in
developed countries (1,2). This disease refers to the nar-
rowing of the aortic valve opening during left ventricular
(LV) ejection (Fig. 1a). This can be caused by a congenital
abnormality of the valve (for example, the valve could
have only two cusps instead of three). The most common
cause of AS today is, however, the calcification of the valve
cusps induced by a progressive degeneration of leaflet
tissue (senile degenerative stenosis) (3). The narrowing
of the valve aperture induces an obstruction to blood flow
from the left ventricle to the aorta resulting in an increase
in LV afterload (Fig. 1b). When AS becomes severe,
symptoms such as shortness of breath, chest pain, and
dizziness may occur and survival is markedly reduced (3).
Once patients develop symptoms, prompt aortic valve
replacement is generally needed. In patients with AS,
the prevalence of systemic hypertension ranges from 30
to 40 % (4,5).

Systemic hypertension (HPT) is due to abnormally high
blood pressure in the systemic arteries, i.e., in the vessels

that carry blood from the heart to the organs. It is
generally brought on by two interrelated physiological
factors (6): (1) a reduction in the caliber of small arteries
or arterioles with an ensuing increase in systemic vascu-
lar resistance and mean blood pressure, and (2) a reduc-
tion in the arterial compliance (ability of an artery to
distend with increasing transmural pressure) with a
resulting increase in pulse pressure (systolic minus dia-
stolic blood pressure). When AS coexists with HPT, the left
ventricle faces a double pressure overload (valvular and
vascular). Consequently, symptoms of AS develop at a
lesser degree of valvular obstruction in hypertensive
compared with normotensive patients (4). In the presence
of AS and/or HPT, a compensatory concentric hypertrophy
of the left ventricle appears which contributes to preserve
an adequate cardiac performance. Concentric hypertrophy
is primarily characterized by an LV wall thickening, as
new contractile-protein units are generated in parallel to
the existing ones, whereas the LV cavity volume generally
remains unchanged (Fig. 1b). It thus compensates for the
increased LV wall stress and tends to maintain a normal
cardiac output (7,8). In the clinical situation of coexistent
valvular and vascular overloads, it is difficult to differ-
entiate the events caused by AS from those caused by
HPT. A detailed understanding of the respective impacts
of AS and HPT on the LV function would help to predict
whether aortic valve replacement and/or antihypertensive
medical treatment would be beneficial in this particular
situation. It is, however, difficult to perform a comprehen-
sive analysis of the interaction between different pathol-
ogies in the context of a clinical study because this
approach usually requires a large number of physiological
measurements in a large cohort of patients. In addition,
these measurements are often difficult to achieve, if at all
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Figure 1. Schema of the heart during ejection. (a) without aortic stenosis, the aortic valve is fully
opened; (b) in the presence of aortic stenosis, the calcified aortic valve cannot open fully, which
causes an obstruction to blood flow from the left ventricle to the aorta and produces a transvalvular
flow jet. Note the increase in left ventricular wall thickness. From Nishimura (3) with permission.
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possible, in patients. The use of mathematical or numer-
ical models may overcome this dilemma.

Several theoretical cardiovascular models have been
proposed to analyze the effect of vascular properties and/or
AS on the LV function (9–17). Most of these models
contain, however, numerous independent input para-
meters so that their potential application in the clinical
setting may be very limited. Moreover, only a few numer-
ical models include the effect of AS (11,12,14). But these
latter assume a linear relationship between the trans-
valvular flow rate and the pressure difference across the
AS. Such a representation is inaccurate since the flow-
pressure relationship in AS is by far non-linear. To over-
come these limitations, we thus developed an explicit
analytical representation of the AS hemodynamics (18),
which was incorporated in a simple cardiovascular model
based on the so-called three-element windkessel model
(19). The resulting ventricular-valvular-vascular mathe-
matical model (V3 model) and its main features will be
depicted in this chapter. In the next section, we first
describe the AS hemodynamics and the inherent hypoth-
eses used for the derivation of the corresponding analy-
tical model. The ventricular and the vascular models are
then briefly explained before introducing the V3 model. We
then describe some findings obtained with the numerical
V3 model and their clinical implications. We finally con-
clude by presenting potential future improvements of the
mathematical V3 model.

2. THEORETICAL MODELS

2.1. Description of the Flow across the Aortic Stenosis

For convenience, we define left ventricular (LV) systole as
the LV ejection period, i.e., the period where the trans-
valvular flow rate (Q) is strictly positive. The flow pattern
across an aortic stenosis (AS) is very similar to the one
occurring in orifice plates used as differential-pressure
flow metering devices (20). It is mainly characterized by a
flow contraction as far as the vena contracta, followed by
an abrupt expansion (Fig. 2). The vena contracta corre-
sponds to the location where the cross-sectional area of the
jet is minimal (location 2, Fig. 2). This area is called the
effective orifice area (EOA) of the valve. Within the con-
traction region, upstream from the vena contracta, some
static pressure is converted to dynamic pressure. Flow
contraction is a stable process with virtually no energy
loss (21). Beyond the vena contracta, the fluid decelerates
as the area occupied by the throughflow increases to fill
the cross-section of the ascending aorta. The jet is rapidly
lost in a region of turbulent mixing which involves sig-
nificant fluid energy dissipation. In this region, the static
pressure increases until it reaches a maximum beyond the
location where the reattachment of the flow occurs. The
difference between LV pressure and recovered aortic
pressure is called the net transvalvular pressure gradient
(location 3, Fig. 2) or TPGnet (22). Note that cardiologists
rather use the expression ‘‘pressure gradient’’ where a
physicist would properly utilize ‘‘pressure difference,’’
reserving the term ‘‘gradient’’ to express the rate of change
in pressure per unit distance (23). To remain consistent

with the clinical terminology, the term ‘‘pressure gradient’’
will be used in this chapter. The following section thor-
oughly describes the theoretical development of the in-
stantaneous TPGnet expression as a function of
transvalvular flow rate (Q) and effective orifice area
(EOA). The mathematical derivation is adapted with
permission from our previous work (18).

2.2. The Pessure-Flow Relationship in Aortic Stenosis

According to the aforementioned properties of the trans-
valvular flow, we first suppose that the fluid is ideal (i.e.,
incompressible and nonviscous) upstream from the vena
contracta. Second, we postulate that the valve opens and
closes instantaneously and that its EOA remains constant
throughout systole. Third, we assume that the velocity
profiles are flat (plug flow) within the throughflow. Finally,
for simplicity’s sake, we suppose that the respective cross-
sectional areas of the LV outflow tract (upstream section,
location 1, Fig. 2) and of the ascending aorta (downstream
section, location 3, Fig. 2) are equal and noted A.

Because gravitation has no significant effect on the
transvalvular flow and blood is an incompressible fluid,
the generalized Bernoulli equation used along the axial
streamline linking LV outflow tract (location 1) with
ascending aorta (location 3) yields TPGnet:

TPGnet¼PLV � PA¼P1

� P3¼
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2
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1

� �

þ r
Z 3

1

@U

@t
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where P, U and r are the pressure, the velocity, and the
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Figure 2. Schema of the flow across an aortic valve during
systole and corresponding pressure field along the flow axis.
Locations 1, 2, and 3 correspond to the detachment of the flow
from the left ventricular outflow tract, the vena contracta, and the
location where pressure is recovered. TPGnet is the net transvalv-
ular pressure gradient and EOA is the valvular effective orifice
area. PLV¼ left ventricular pressure, PA¼aortic pressure, A¼
cross-sectional area of the ascending aorta.
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density of the fluid, respectively. Coordinate l is the curvi-
linear coordinate along the considered streamline and the
subscripts refer to the location number. EL is the total
energy loss induced by the flow expansion. Because the
cross-sectional areas are similar in locations 1 and 3 and
velocity profiles are flat, U1̃¼

˜
U3. Therefore,

TPGnet¼ r
Z 3

1

@U

@t
dlþEL ð2Þ

According to the conservation of mass, the transvalvu-
lar flow rate Q can be written as Q¼ A(l)U(l), where A(l) is
the cross-sectional area of the through-flow at location l. If
we further assume that A(l) is not time-dependent, Equa-
tion 2 therefore yields

TPGnet¼ r
@Q

@t

Z 3

1

1

A lð Þ
dl þEL ð3Þ

To obtain the complete expression of TPGnet, one has to
know EL. Recalling that no energy loss occurs upstream
from the vena contracta, EL appears in the generalized
Bernoulli equation applied between locations 2 and 3:

P2 � P3¼
1

2
r U2

3 �U2
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dl þEL ð4Þ

Using the mass conservation, as above, this can be
rewritten as

P2 � P3¼
1

2
rQ2 1

A2
�

1

EOA2

� �

þ r
@Q

@t

Z 3

2

1

A lð Þ
dl þEL ð5Þ

For a control volume O that is fixed and non-deforming
and whose boundary is noted G, Newton’s second law of
motion applied to an incompressible flow can be written as
(24)

r
Z

O

@U

@t
dO þ r

Z

G
UU � ndG ¼

X

F ð6Þ

where U is the fluid velocity vector, n is the outward-
pointing normal, and F are the forces that act on what is
contained in O. Let’s consider the fluid contained in the
control volume O delimited by the aortic wall and the
respective cross-sections at location 2 and location 3 (Fig.
2). Since the action of gravity and the wall shear forces are
negligible here, the only axial forces acting on the fluid
contained in O are the inlet and outlet pressure forces.
Because velocities are uniform in locations 2 and 3, it
follows from Equation 6 applied to O:

r
Z

O

@U

@t
dO�rU2

2EOAþ rU2
3A¼ P2 � P3ð ÞA ð7Þ

Again, the conservation of mass leads to

r
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From the combination of Equations 5 and 8, one can get
the energy loss:
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Finally, Equations 2, 9 give the expression of TPGnet:

TPGnet¼ r
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where L23¼
R 3

2 dl is the recovery length, i.e., the distance
separating the vena contracta (location 2, Fig. 2) from the
location where static pressure is totally recovered (loca-
tion 3, Fig. 2). As shown by Equation 10, TPGnet is
governed by the local inertia (involving qQ/qt) and by the
convective inertia (involving Q2). The first term in brack-
ets, related to the local inertia, is purely associated to the
geometry of the flow jet and is homogeneous to the inverse
of a length. We therefore define the parameter l, homo-
geneous to a length, as follows:

1

l
¼

L23

A
þ

Z 2

1

1

AðlÞ
dl ð11Þ

so that Equation 10 is reduced to

TPGnet¼ r
1

l
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It can be noticed from Equation 11 that when EOA [i.e.,
A(l¼ 2)] converges toward zero, 1/ë tends toward þN. On
the contrary, when EOA¼A (no stenosis), locations 1, 2,
and 3 are superimposed and 1=l thus equals zero. The
expression 1=l is exclusively dependent upon the flow jet
geometry and more precisely upon EOA and A, so that a
dimensional analysis (25) gives the following relationship:

ffiffiffiffi

A
p

l
¼ f

A

EOA

� �

ð13Þ

A simple type of functions f defined on [1 , þN] that
meets the two aforementioned boundary conditions [i.e.,
f(x)- þN when x- þN and f(1)¼ 0] is the following:

ffiffiffiffi

A
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ð14Þ

where a and b are two strictly positive constants to be
determined. Integrating Equation 14 in Equation 12,
TPGnet becomes

TPGnet¼ r
1
ffiffiffiffi
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It is difficult to solve a and b from a purely analytical
development. We therefore determined these two con-
stants by means of in vitro experiments performed in a
mock flow circulation model. Nine orifice plates, simulat-
ing several grades of aortic stenosis severity, were tested
under numerous physiological pulsatile flow conditions. A
minimization method provided a¼ 2p and b¼ 1=2 (18).
From those results, the instantaneous TPGnet is finally
expressed as

TPGnet¼ 2pr
@Q

@t

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
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When using the expression of the energy loss coefficient
(ELCo) defined as EOA � A / (A�EOA) (26), TPGnet can
be written as

TPGnet¼PLV � PA¼
2pr
ffiffiffiffiffiffiffiffiffiffiffiffi

ELCo
p

@Q

@t
þ

r
2ELCo2

Q2 ð17Þ

Equation 17 shows that, for a given transvalvular flow
rate Q(t), the pressure difference between the left ventricle
and the aorta, i.e., TPGnet, is dependent upon a unique
valvular parameter, namely ELCo. This equation was
validated with bioprosthetic heart valves in the above-
mentioned in vitro model and was shown to predict
accurately the instantaneous TPGnet measured by micro-
manometer-tipped Millar catheters. We invite the reader
to refer to (18) for a detailed description of the complete
protocol.

2.3. The Left Ventricular Pressure-Volume Relationship

Pressure-volume graphs are commonly used to assess the
inotropic state of the left ventricle (27). When tracing LV
pressure (in mmHg) as a function of LV cavity volume (in
mL), a complete loop, called the pressure-volume loop (PV
loop), is described. LV stroke work is the work of the left
ventricle during each heart beat and is represented by the
area contained within the PV loop (Figs. 3 and 11). LV
stroke work has been shown to effectively characterize the
outcome of patients with AS (28). If the loading conditions
on the heart are pharmaceutically (e.g., by administration
of phenylephrine) or mechanically (e.g., by occlusion of the
inferior vena cava) modified, while myocardial contracti-
lity remains unchanged, a series of PV loops is obtained
(Fig. 3). In a physiological range, the top left corners of the
PV loops may be connected by a regression line (Fig. 3)
whose slope is called the maximal elastance (Emax). The
intercept of this line with the abscissa volume axis is the
unloaded volume (V0). It should be noted that the linear
approximation often leads to negative V0 (29). Hence, V 0

has no physical or physiological meaning but should
rather be considered as a virtual parameter computed by
extrapolation. This linear characteristic remains, how-
ever, largely appropriate over a large physiological or
pathophysiological range. In the 1970s, Suga et al. (30)
defined the time-varying LV elastance as LV pressure

(PLV) divided by LV cavity volume (V) decremented by V0:

E tð Þ¼
PLV tð Þ

V tð Þ � V0
ð18Þ

Interestingly, it has been shown by Senzaki et al. that
the elastance waveform, when normalized with respect to
its amplitude (Emax) and time to peak value (TEmax), is
somewhat similar in the normal or diseased human hearts
despite the presence of differences with regard to etiology
of heart disease, LV myocardial contractility and loading
conditions (31). Fig. 4 depicts the normalized LV elastance
(EN) as a function of normalized time, as measured by
Senzaki et al. in patients and normal subjects. Due to the
universal property of the LV normalized elastance, LV
pressure can be related to LV volume by means of only
three independent LV parameters, namely Emax, TEmax,
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Figure 3. Series of left ventricular pressure-volume loops ob-
tained in a patient with aortic stenosis. Emax is the maximal
elastance. V0 is the left ventricular unloaded volume. From
Dekker et al. (36) with permission.
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Figure 4. Normalized left ventricular elastance as a function of
normalized time (dimensionless).
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and V0, as follows:

EmaxEN t=TEmax

� �

¼
PLV tð Þ

V tð Þ � V0
ð19Þ

2.4. The Three-Element Windkessel Model of the Peripheral
System

The three-element windkessel (WK3) model is a lumped
model that has been proven to simulate adequately the
hemodynamic characteristics of the peripheral system
(32,33). It includes three independent vascular para-
meters: the characteristic impedance of the proximal aorta
(Z0); the arterial compliance (C); and the systemic vascu-
lar resistance (R). The resistance R reproduces the hy-
draulic resistance in the small arteries and arterioles, the
compliance C reflects the ability of the large arteries to
distend with increasing inner pressure, and the charac-
teristic impedance Z0 mainly relates the transvalvular
flow rate (Q) to the aortic pressure in the high-frequency
range (highly pulsatile range). An electrical analog model
of the WK3 is illustrated in Fig. 5. In this figure, PA and
PVE represent the aortic pressure and the central venous
pressure, respectively. Using complex notation, the per-
ipheral impedance is written as

Z� ¼Z0þ
R

1þ joRC
ð20Þ

where o is the pulsation frequency and j is the unit
complex number. Then, using Ohm’s law
ðDP¼PA � PVE¼Z �QÞ, one obtains

joDPþ
DP
RC
¼

Z0þR

RC
QþZ0joQ ð21Þ

what may be rewritten, in the time domain ( jo is changed
to q/qt), as

@PA tð Þ

@t
þ

PA tð Þ

RC
¼

Z0þR

RC
Q tð ÞþZ0

@Q tð Þ

@t
þ

PVE

RC
ð22Þ

We note t0 the time at which LV ejection begins and T
the cardiac period. The analytical resolution of this linear
differential equation yields the aortic pressure (PA) within
the time interval [t0; t0þT]:

PA tð Þ¼ e� t�t0ð Þ=RC

Z t

t0

Q� tð Þ
Ce� t�t0ð Þ=RC

dtþDPA

� �

ð23Þ

where Q� is related to Q as follows:

Q� tð Þ¼
Z0þR

R
Q tð ÞþZ0C

@Q tð Þ
@t
þ

PVE

R
ð24Þ

and where the diastolic blood pressure (DPA) can be
determined using the periodic property of PA and is given
by

DPA¼

Z t0 þT

t0

Q� tð Þe t�t0ð Þ=RC

CeT=RC � C
dt ð25Þ

For a given central venous pressure, the WK3 repre-
sentation described by Equations 23–25 thus relates aortic
pressure to transvalvular flow rate using only three
vascular parameters (Z0, R, and C).

2.5. The V3 (Ventricular-Valvular-Vascular) Model

2.5.1. Derivation of the V3 Model. The ventricular-valv-
ular-vascular V3 model results from the coupling of the
abovementioned LV time-varying elastance, TPGnet equa-
tion and WK3 model (Fig. 6). The sum @(Equation 17)/@t þ
(Equation 17)/(RC) yields

@PLV

@t
þ

PLV

RC

� �

�
@PA

@t
þ

PA

RC

� �

¼
2pr
ffiffiffiffiffiffiffiffiffiffiffiffi

ELCo
p

@2Q

@t2
þ

1

RC

@Q

@t

� �

þ
r
2

Q

ELCo2
2
@Q

@t
þ

Q

RC

� �

ð26Þ

The expression ð@PA=@tþPA=RCÞ in Equation 26 is
expressed as a function of Q using Equation 22, and PLV

is replaced using Equation 19. Throughout ejection, trans-
valvular flow rate can be written as: QðtÞ¼ � @VðtÞ=@t.
Therefore, Equation 26 becomes

2pr
ffiffiffiffiffiffiffiffiffiffiffiffi

ELCo
p

@3V tð Þ

@t3
¼a3 tð Þ

@2V tð Þ

@t2
þa2 tð Þ

@V tð Þ

@t

þa1 tð ÞV tð Þþa0 tð Þ

∆P

Q
PA

PVE

Z0

RC

Figure 5. Electrical representation of the three-element wind-
kessel model. PA¼aortic pressure, PVE¼ central venous pressure,
Q¼ transvalvular flow rate. Z0¼aortic characteristic impedance,
R¼ systemic vascular resistance, C¼arterial compliance.
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where

a0 tð Þ ¼V0
Emax

TEmax

@EN t̂
� �

@t̂
þV0Emax

EN t̂
� �

RC
þ

PVE

RC

a1 tð Þ ¼ �
Emax

TEmax

@EN t̂
� �

@t̂
� Emax

EN t̂
� �

RC

a2 tð Þ ¼
r

2RCELCo2

@V tð Þ

@t
�

Z0þR

RC
� EmaxEN t̂

� �

a3 tð Þ ¼
r

ELCo2

@V tð Þ

@t
�

2pr
RC

ffiffiffiffiffiffiffiffiffiffiffiffi

ELCo
p � Z0

ð27Þ

where t̂ is the normalized time (t/TEmax). At the onset of
the ejection (at t¼ t0), LV volume V is equal to the LV end-
diastolic volume (V(t0)¼LVEDV) and Q(t0)¼ 0. LVejection
begins when LV pressure reaches aortic pressure and
TPGnet thus equals zero. According to Equation 17,
@Q=@t is therefore also equal to 0 at the ejection onset.
Because QðtÞ¼ � @VðtÞ=@t during LV ejection, the initial
conditions are therefore

Vðt0Þ¼LVEDV;
@V

@t
ðt0Þ¼ 0;

@2V

@t2
ðt0Þ¼0 ð28Þ

The 3rd-order nonlinear differential equation 27, with
the corresponding initial conditions (Equation 28), de-
scribes thoroughly the LV volume during ejection under
the conditions that the ventricular, valvular, and vascular
properties are given. Table 1 summarizes the independent
input parameters necessary for solving the V3 model. The
mathematical V3 model has been validated in patients
during surgery, before and after aortic valve replacement,
as described in details in (19).

2.5.2. Numerical Computation. Time reference (t¼ 0) is
fixed at the onset of the isovolumic LV contraction. An
arbitrary diastolic pressure (DPA) is chosen and t0 (onset

of ejection) is then determined from Equation 19 such that
it satisfies the following condition: EmaxEN(t0/TEmax)¼
DPA/(LVEDV�V0). LV cavity volume during ejection,
V(t), is then calculated from Equation 27 using an explicit
Runge–Kutta method starting from t0 until @VðtÞ=@t
reaches zero. Transvalvular flow rate during LV ejection
is QðtÞ¼ � @VðtÞ=@t and is further assumed to be zero
throughout the rest of the cardiac cycle (no aortic regur-
gitation). Aortic pressure is then deduced from Equations
23–25 and a second DPA is therefore obtained. If the
difference between the two DPA exceeds a given relative
error, a new iteration is performed using the latest DPA

value until the desired precision is reached. Knowing V(t),
LV pressure during isovolumic contraction, ejection, and
isovolumic relaxation is finally calculated by means of
Equation 19 and is linearly extrapolated during the LV
filling. LV volume during LV filling is extrapolated using a
2nd-order polynomial so that its temporal derivative is
zero at the end of diastole. A detailed Matlab program for
the resolution of the V3 model is available online in (34).
Figure 7 shows normal physiological waveforms simulated
with the V3 model (normotensive condition, normal aortic
valve, and normal cardiac conditions). It should be noted
that the V3 model in the present form may exclusively
simulate LV volume and pressure for the periods of
ejection and isovolumic contraction and relaxation. Their
waveforms during LV filling are thereby extrapolated.
Thus, the V3 model as presented here cannot be used to
analyze LV diastolic dysfunction.

3. APPLICATIONS

The V3 model provides a potentially useful tool for simu-
lating the effects of AS on pressure and transvalvular flow
waveforms with different grades of AS severity. To date, no
explicit theoretical model has been shown to reflect accu-
rately the cardiovascular hemodynamics in presence of AS
(19). As for the V3 model, it may explicitly and correctly

C

Z0

R

V

EOA

A

PA

PA

PLV

PLV

PVE

Figure 6. Schematic representation of the V3

model. V¼ left ventricular cavity volume, PLV

¼ left ventricular pressure, PA¼aortic pres-
sure. See also legends of Figs. 2 and 5. From
Garcia et al. (19) with permission.
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describe some cardiovascular features if only a few cardi-
ovascular parameters are known, and as importantly, its
validity has been tested in patients with AS. In clinical
practice, AS is graded as mild if EOA41.5 cm2, moderate
if EOA41.0 and r1.5 cm2, or severe if EOAr1.0 cm2

(Table 2). When stenosis is severe and cardiac output is
normal, the mean TPGnet is generally 450 mmHg (1
mmHgE133 Pa) (35). Because it is cost-effective, comple-
tely non-invasive, and rapid, echocardiography is pre-
sently the most commonly applied modality in clinical
cardiology for establishing the diagnosis of aortic stenosis.
Echocardiography allows one to display high-quality
images of the heart as well as the transvalvular blood
velocities (Fig. 8). Doppler echocardiography is mainly
used to determine EOA by means of the continuity equa-
tion (equation of mass conservation). The peak velocity

across the valve (at location 2, Fig. 2) measured by
Doppler echocardiography has also been shown to be
predictive of symptom onset in AS patients (Fig. 8) (1).
When the clinical and echocardiographic data yield con-
flicting diagnoses or when the echocardiographic data are
unconvincing, invasive measurements by cardiac cathe-
terization are needed and max or mean TPGnet are
measured (Fig. 9), among other parameters. When sever-
ity of AS becomes significant, pressure loss due to the
aperture narrowing of the valve induces an increase in LV
cavity pressure and LV stroke work. If concomitant HPT is
present, effects of AS on LV function are worsened due to
the further vascular overload. The following paragraphs
will show how AS may affect LV pressure and more
specifically LV stroke work, by using the numerical V3

model. The additional effect of concomitant HPT will then
be described.

3.1. Simulations of Flow and Pressure Waveforms with Aortic
Stenosis

The ejection fraction is defined as the amount of blood
ejected divided by the amount of blood contained in the left

Table 1. List of the Cardiovascular Input Parameters Required for the Resolution of the V3 Model [Values in the right
column are typical physiological values used for the simulations with a heart rate of 70 beats per minute. Emax (mmHg/
mL), R (mmHg.s/mL) and C (mL/mmHg) were adjusted according to the desired hemodynamic conditions as explained in
the text (see also Table 3). EOA was varied from 4cm2 (no aortic stenosis) down to 0.5 cm2 (severe stenosis).]

Ventricular parameters
Left-ventricular end-diastolic volume LVEDV 150 mL
Unloaded volume V0 15 mL
Maximal elastance Emax Adjusted for stroke volume (70 mL)
Time to maximal elastance TEmax 0.33 s
Vascular parameters
Aortic characteristic impedance Z0 0.07 mmHg s/mL
Systemic vascular resistance R Adjusted for blood pressure level
Total arterial compliance C Adjusted for blood pressure level
Central venous pressure PVE 5 mmHg
Valvular parameters
Effective orifice area EOA From 4 down to 0.5 cm2
Aortic cross-sectional area AA 5 cm2

Peak velocity
= 3.1 m/s

Figure 8. Continuous-wave Doppler recording of an aortic ste-
nosis jet in a patient with severe aortic stenosis (EOA¼0.85 cm2).
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ventricle at end of diastole. In absence of serious LV
dysfunction, ejection fraction is usually normal (50–60
%) in patients with AS (7). For a normal average stroke
volume of 70 mL, LVEDV is therefore maintained at
B150 mL. In addition, typical values are assumed for V0

(15 mL), TEmax (0.33 s), A (5 cm2), Z0 (0.07 mmHg.s/mL)
and PVE (5 mmHg) to achieve the simulations (19,36). The
heart rate was fixed at 70 beats per minute and maximal
elastance (Emax) was adjusted so that stroke volume
equals 70 mL (normal outflow condition). For example,
the respective calculated values for Emax without AS and
with very severe AS (EOA¼ 0.5 cm2) were 1.63 and
2.35 mmHg/mL. Total vascular resistance (R) and arterial
compliance (C) were also adjusted to obtain normotensive
conditions (systolic/diastolic pressures¼ 120/80 mmHg):
their respective values were 1.07 mmHg.s/mL and
2.05 mL/mmHg. Table 1 summarizes the chosen values
for the input cardiovascular parameters. Figure 10 illus-
trates three simulations achieved with the V3model: (1) no
AS (EOA¼ 4 cm2); (2) moderate AS (EOA¼ 1 cm2); and (3)
severe AS (EOA¼ 0.5 cm2). This figure shows that simu-
lated LV and aortic pressure waveforms are very similar to
those observed in patients (see Fig. 9 for comparison).
Whereas LV peak pressure has a normal value
(120 mmHg) without AS, it may be as high as 200 mmHg
with very severe AS, even under normotensive conditions.

It has been reported that ejection time lengthens (37,38)
and that peak transvalvular flow rate occurs later in
ejection with increasing AS severity (39,40). The simu-
lated instantaneous transvalvular flow rates are very
consistent with these observations as shown in Fig. 10.
Figure 11 illustrates the PV loops corresponding to the
conditions of Fig. 10. Stroke work (SW¼PLVdV, repre-
sented by the inner area of PV loops) increases signifi-
cantly when EOA decreases, i.e., when severity of AS
increases. Figure 12 shows more accurately how LV stroke
work varies with AS severity. It can be observed that LV
stroke work remains relatively stable around the value of
1 J when EOA 41 cm2, which means that AS does not
greatly affect the LV pump when graded as mild or even
moderate. But when AS is severe (EOAo1 cm2), a small
decrease in EOA induces a drastic increase in LV stroke
work, and it is precisely in this range that patients with
AS generally develop symptoms.

Table 2. Classification of Hypertension and Aortic Stenosis Severity According to the European Society of Hypertension
(44) and to the American College of Cardiologỹ/ American Heart Association (35) (Systolic and diastolic pressures are in
mmHg. EOÃ¼effective orifice area.)

Hypertension
Aortic Stenosis

Systolic Diastolic EOA

Normal 120–129 80–84 Z3 cm2

High normal 130–139 85–89
Mild 140–159 90–99 41.5 cm2

Moderate 160–179 100–109 1.0–1.5 cm2

Severe Z180 Z110 r1.0 cm2
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represents the peak TPGnet (net transvalvular pressure gradient).
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3.2. Simulations in the Presence of Aortic Stenosis and
Coexistent Systemic Hypertension

Left ventricular pressure overload caused by AS or sys-
temic arterial HPT generally results in LV concentric
hypertrophy, which has been shown to be a strong inde-
pendent risk factor for morbidity and mortality (41,42).
Systemic hypertension (HPT) has a prevalence of 30–40 %
in patients with AS (4,43). The resulting vascular overload
in such patients adds further to the valvular overload,
which increases the LV afterload and affects LV function
and patient outcome. The V3 model may help to quantify
the respective impacts of AS and HPT on LV function. For
this purpose, we simulated the combined effect of AS and
HPT on the LV stroke work. Aortic stenosis severity was
varied from mild to severe (EOA¼ 1.75 to 0.5 cm2), and for
each degree of AS severity, blood pressure level was
progressively increased from normotensive conditions to
severe HPT (systolic/diastolic pressures¼ 120/80 to 190/
115 mmHg). For each degree of HPT, systemic vascular
resistance (R) and arterial compliance (C) were adjusted
to obtain the desired systolic and diastolic aortic pressures
(Table 3). Systolic and diastolic aortic pressures were
chosen according to the classification of blood pressure
levels published by the European Hypertension Society
(44) (Table 2). The values found for R and C were compar-
able to those measured in hypertensive patients (45,46).

As mentioned previously, Emax was adjusted for each
simulation so that stroke volume was equal to 70 mL.
The chosen values of the other input cardiovascular para-
meters are listed in Table 1. Figure 13 illustrates four
simulations obtained with a normal valve and a moderate
aortic stenosis (EOA¼ 1 cm2) with and without moderate
hypertension (170/105 mmHg). The peak LV pressure is
largely increased when hypertension coexists with AS (no
AS¼ 120, moderate AS¼139, moderate HPT¼ 169, mod-
erate ASþHPT¼ 185 mmHg). It should also be noted that
moderate AS has a small impact on LV stroke work in
comparison with moderate HPT (no AS¼ 1.00, moderate
AS¼ 1.11, moderate HPT¼ 1.37, moderate ASþHPT¼
1.47 J). The following valvular parameters: peak TPGnet,
mean TPGnet, and peak jet velocity (Table 4) were very
consistent with those of patients reported in the literature
(1,22). As an example, mean TPGnet and peak jet velocity
with an EOA of 0.5 cm2 were found to be 55 mmHg and
5.3 m/s, respectively, which represent typical values for
patients with severe AS (1). As expected, because cardiac
flow conditions were fixed, these parameters were only
dependent upon AS severity and were not influenced by
the degree of HPT (Table 4). The theoretical influence of
AS/HPT on LV stroke work is represented on Fig. 14. This
graph shows that LV stroke work is shifted upward from
one blood pressure level to the following, independently of
the AS grade AS. Thus, HPT has a quasi-linear effect on
LV work. By contrast, an increase in AS severity from mild
to moderate (EOA41 cm2) has a very small impact on LV
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stroke work. The latter, however, increases noticeably
when AS becomes severe (EOAo1cm2).

3.3. Potential Clinical Implications

According to current guidelines, the decision to replace a
stenotic valve is mainly based on EOA and presence of
symptoms (35). Unfortunately, there are often discrepan-

cies between the AS severity and the symptomatic status.
Some patients are indeed symptomatic although they
have only a moderate AS, whereas others remain asymp-
tomatic despite the presence of severe AS. Our simula-
tions may in part explain these discrepancies. According
to our numerical results, a patient having moderate AS
with coexistent moderate HPT may have higher LV after-
load than a normotensive patient with severe AS. Accord-
ingly, HPT is a well-established cardiovascular risk factor.
Its impact on the clinical outcome of patients with AS,
however, is still unknown (47), but it has been recently
reported that in hypertensive symptomatic AS patients,
symptoms of AS develop at a relative earlier stage of the
disease, with larger EOA (4). This is very likely due to the
additional LV afterload induced by HPT itself, because our
simulations tended to show that even mild HPT may
greatly influence LV stroke work and therefore LV func-
tion in AS patients. Thus, antihypertensive medication
should be initiated soon after aortic valve replacement in
patients with coexistent HPT. As an example, Fig. 15
illustrates a hypothetical case of a patient with moderate
HPT (systolic/diastolic pressures¼ 170/105 mmHg), se-
vere AS (EOA¼ 0.6 cm2), and normal output flow condi-
tions (stroke volume¼ 70 mL, heart rate¼ 70 bpm), whose
left ventricle develops a stroke work of 1.75 J. In such a
patient, aortic valve replacement alone would reduce LV
stroke work to 1.4 J. This is identical to the work done by
the left ventricle in presence of severe AS (with an EOA of
0.6 cm2) under normotensive conditions. Thus, this patient
would not fully benefit from aortic valve replacement if no
antihypertensive medication was prescribed, since LV
stroke work would remain abnormally high. This could
explain why short-term clinical results vary considerably
from one patient to another after aortic valve replace-

Table 3. Values of Total Peripheral Resistance (R) and Arterial Compliance (C) Utilized for Simulating the Different Blood
Pressure Levels in This Study

Blood Pressure Level
Arterial Pressure (mmHg)

R (mmHg.s/mL) C (mL/mmHg)
Systolic Diastolic

Normal 120 80 1.07 2.05
High normal 135 87 1.21 1.47
Mild 150 95 1.35 1.23
Moderate 170 105 1.53 0.98
Severe 190 115 1.71 0.83

Table 4. Hemodynamic Valvular Parameters Obtained with the V3 Model for Given Degrees of Aortic Stenosis Severity
Under Normal Flow Conditions and Different Levels of Arterial Blood Pressure (stroke volume¼70mL, heart rate¼
70bpm) (Values are represented as mean7standard deviation.)

Aortic Stenosis Mean TPGnet (mmHg) Peak TPGnet (mmHg) Peak Velocity (m/s)

EOA

No AS 4 cm2 0.870.7 11.772.0 1.170.03
Mild 1.75 cm2 4.570.5 18.172.3 2.170.02
Moderate 1.25 cm2 9.770.7 22.072.3 2.770.01
Moderate to severe 1.0 cm2 15.270.8 27.271.0 3.270.01
Severe 0.75 cm2 26.470.6 42.870.7 3.970.01
Very severe 0.5 cm2 55.471.3 84.771.1 5.370.03
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Figure 14. Left ventricular stroke work as a function of aortic
stenosis severity for normal arterial pressure and different grades
of hypertension. One dot characterizes one simulation performed
with the V3 model.
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ment. This surgery removes the valvular component of the
LV overload but not its vascular component related to
HPT. Hence, patients with AS and concomitant HPT may
have only minimal LV functional outcome if aortic valve
replacement alone is carried out. The influence of HPT on
the development of LV overload and symptoms in patients
with AS is often underestimated in the clinical practice,
while the V3 model shows that HPT, even at mild degree,
is an important determinant of LV stroke work in patients
with AS.

4. FUTURE INVESTIGATIONS

The V3 model has been proved to predict accurately LV
pressure, aortic pressure, and LV volume waveforms in
patients with AS (19). Contrary to previously published
mathematical models of the cardiovascular circulation,
the V3 model contains a realistic representation of the
transvalvular pressure-flow relationship. Because the
cardiovascular input parameters are all measurable in
vivo, it may also enlighten clinical inquiries with regard to
the effects of some cardiovascular diseases on the LV
function. In addition, future updates could be made to
extend its clinical applications. As an example, combining
the V3 model with the lumped representation of left
coronary circulation developed by Judd and Mates (48)
could allow the examination of the impact of AS and HPT
on coronary blood flow, and would help to clarify the
occurrence of LV failure in patients with AS and/or HPT.
Indeed, the left coronary circulation is essentially gov-
erned by LV pressure and by the left coronary inlet
pressure (49). Also, in the current version of the V3 model,
EOA is supposed constant throughout ejection. Whereas

this hypothesis is adequate in normal and mildly or
moderately calcified aortic valves, it has been reported
that EOA may vary notably during ejection in patients
with severe AS (39,50). Time-dependence of EOA may
significantly influence TPGnet and LV pressure waveforms
and consequently LV stroke work. The influence of time-
varying EOA on LV stroke work could be studied by
writing EOA as a function of transvalvular flow. This
could be performed for example by means of a simple
spring-damper representation of the valve aperture or by
using a Lagrangian dynamic leaflet model as that pro-
posed by Fenlon and David (51). Despite its relative
simplicity, the V3̃model may therefore allow the investiga-
tion of complex cardiovascular interactions. In conclusion,
mathematical cardiovascular models, such as the V3

model, may answer important clinical questions. It is,
however, essential to experimentally validate the model
per se and its findings before any clinical application.
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1. INTRODUCTION

The arterial blood pressure wave is the result of the
interaction between the heart ventricles ejecting a given
volume of blood during the contraction and the arterial
vascular system, which receives the ejected blood. At each
beat, an incident blood pressure wave propagates from the
heart to the periphery, where it is reflected by bifurcations
and arteriolar beds. The resulting blood pressure wave-
form therefore consists of the summation of incident and
reflected waves, whose magnitude and timing determine
the final pulse contour. For these reasons and for the
energy dissipation, amplitude, and shape of each arterial
blood pressure wave change while traveling from the aorta
to the periphery. These changes depend on the vascular
district (pulmonary, systemic, coronary beds), and on the
distance from the heart where the measure is performed
(1). Additionally, arterial blood pressure is also character-
ized by an important beat-by-beat modulation imposed by
the need to guarantee at any moment a proper blood flow
supply in response to the multiple endogenous and exo-
genous challenges occurring in daily life. Part of blood
pressure variability also depends on other factors, e.g., the
interaction between cardiovascular and respiratory sys-
tems. Moreover, because excessive blood pressure devia-
tions from the optimal value may be harmful for the
organism, a number of biological control mechanisms
also impinge on the cardiovascular system to limit blood
pressure variability within a safety range. Age and spe-
cific pathologies may determine differences in the shape of
the blood pressure wave and in its beat-to-beat fluctua-
tions (2).

Arterial blood pressure can be measured by a variety of
devices based on different technologies. Available instru-
mentation differs according to the site of measurement
(from distal or proximal arteries), invasiveness, and con-
tinuity of the monitoring.

This chapter contains descriptions of (1) signal proces-
sing techniques for the analysis of data derived from
devices providing a discontinuous measure of blood pres-
sure, (2) techniques for the analysis of continuous arterial
blood pressure recordings, (3) the main methods for the
analysis of blood pressure variability, and (4) techniques
for the estimation of the baroreflex function from the
analysis of spontaneous fluctuations of blood pressure
and heart rate.

2. ARTERIAL BLOOD PRESSURE PROCESSING FROM
DISCONTINUOUS MEASUREMENTS

Noninvasive devices based on the arm cuff allow the
sporadic assessment of systolic and diastolic blood pres-
sures (i.e., the maximum and minimum values in the
blood pressure wave), mean blood pressure, and heart
rate. This simple and low-cost methodology is often used
to obtain also an intermittent assessment of blood pres-
sure values over the 24 hours in ambulant subjects. In this
instance the systems are programmed to repeat the
measurements over time at a rate that may vary from
hours to minutes. While providing important clinical
information, the low sampling rate does not allow the
assessment of fast components of blood pressure variabil-
ity, which are known to convey important information on
the mechanisms controlling the cardiovascular system
(see next sections). From the data obtained by these
devices, the overall 24h mean and standard deviation
are typically computed, being the latter taken as a global
index of blood pressure variability. Obviously the time
interval between blood pressure measurements influences
the accuracy of the estimates. It has been shown that
while one pressure assessment every 30 minutes may
suffice for a correct assessment of the 24h blood pressure
mean, the measuring interval should not exceed 10 min-
utes for estimating the 24h blood pressure standard
deviation (3). An additional quantification of 24h varia-
bility is based on computation of the difference between
the average blood pressure values observed during the day
and night. More sophisticated methods are based on
harmonic analysis of the blood pressure series. These
methods include the single cosinor method (which esti-
mates the single cosine function best fitting the 24h blood
pressure profile) (4), the estimation of the first four
harmonics of the Fourier spectrum (5), or the assessment
of the cusum statistics (6).

The ambulatory blood pressure monitoring through
intermittent arm-cuff devices is often performed to deter-
mine the optimal dosage of antihypertensive drugs. For
this reason, further indexes have been proposed to quan-
tify the effects of drugs on the 24h blood pressure profile
(7). Estimation of these indexes is based on the evaluation
of two 24h blood pressure recordings performed before
and after the antihypertensive treatment. The smoothness
index provides a quantification of the homogeneity of the
blood pressure reduction following the drug administra-
tion. This index is calculated by first computing the hourly
profile of the blood pressure reduction induced by the
drug. The smoothness index is obtained as the ratio
between mean and standard deviation of this profile (8)
Another index for assessing the effects of drugs is the
trough-to-peak ratio (9). It is estimated as the ratio of the
reduction in blood pressure at the end of the interval
between doses (trough) and the reduction in blood pres-
sure at the time of the maximal effect of the drug (peak).
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3. ARTERIAL BLOOD PRESSURE PROCESSING FROM
CONTINUOUS MEASUREMENTS

The entire informative content of the arterial blood pres-
sure signal can only be retrieved through continuous
measurements of the whole waveform over time. In the
past, the continuous assessment of arterial blood pressure
was possible by intra-arterial techniques requiring the
insertion of a catheter into an artery (10). The recent
development of noninvasive devices based on finger
plethysmography or applanation tonometry has offered a
noninvasive alternative to the intra-arterial approach. In
particular, devices for measuring blood pressure at the
finger level allow the continuous recording of arterial
blood pressure to be performed even for 24 hours in
ambulant subjects (11). When the recording time is limited
to a few minutes, devices based on applanation tonometry
can be also used to detect the arterial blood pressure
waveform at different superficial arteries (12).

In this section, the following aspects of the analysis of
continuous arterial blood pressure waveforms will be
described: (1) the application of transfer functions to
estimate the shape of the pressure wave at arteries
different from the measurement site; (2) the beat-by-beat
extraction of traditional parameters from the blood pres-
sure wave; and (3) the estimation of characteristics of the
vascular bed and cardiac output through the pulse contour
technique.

The analysis of the changes over time of the above
parameters and their use to assess the baroreflex function
will be illustrated in later sections.

3.1. Transfer Function between Measurement Sites

A limit of most devices for the continuous blood pressure
recording is that they detect the signal from peripheral
arteries (finger, radial or carotid arteries). As mentioned
in the introduction, however, the shape of the blood
pressure waveform is distorted while traveling from the
heart to the periphery of the vascular system. Particularly
for the systemic vascular bed, this phenomenon results in
a progressive increase in the systolic value and a progres-
sive reduction in the diastolic value while the pressure
wave moves from the aorta to the small arteries. Thus,
most of the recorded pressure waveforms are actually
modified by these aberrances (Fig. 1).

To alleviate this problem, procedures have been pro-
posed in order to estimate a proximal waveform by the
application of specific filters to distal pressure signals.
Details on these filters are available in literature to
transform femoral into aortic (13), carotid into aortic
(14), radial into aortic (15,16), finger into brachial
(17,18) and finger into aortic (19) blood pressure wave-
forms.

The above filters have been designed by considering the
inverse of the transfer functions describing the relation
between central and peripheral waveforms. These trans-
fer functions have been experimentally determined by
simultaneously measuring arterial pressure at a proximal
and a distal site in selected groups of subjects, and by
estimating the relevant parameters through the applica-

tion of Fourier analysis (19), the identification of a mod-
ified windkessel model of the arterial vessel (19), or by the
application of autoregressive modelling techniques (16).

This approach has been shown to provide good esti-
mates of parameters of the aortic waveform, like mean,
maximum and minimum values of the pulse (20), while
poor results have been obtained on the estimation of
specific features of the aortic wave related to the reflection
of the pressure wave (21,22).

3.2. Main Parameters of the Blood Pressure Wave

From continuous blood pressure recordings, possibly after
application of the filtering procedure illustrated in the
previous subsection, a number of parameters can be
derived from each pulse wave. As a first step of the
parameter extraction, a segmentation of the continuous
signal into individual heart beats should be performed.
When a simultaneous electrocardiographic recording is
available, start and end of the nth heart beat are defined
by the occurrence of the nth and (nþ 1)th R peaks in the
ECG signal. Coherently, systolic and diastolic blood pres-
sures are defined as the maximum and minimum blood
pressure values occurring within the nth heart beat.
According to this definition, the nth diastolic blood pres-
sure precedes the nth systolic blood pressure. If a simulta-
neous ECG recording is not available, a fiducial point
within the pressure wave must be taken to identify the
start of each beat. Possible fiducial points can be the
systolic peak, the foot of the wave, the point of maximal
derivative in the upslope phase of the pulse waveform
(Fig. 2).

From each pulse wave, besides SBP and DBP, other
parameters can also be derived: pulse pressure (defined as
the difference between systolic and diastolic pressures of
the same beat); mean blood pressure (defined as the
average of all blood pressure values observed in a beat);
pulse interval (defined as the duration of the pulse wave).
The latter is estimated as the time interval between
consecutive systolic peaks or diastolic minima and is
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Figure 1. Noninvasive finger arterial pressure (FAP) and the
corresponding aortic arterial pressure (AAP) obtained from FAP
by application of filters based on the transfer function technique.
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commonly taken as a quantification of the heart interval
when the RR interval cannot be measured.

In case of use of systolic peak as a marker for segmen-
tation, a ‘‘derivative and threshold’’ algorithm can be used
for the identification of the systolic maximum. In this case
systolic blood pressure can be identified as the greatest
blood pressure value occurring within a data window of
fixed length (i.e., few hundredths of milliseconds), after
the first derivative of the signal exceeded an adaptive
threshold (Fig. 3).

In some instances pressure waves may display uncom-
mon contours and slightly different definitions of the
derived parameters are preferred. This is the case for
bisferiens pulses, i.e., blood pressure waves that show two
distinct peaks during the phase of systolic ejection and the
maximal pressure value alternates between these peaks
(see Fig. 4, left panel). Although the definition of systolic
blood pressure does not change (it remains the maximal
pressure value in the wave), pulse should be measured by
considering the first peak of the pair. This gives a measure
of the wave duration closer to the R-R interval. Another
exception is represented by blood pressure waves where
the lowest blood pressure value does not occur just before
the upslope phase of the next beat (this pattern may be
observed in case of marked wave reflection). In this
instance diastolic blood pressure is defined as the last
relative minimum before the next systolic phase (Fig. 4,
right).

When the central blood pressure wave is available
(through a direct recording or as a result of filtering of a
peripheral wave), another useful parameter that can be
derived is the augmentation pressure AP, defined as the
boost of pressure from the systolic shoulder (i.e., the
inflection point during the ejection phase) to the systolic

pressure peak (Fig. 5). Augmentation pressure can also be
expressed as percentage of pulse pressure by the augmen-
tation index, AI. Since the augmentation pressure de-
pends on amplitude and timing of the reflected waves,
AI is used to characterize the arterial stiffness (23).

3.3. Other Parameters from the Pulse Contour Analysis

Because the shape of the blood pressure wave is the result
of the coupling between the ventricular activity and the
vascular bed, several methods have been proposed to
derive information on the heart and vascular functions
from the analysis of the blood pressure pulse contour. In
one application, the possibility of investigating alterations
in arterial mechanical properties through analysis of the
diastolic portion of the brachial or radial wave has been
suggested (24). The method is based on fitting the para-
meters of a 4-element windkessel model (25) to the
diastolic decay (Fig. 6). This is done by finding the six
parameters Ai (i¼ 1,y,6) that describe the exponential
pressure decay during diastole, P(t), as

PðtÞ ¼A1e
�A2tþA3e

�A4t cos A5tþA6ð Þ

The four windkessel elements are related to the Ai

coefficients. This method provides estimates of the capa-
citive compliance CC (ratio between volume fall and
pressure fall during the diastolic decay) and oscillatory
compliance OC (ratio between volume and pressure
changes around the exponential pressure decay during
diastole).
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Figure 3. Example of ‘‘derivative and threshold’’ algorithm for
identifying the systolic blood pressure peak in each heart beat.
The original signal (upper trace) is differentiated (lower trace)
and an adaptive threshold (dashed line) is computed as a percen-
tage of the standard deviation of the derived signal in the last two
minutes. Systolic blood pressure is the highest blood pressure
value occurring within a data window of fixed length (in this
example, equal to 350ms) after the derived signal exceeded the
threshold.
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Figure 2. Definition of systolic blood pressure (SBP), diastolic
blood pressure (DBP), and pulse interval estimated as interval
between systolic peaks.
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Other methods have also been proposed to estimate
stroke volume and cardiac output from the shape of the
blood pressure wave (26). One of the most frequently used
is the model-flow method, based on an extended 3-element
windkessel model (27). The model consists of two elements
which nonlinearly depend on the input arterial pressure
wave, P(t) (the characteristic impedance of proximal aorta,
Z0, and the arterial compliance C) and a third element
represented by the time-varying peripheral resistance R(t)
(Fig. 7). On the base of the measured central blood
pressure wave P(t), the ‘‘model flow’’ method provides an
estimate of Z0 and C, from which the blood flow F(t) and
resistances R are derived. The estimation of impedance
and compliance is based on the arctangent model of aortic
mechanics (28), which nonlinearly relates the thoracic
aortic cross-sectional area to blood pressure, A(P). From
this relationship, the aortic compliance per unit area, C0, is
derived as: C0 ¼dA(P)/dP. The arterial compliance C is
obtained as C¼L�C0, where L is the aortic length, which
depends on patient height and weight. Characteristic

impedance Z0 is calculated as Z0¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

r=ðAC0Þ
p

, where r is
the blood density. Given an input pressure waveform,
aortic systolic inflow is determined by the time constant Z0

�C. Stroke volume is computed by integrating the model
flow during systole, and cardiac output by multiplying
stroke volume with instantaneous heart rate. This method
cannot provide accurate absolute values of cardiac output,
but relative changes in cardiac output can be tracked with
good precision (29).
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Figure 4. Definitions of pulse interval PI (left panel) or diastolic blood pressure DBP (right panel)
in case of bisferiens pulses or when the minimum of the blood pressure wave does not coincide with
the end of the diastole.
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Figure 5. Augmentation pressure (AP) in a central blood pres-
sure wave is calculated as the increment of blood pressure from
the inflection point to the systolic peak (SBP).
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Figure 6. Windkessel model for the estimation of capacitive
compliance (CC), oscillatory compliance (OC), systemic vascular
resistance (VR), and blood inertia (BI) from analysis of the
pressure decay during diastole.
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4. BEAT-BY-BEAT BLOOD PRESSURE VARIABILITY

The blood pressure waveform changes continuously over
time because of the varying needs of the different vascular
districts, the effects of external perturbations, and the
autonomic and humoral regulation of circulation. There-
fore, several signal processing procedures have been de-
veloped to quantify the beat-by-beat dynamics of blood
pressure parameters such as systolic blood pressure,
diastolic blood pressure, and heart rate (derived as the
reciprocal of the pulse interval). In specific instances,
blood pressure may also be analyzed in concomitance
with other signals, such as the ECG and signals related
to the respiratory function (e.g., thoracic movements, oro-
nasal airflow, oxygen saturation). Most of the available
procedures for the assessment of blood pressure dynamics
are based on the decomposition of the overall pressure
variability in frequency components as obtained by the
spectral analysis.

A common requirement characterizing standard spec-
tral methods is that the input signal must be evenly
sampled over time. Unfortunately, the parameters derived
from the blood pressure waves are events occurring once
per beat, and thus they are irregularly sampled at a
frequency equal to the instantaneous heart rate. Although
specific methods for the analysis of unevenly sampled time
series have been proposed (30,31), two simpler approaches
are generally used. The first one does not requires any
manipulation of the original series; it simply assumes that
the series is evenly sampled at a frequency equal to the
mean heart rate. The spectral distortion resulting from
this assumption is negligible if the heart rate does not
change markedly in the analyzed segment of data. The
second approach consists in the interpolation of the origi-
nal beat-by-beat series followed by an even resampling of
the interpolated signal.

Concerning the choice of the components of blood
pressure variability to be considered, attention is usually
focused on spectral components with period shorter than
30 s, which appear to reflect the action of the mechanisms
controlling the cardiovascular system and the influence of
respiration (32,33). In particular, it has been shown that
the spectral powers in the so-called high frequency (HF:
0.15–0.40Hz) band is caused by the interaction of respira-
tion with the thorax hemodynamics while it has been

hypothesized that the power in the low frequency (LF:
0.04–0.15Hz) band may be due to central oscillators
modulating the sympathetic efferences on the heart and
vasculature (34) or to a resonance in the baroreflex loop
(35).

The most popular spectral methods for the analysis of
spontaneous cardiovascular variability are based on the
fast Fourier transform, FFT (36,37) or on the autoregres-
sive, AR, modelling (38). These methods yield similar
spectra when FFT is used with some degree of smoothing
and the AR modeling is applied with a sufficiently high
model order (Fig. 8). However, specific properties make
each approach appropriate in special applications. For
instances, AR spectra generally have higher-frequency
resolution, making the AR modelling preferable when
only short segments of data are available. Moreover, the
AR approach makes it easy the analytical identification of
power and central frequency of the spectral peaks (39).
The FFT method is preferable to analyze spectra with the
power spread over a wide range of frequencies (Fig. 9).

When the interest is to focus on the global evaluation of
the spectral characteristics of a long-term blood pressure
recording, the so called broadband analysis can be per-
formed. This approach is usually based on the evaluation
of a single spectrum from the whole recording followed by
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Figure 8. Spectra of the same 10-min recording of beat-to-beat
pulse interval data analysed by FFT (left) with (upper panel) or
without (lower panel) smoothing, or by AR modeling (right) with
low (upper panel) or high (lower panel) model order.
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Figure 7. Extended windkessel model for estimating blood flow
F from the measured blood pressure P; Z0 and C are aortic
characteristic impedance and arterial compliance, both nonli-
nearly dependent on blood pressure P; R is the time-varying
peripheral resistance.
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the application of smoothing procedures to increase the
consistency of the spectral estimate (37,40) (Di Rienzo et
al., 1995). The broadband approach was used to show that,
like the R-R interval time series (41), also beat-by-beat
blood pressure profiles are characterized by the so-called
1/f trend (42), i.e., by fluctuations having a power that
decreases with the frequency according to the 1/fb power
law, where the exponent b can be identified by the regres-
sion line fitting the slower components of the spectrum
plotted in a log-log scale.

Since the biological mechanisms controlling the cardi-
ovascular system simultaneously modulate blood pressure
and also other variables, such as heart rate, quantification
of the coupling between variables is usually performed to
get information on the efficiency of the cardiovascular
control. The degree of linear correlation between variables
is usually quantified by the coherence function:

g fð Þ¼
GXY fð Þ

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

GXX fð ÞGYY fð Þ
p

where X and Y are the two input time series, g(f) is the
coherence function, GXY(f) is the cross-spectrum, and
GXX(f) and GYY(f) are the spectra of X and Y.

From the above formula, the coherence squared mod-
ulus, |g(f)|2, and phase are usually derived (36). Pairs of
variables are considered to be coupled if the value of
|g(f)|2 is above a certain threshold, which may depend
on the degrees of freedom of the estimation procedure and
on the features of the input signals. In literature, 0.5 is the
most common value used as a threshold in the analysis of
cardiovascular data, although criticisms may be raised of
such an arbitrary choice (43). Figure 10 shows typical
coherence squared modulus and phase between systolic
blood pressure and pulse interval and between systolic
and diastolic blood pressure in a healthy subject at rest.

Typically, the modulus of coherence between systolic
blood pressure and pulse interval (the reciprocal of heart
rate) shows two peaks: around the respiratory frequency

and at 0.1Hz. These peaks indicate that respiratory
oscillations and LF powers are linearly correlated. By
contrast, coherence is remarkably low at lower frequen-
cies, suggesting that oscillations of longer periods are
uncoupled, or coupled through nonlinear mechanisms
(36,44). Conversely, the modulus of coherence between
systolic and diastolic blood pressure is high only at the
slowest components of the spectrum (from 0.1Hz toward
the lower frequencies) while at the respiratory frequency
the coherence modulus is relatively low. This can be
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explained by considering the relationships between blood
pressure and heart interval as described by the wind-
kessel model, and by considering the fast vagally mediated
baroreflex control of heart rate (44). Indeed, SBP changes
at the respiratory frequency are usually followed by reflex
parallel changes in pulse interval because of the buffering
action exerted by the baroreflex. This reflex change in the
beat length modifies the duration of the pressure decay
during diastole and weakens the SBP-DBP coupling at the
respiratory frequencies. The example of Fig. 10 shows that
the SBP oscillations lead the PI oscillations and the DBP
oscillations lead the SBP oscillations in the LF band.

5. ASSESSMENT OF BAROREFLEX FUNCTION

The arterial blood pressure homeostasis is importantly
controlled by the arterial baroreflex. This biological me-
chanism counteracts deviations of blood pressure from the
reference set point by modulating heart rate, peripheral
vascular tone, and other cardiovascular variables.

An impairment of the baroreflex function may result in
a significant disregulation of blood pressure. This may
become manifest as sudden pressure drops on shifting
from a supine to a standing position or as aberrant
pressure rises under stressful behavioral conditions. Bar-
oreflex dysfunction may occur in different pathological
conditions, including hypertension, primary autonomic
failure, acute myocardial infarction, congestive heart fail-
ure, renal failure, diabetes mellitus, and a number of
neurodegenerative diseases. In these instances the iden-
tification of a baroreflex impairment has been suggested to
have diagnostic and prognostic relevance (45–47).

The efficiency of the baroreflex function is commonly
estimated by evaluating the sensitivity of the baroreflex
control of the heart (BRS), i.e., by quantifying the cap-
ability of the baroreflex to modulate the heart rate in the
attempt to buffer a unitary change in blood pressure.
Traditionally, the BRS assessment is performed in a
laboratory environment through techniques that provide
isolated evaluations of the reflex heart rate changes
following (1) blood pressure changes artificially induced
by external interventions on the subject such as injections
of vasoactive drugs or (2) external manipulations of car-

otid baroreceptors, e.g., by a neck-chamber device, or (3)
voluntary changes in the respiratory pattern, e.g.,
through the Valsalva maneuver. These techniques allow
an assessment of BRS under standardized and controlled
conditions. However, they suffer from two major limita-
tions (48) first, the required ‘‘artificial’’ stimulations may
interfere with the baroreflex function, and second, the
isolated assessment these approaches yield do not allow
an adequate characterization of the dynamic feature of the
baroreflex control in daily life. The last limitation is
particularly important. Indeed, it is known that in daily
life BRS changes over time as the result of continuous
influences exerted by central and peripheral inputs with
the purpose to adapt the cardiovascular system to specific
behavioral tasks. For example, during physical exercise or
under emotional stress, blood pressure should rise from its
reference level. Given the high efficiency of the baroreflex
(49), this pressure rise can be obtained only through a
reduction of the baroreflex gain (50). Indeed, should the
baroreflex gain remain stable at its maximal level, no
pressure increase would be allowed.

A significant advancement in the assessment of the
baroreflex function is represented by the development of
techniques that quantify the ‘‘spontaneous’’ sensitivity of
the baroreflex control of the heart. These techniques,
sometimes referred to as ‘‘modern techniques,’’ do not
require any external intervention on the subject under
evaluation. Moreover, most of them can be used also to
investigate the dynamic features of baroreflex modulation
in daily life. These ‘‘modern techniques’’ derive informa-
tion on the baroreflex function from the joint analysis of
spontaneous systolic blood pressure and heart rate beat-
by-beat variability as obtained by time or frequency
domain algorithms, by statistical procedures, or through
the identification of mathematical models (Fig. 11)
(40,44,51–61). All these approaches are based on the
following rationale. Since the baroreflex continuously
modulates the heart rate to buffer the spontaneous SBP
changes occurring in daily life, it actually produces a
certain level of coupling between specific components of
blood pressure and heart rate variabilities. A proper
assessment of this coupling is thus expected to provide
information on the baroreflex function.
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methods
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(Di Rienzo et al., 1985)
(Parati et al., 1988)

xBRS
(Westerhof et al., 2004)
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Figure 11. Scheme of available techniques for
estimating BRS (40,44,51–61).
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5.1. Techniques for the Assessment of Spontaneous
Baroreflex

Hereafter, the features of the most employed techniques
for spontaneous baroreflex analysis will be described.

5.1.1. Time Domain Techniques.
5.1.1.1. The Sequence Technique. This technique is

based on the automatic scanning of beat-by-beat SBP
and RRI (or PI) series searching for spontaneous se-
quences of three or more consecutive beats in which a
progressive rise in systolic blood pressure is followed, with
a delay of zero, one, or two beats, by a progressive increase
in R-R interval (þRRI/þSBP sequences) or by a progres-
sive decrease in systolic blood pressure and shortening in
R-R interval (�RRI/�SBP sequences). The slope of the
regression line between SBP and RRI values forming the
sequence is estimated and taken as an index of the
sensitivity of arterial baroreflex modulation of heart rate
(Fig. 12) (40,48,62–64). About 80 spontaneous sequences of
4-beat length can typically be observed per each hour
during daily activities, thus making this method suitable
to provide a detailed profile of BRS modulation over time.
The specificity of this technique was demonstrated by
showing a drastic reduction in the number of spontaneous
sequences (� 86%) after surgical opening of the baroreflex
loop (64).

5.1.1.2. x-BRS. This approach is based on the estima-
tion of the cross-correlation between very short (10-sec)
segments of SBP and RRI data. For any SBP segment, the
cross-correlation is repeatedly estimated by considering
sliding 10-sec segments of RRI with a time delay with
respect to SBP up to 5 sec. The SBP and RRI segments
showing the maximal correlation coefficient are selected
and the slope of the regression line obtained from the
corresponding SBP and RRI values is taken as an index of
BRS, provided the probability of being a random regres-
sion is lower than 1% (52).

5.1.2. Frequency Domain Techniques.
5.1.2.1. Alpha Coefficient. This approach is based on

the splitting of the beat-by-beat SBP and RRI series into
short data segments, each lasting a few minutes (usually
2–5), followed by estimation of the power spectra for each
segment and by the computation of the following indexes:

aLF¼ ðRRIPowerLF=SBPPowerLFÞ
1=2

aHF¼ ðRRI PowerHF=SBP PowerHFÞ
1=2

where RRI PowerLF, SBP PowerLF, RRI PowerHF, and SBP
PowerHF are the RRI and SBP powers estimated in the LF
and HF frequecy bands, respectively. With the hypothesis
that SBP-RRI coherence may reflect the degree of barore-
flex–induced coupling between SBP and RRI, aLF and aHF

are taken as indexes of BRS whenever the squared
modulus of the RRI-SBP coherence is greater than 0.5
(53,65).

5.1.2.2. Transfer Function. In this case, after having
split the SBP and RRI series into short data segments,
the SBP spectrum and the cross-spectrum between SBP
and RRI are estimated. The transfer function between the
output RRI and the input SBP is then evaluated as the
ratio between the cross-spectrum and the SBP spectrum.
The values of the transfer function modulus in the LF and
HF frequency regions are taken as BRS estimates (54).

Because blood pressure and heart rate recordings
performed in spontaneous conditions include frequent
SBP and RRI rhythmic oscillations in the LF and HF
frequency band, also the above techniques can be used for
the assessment of the dynamic features of BRS.

5.1.3. Statistical Techniques.
5.1.3.1. Z-Method. This approach is based on the com-

putation of the statistical dependence between SBP and
RRI values, as obtained by considering the Z-coefficient
(66). The slope of the regression line estimated from the
SBP and RRI values showing over-threshold z-coefficient
values is taken as an index of BRS (61).

5.1.4. Model-Based Techniques. Another approach for
estimating the baroreflex sensitivity is based on the
mathematical modeling of the cardiovascular regulatory
mechanisms. In this case the recorded SBP and RRI beat-
by-beat series are used to identify the coefficients of a
preselected mathematical model of the baroreflex. Once
the model has been identified, the transfer function, and
hence the gain, delay, and time constant of the baroreflex
control can be derived from the equations of the model.
The accuracy of the estimates so obtained depends on how
well the mathematical model fits the physiological com-
plexity of the cardiovascular control mechanisms. So far a
number of different models have been proposed (13,44,56).
In many instances a ‘‘black-box’’ modeling of baroreflex
control has been used, sometimes including also respira-
tory signals. This class of models includes dynamic adjust-
ment models (57) autoregressive-moving average, ARMA,
models (58) exogenous models with autoregressive input,

Systolic Blood Pressure

The slope is taken as
index of BRSR

-R
 In

te
rv

al

Blood
Pressure

ECG

Figure 12. Scheme of the sequence technique: from (62), with
permission, r 2001 IEEE and (63) with permission from IOS
press.
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XAR (59) bivariate autoregressive models with two exo-
genous inputs, ARXAR (60).

This approach to the assessment of the baroreflex
function is particularly intriguing and challenging be-
cause, provided a suitable model is identified, it may offer
the possibility of addressing aspects of the baroreflex
control of the circulation, in addition to BRS, that can
usually only be investigated through complex experimen-
tal procedures in a laboratory setting.

5.2. Dynamic Assessment of Spontaneous Baroreflex

Figure 13 shows an example of BRS assessment over the
24 hours(sequence technique) in a group of eight young
subjects. Application of these procedures demonstrated
that in young subjects BRS is significantly lower during
the day than in the night time during sleep, in line with
the hypothesis of an inverse relation between BRS and
mental arousal or physical activity (51).

Figure 14 illustrates another example of the capability
of the sequence technique and alpha coefficient to track
fast changes of BRS. The figure shows BRS estimates
obtained in a healthy volunteer undergoing a sequence of
maneuvers (changes of posture, mental stress, incremen-
tal exercise) that are known to activate the autonomic
cardiac modulation at different levels. BRS displays con-
tinuous changes from one condition to the next one. The
highest values were observed while the subject was supine
at rest (lowest sympathetic tone and highest vagal tone).

The BRS estimates decreased during tilt, standing, and
mental stress and dropped further during physical exer-
cise, in parallel with the sympathetic activation (62,63).
As a methodological remark, the overall similarity in the
BRS estimates obtained by the sequence and the alpha
techniques should be noted from the figure. This indicates
that in spite of the marked differences in the algorithms
used by these methods, they actually provide an uniqui-
vocal quantification of the baroreflex function.
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Figure 13. BRS profile over the 24 hours in a group of 8 young
healthy subjects: (63) with permission from IOS press.
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Concerning the long-term description of BRS dynamics,
it was shown (67) that over the 24h the spectral char-
acteristics of BRS follow a 1/f trend (Fig. 15) and this
finding opens the question on whether such a behavior of
the BRS dynamics may be one of the cofactors responsible
for the 1/f pattern also observed in blood pressure and
heart rate spectra (50).
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1. INTRODUCTION

The surgical art of tissue repair and reconstruction has
evolved over the course of the twentieth century to include
procedures that are done with increasingly less trauma to
structures that are not at the repair site. The goal of this
evolution in technique is to improve surgical outcomes by
decreasing pain and healing time by reducing the cutting
and retraction of tissue merely to create access to a repair
site. Endoscopic surgery—the performance of surgical
techniques within a cavity or organ of the body through
a relatively small access channel—is the area of surgical
specialty that encompasses these procedures. One area of
surgical specialty within endoscopic surgery is that of ar-
throscopic surgery. Arthroscopic surgery is endoscopic
surgery that is performed on or within the joints of the
body. In the United States, arthroscopy is now one of the
most common surgical procedures, and an estimated 2
million repairs were done arthroscopically in 2001; (1).

The developments of early medical pioneers make to-
day’s endoscopic and arthroscopic techniques possible.
Endoscopes and arthroscopes are essentially tubes that
transmit light along their lengths and into the body loca-
tion where they are placed as well as allowing light to
travel back out, providing external images of the internal
body structures. The first recorded creation and use of an
endoscope was by Danish surgeon H. C. Jacobaeus in 1910
(2). His work was followed by the work of another Danish
surgeon Severin Nordentoft, who described his own ex-
amination of the knee joint with arthroscopic equipment
he had built himself (2). Japanese surgeon K. Takagi per-
formed arthroscopy in 1918 (2); Swiss surgeon Eugen
Bircher reported on 18 diagnostic knee arthroscopies in
1921 (3); and the first reference to arthroscopy in the
United States was by P. Kreuscher in 1925 (2). Another
Japanese surgeon, M. Watanabe, continued and built on
Takagi’s device development work in the 1950s leading to
the first production arthroscope in 1959 (4).

Arthroscopes and techniques of arthroscopic visualiza-
tion allowed the effective use of additional devices for sur-
gical resection and repair. In most cases, these devices had
to be specially designed or redesigned to pass through
small access channels (typically no larger than around
10mm to 12mm in diameter). The shafts of the insertion
instruments used to advance and deploy the devices also
have to be long enough and strong enough to allow them to
be used within the body while the surgeon’s hands remain
outside the body. In this way, surgical techniques includ-
ing repair and fixation of tissue are done within the body

through relatively small incisions with visual feedback
provided via arthroscope.

Arthroscopic fixation devices are available for use in all
of the major joints of the body. Fixation of tendinous or
ligamentous tissue to other tendinous or ligamentous tis-
sue or bone allows torn and damaged structures at the
joint to be repaired, reducing pain and restoring function
to injured or unstable joints. The following sections of this
article contain more detailed descriptions of devices used
for fixation in the knee, shoulder, and other joints, as well
as discussions of design aspects and of the materials used
in the devices.

2. APPLICATION AREAS

2.1. Knee

Motion and stability at the knee joint are controlled by the
articulation of the femur (thigh bone) and tibia (shin
bone); the articulation of the patella (knee cap) and fe-
mur; the restraints of the anterior and posterior cruciate
ligaments (ACL and PCL) in the central region and the
medial and lateral collateral ligaments on either side; and
the quadriceps tendons, hamstring tendons, and other
tendons from surrounding muscles (5). The medial menis-
cus and lateral meniscus aid in load-bearing on either side
of the articulation between the femur and the tibia. If one
or more of these structures are damaged, the pain or loss
of function or stability at the knee can be debilitating.

2.1.1. Meniscal Repair. Surgery to repair damage to a
meniscus is the most prevalent arthroscopic repair proce-
dure performed in the United States today (1). Meniscal
tissue does not heal well on its own, and so, even today,
arthroscopic removal of all or part of the meniscus is most
often performed to treat pain or instability because of
meniscal damage. However, an increasing trend toward
repairing meniscal tears to restore function exists. The
development of small polymer blocks connected by fine
suture, small absorbable polymer screws, small staples,
and barbed dart-like devices have spurred this trend by
providing the surgeon with meniscal repair options. The
goal of these devices is to repair and restore the function of
the meniscus by fixing one part of the meniscus to another.
They are designed to attach to the meniscal tissue on ei-
ther side of a tear, span and close the tear in the meniscus,
and hold the two sides in apposition to aid healing.

An early arthroscopic meniscal fixation device is the T-
fix (Smith & Nephew Endoscopy, Andover, MA). The T-fix
allowed the introduction of the fixation bars into and
through the meniscus on either side of a tear, but then
relied on the surgeon to tie, advance, and secure knots at
the repair site from outside the knee. Tying, advancing,
and securing knots arthroscopically can be a difficult and
time-consuming part of a surgical procedure. Subsequent
arthroscopic meniscal fixation devices address this con-
cern via designs that do not rely on sutures to span and
hold the tear closed or that provide a fixed cable strand or
pretied sliding/locking knots between fixation members. A
representative listing of meniscal arthroscopic fixation de-
vices is shown in Table 1 (6–11).
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2.1.2. Anterior Cruciate Ligament Repair. In the knee,
repair of the ACL is the next-most prevalent arthroscopic
procedure (1). Unlike the majority of meniscal procedures,
however, in which the meniscus is removed, the primary
aim of arthroscopic ACL procedures is replacement of the
ligament structure and restoration of its function, which is
predominantly done by using tissue grafts taken either
from the patient (autograft) or another donor (allograft) in
the form of hamstrings or patellar tendons.

These grafts are secured at the origin and insertion
sites on the femur and tibia using fixation devices spe-
cially designed to hold tissue within holes prepared in
each bone. In this way, the fixation devices maintain the
graft in position as it spans the femoro-tibial articulation
at the joint, ideally in the same location and in the same
way as the ACL did prior to its damage or rupture. The
successful healing process results in the incorporation of
the graft into the femur and tibia at either end, and the
formation of a ligamentous structure along the graft that
is essentially a new ACL. A representative listing of ar-
throscopic fixation devices used in ACL repair is shown in
Table 2 (6–11).

2.2. Shoulder

Motion and stability at the shoulder joint are controlled by
the articulation of the humerus (upper arm bone) and
glenoid of the scapula (shoulder blade); the restraints of

the capsule, which includes ligaments from the four sur-
rounding rotator cuff muscles (supra-spinatus, infra-spin-
atus, subscapularis, and teres minor); and the labrum,
which stabilizes and aids in distributing the contact load
(5). If one or more of these structures are damaged, the
pain or loss of function or stability at the shoulder can be a
severe limitation to activities of daily living.

Arthroscopic procedures to repair damaged structures
in the shoulder are second in prevalence only to ar-
throscopic procedures to address meniscal problems in
the knee (1). Arthroscopic shoulder procedures can be
roughly divided into two main categories: procedures to
restore function by repairing damage to rotator cuff struc-
tures and procedures to restore stability by repairing dam-
age to other capsular structures such as the labrum.

The devices specific to rotator cuff repair and specific to
instability repair are similar in many aspects of design
and function but differ in overall size. The arthroscopic
suture anchors used to repair rotator cuff damage fix ten-
dons back to the predominantly softer cancellous bone of
the proximal humerus. As a result, they are generally rel-
atively large with wide thread forms to enhance fixation.

The devices used for repairing capsular structures to
address instability fix ligamentous or labral tissue back to
the predominantly harder cortical bone of the glenoid of
the scapula. They are generally smaller and shorter with
shallower thread forms or ribbed shafts for fixation into

Table 1. Arthroscopic Meniscal Repair Fixation Devices (6–11)

Device Name Description Material Company

Meniscal Dart Double-barbed shaft that pierces through
and spans tear

Absorbable polymer
(PLA)

Arthrex, Naples, FL

Meniscal Staple Staple that spans tear Absorbable copolymer
(PGA/PLA)

Arthrotek/Biomet, Warsaw, IN

BioDart Dart that pierces and spans tear Absorbable polymer
(PLA with TCP)

Biocomposites, Wilmington, NC

Contour Meniscus
Arrow

Shaft that pierces and spans tear Absorbable polymer
(PLA)

Linvatec, Largo, FL

BioStinger Shaft that pierces and spans tear Absorbable polymer
(PLA)

Linvatec, Largo, FL

RapidLoc Spike with button piece attached via
suture and sliding/locking knot (spike
pierces and fixes on one side of tear,
suture spans tear and button fixes on
other side of tear)

Absorbable polymers
(PDS & PLA)

Mitek, J&J DePuy, Norwood, MA

Clearfix Screws Headless screws that are rotated in and
span tear

Absorbable polymer
(PLA)

Mitek, J&J DePuy, Norwood, MA

Meniscal Repair
System

Tie-bars—angled ‘T’ ends fix device on
either side of tear, center link spans tear

Nonabsorbable
(prolene) and
Absorbable (PDS)
polymers

Mitek, J&J DePuy, Norwood, MA

T-fix ‘T’ bars with suture passing through—one
‘T’ fixed on either side of tear, suture
tied by surgeon spans tear

Nonabsorbable polymer
(polyacetal)

Smith & Nephew Endoscopy,
Andover, MA

FasT-Fix Pair of ‘T’ bars with pretied sliding/locking
knot suture in between—one ‘T’ fixed on
either side of tear, suture pulled tight
spans tear

Nonabsorbable
(polyacetal) and
absorbable (PLA and
PLA with HA)
polymers

Smith & Nephew Endoscopy,
Andover, MA

Polysorb Meniscal
Staple

Barbed posts connected by fixed, short
length of braided cable

Absorbable polymer U.S. Surgical, North Haven, CT

Note: See Materials section for discussion of materials used.
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the cortical bone. Tissue anchors are most prevalent for
instability applications, but they have also been success-
fully used for rotator cuff repair.

As noted above for arthroscopic meniscal repair, the
arthroscopic use of many current suture anchors requires
the surgeon to tie, advance, and secure knots at the repair
site from outside the joint, which can be a difficult and
time-consuming part of the procedure. Use of suture an-
chors for arthroscopic fixation also requires the passage of
suture limbs through ligamentous or tendinous tissue
from outside the joint. This process can also be a chal-
lenging aspect of the procedure. Tissue anchors address
this challenge via designs that do not rely on sutures, and
some suture anchors address this challenge via designs
that provide features for locking the suture without the
need for knots (knotless designs). Yet other suture anchors
address this challenge via designs that include pretied
sliding/locking knots between the anchor and fixation
members that stay on the opposite side of the tissue. A
representative listing of arthroscopic fixation devices used
for shoulder repair is shown in Table 3 (6–11).

It should be noted that the devices presented above for
meniscal and ACL repair in the knee are designed to ad-
dress the relatively specific needs of securing meniscal
tissue to itself and of securing graft tissue within femoral
and tibial bone tunnels. The devices for arthroscopic

shoulder repair, however, are more generally applicable
to any situation in which ligamentous or tendinous tissue
is to be fixed to bone. For this reason, many of the devices
listed in Table 3 have been used successfully to ar-
throscopically repair damage at other joints in the body.
The criterion for use of these devices in the hip, elbow,
wrist, or ankle is the relative size and density of the bone
at the joint, which then governs the size and type of an-
chor used. The application of arthroscopic devices in these
other joints is presented and discussed in more detail be-
low.

2.3. Other Joints

As in the knee and shoulder, the motion and stability at
the elbow, wrist, ankle, and hip joints are controlled by the
articulation of the bones at the joint and the surrounding
musculo-tendinous and ligamentous restraints (5). Again,
as in the knee and shoulder, if one or more of these struc-
tures are damaged, the pain or loss of function or stability
at the joint can be severely detrimental to quality of life.

2.3.1. Elbow. The elbow is a hinge joint in which the
humerus and ulna meet that bends and straightens the
arm. The articular surfaces of the elbow are connected to-
gether by a capsule that is comprised of the following lig-
aments: anterior, posterior, ulnar collateral, and radial

Table 2. Arthroscopic ACL Repair Fixation Devices (6–11)

Device Name Description Material Company

Bio-Interference Screw Interference screw—screw is
advanced into bone hole with
graft in place pressing graft
against the hole and holding it
firmly

Absorbable polymer (PLA) Arthrex, Naples, FL

Delta Tapered Bio-
Interference Screw

Interference screw Absorbable copolymer (PLA/
PGA)

Arthrotek/Biomet, Warsaw,
IN

BiLok Interference screw Absorbable polymer (with
TCP)

Biocomposites,
Wilmington, NC

EndoPearl Spherical bead provides anchoring
for suture above an interference
screw to help hold a graft within
the femoral bone tunnel

Absorbable polymer (PLA) Linvatec, Largo, FL

BioScrew Interference screw Absorbable polymer (PLA) Linvatec, Largo, FL
Guardsman Interference screw Titanium alloy (Ti6Al4V) Linvatec, Largo, FL
SoftSilk Interference screw Titanium alloy (Ti6Al4V) Smith & Nephew

Endoscopy, Andover, MA
EndoFix and EndoFix L Interference screws Titanium alloy (Ti6Al4V) and

absorbable polymer (L)
(PLA)

Smith & Nephew
Endoscopy, Andover, MA

Endobutton Button device to provide anchoring
for suture against the outer
femoral cortex to help hold a
graft within the bone tunnel

Titanium alloy (Ti6Al4V) Smith & Nephew
Endoscopy, Andover, MA

RCI Interference screw Titanium alloy (Ti6Al4V) Smith & Nephew
Endoscopy, Andover, MA

BioRCI and BioRCI HA Interference screws Absorbable polymers (PLA
and PLA with HA)

Smith & Nephew
Endoscopy, Andover, MA

Biosteon Interference screw Absorbable polymer Stryker, Kalamazoo, MI

Note: See Materials section for discussion of materials used.
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Table 3. Arthroscopic Shoulder, Elbow, Wrist , Ankle, and Hip Repair Fixation Devices (6–11)

Device Name Description Material Company

Corkscrew and
BioCorkscrew

Threaded (screw-type) suture anchors
primarily for rotator cuff repair

Titanium alloy (Ti6Al4V) and
absorbable polymer (PLA)

Arthrex, Naples, FL

TissueTak and
TissueTak II

Tack-type tissue anchors with ribbed shaft
and fixed head

Absorbable polymer (PLA) Arthrex, Naples, FL

FASTak and FASTak
II

Threaded suture anchors Titanium alloy (Ti6Al4V) Arthrex, Naples, FL

Bio-Phase Push-in (nonthreaded) suture anchor Absorbable copolymer
(85%PLA/15%PGA)

Arthrotek/Biomet,
Warsaw, IN

Harpoon and Mini-
Harpoon

Push-in suture anchors (4.4mm and 2.9mm
dia.)—wing features splay out within bone
after insertion (primarily for rotator cuff,
‘mini’ primarily for instability)

Stainless Steel Arthrotek/Biomet,
Warsaw, IN

Contour Labral Nail Tack-type tissue anchor with angled-over
head primarily for instability repair

Absorbable polymer (PLA) Linvatec, Largo, FL

UltraFix RC, MiniMite
and MicroMite

Push-in suture anchors (2.9mm, 2.3mm, and
1.5mm dia.)—wing features splay out
within bone after insertion

Stainless Steel Linvatec, Largo, FL

Super Revo, Revo, and
Mini-Revo

Threaded suture anchors (5.0mm, 4.0mm,
and 2.7mm dia.)

Titanium alloy (Ti6Al4V) Linvatec, Largo, FL

BioTwist RC Threaded tissue anchor primarily for rotator
cuff repair

Absorbable polymer (PLA) Linvatec, Largo, FL

UltraSorb RC Push-in suture anchor—reorientation of
anchor after insertion into bone resists
pull-out

Absorbable polymer (PLA) Linvatec, Largo, FL

GII, Rotator Cuff,
MiniAnchor,
SuperAnchor

Push-in suture anchors—nitinol barbs deflect
during insertion and then spread out
within bone

Titanium alloy (Ti6Al4V) with
nitinol barbs

Mitek, J&J DePuy,
Norwood, MA

Knotless, Bioknotless,
Bioknotless RC

Push-in, fixed-loop suture anchors—capture
of loop in bone hole within anchor feature
after passage through tissue eliminates
knot-tying

Titanium alloy (Ti6Al4V) with
nitinol barbs, Absorbable
polymer (PLA)

Mitek, J&J DePuy,
Norwood, MA

Fastin, Fastin RC Threaded suture anchors (3.0mm and
5.0mm)

Titanium alloy (Ti6Al4V) Mitek, J&J DePuy,
Norwood, MA

Panalok, Panalok RC Push-in suture anchors—reorientation of
anchor after insertion into bone resists
pull-out

Absorbable polymer (PLA) Mitek, J&J DePuy,
Norwood, MA

RotorloC Push-in suture anchor—reorientation of
anchor with rotation after insertion into
bone resists pull-out

Absorbable polymer (PLA) Smith & Nephew
Endoscopy, Andover,
MA

TAG Rod and TAG
Wedge

Push-in suture anchors (3.0mm and 3.7mm
dia.)

Nonabsorbable (polyacetal)
and absorbable (PLA)
polymers

Smith & Nephew
Endoscopy, Andover,
MA

Fastenator Push-in suture anchor—wing features splay
upon deployment after insertion into bone

Titanium alloy (Ti6Al4V) Smith & Nephew
Endoscopy, Andover,
MA

Suretac, Suretac II
and Suretac III

Tack-type tissue anchors with ribbed shaft
and fixed head

Absorbable polymer
(polyglyconate)

Smith & Nephew
Endoscopy, Andover,
MA

TwinFix Ti Threaded suture anchors (2.8mm, 3.5mm,
5.0mm, and 6.5mm dia.)

Titanium alloy (Ti6Al4V) Smith & Nephew
Endoscopy, Andover,
MA

TwinFix AB and PMR Threaded suture anchors (5.0mm, and
6.5mm dia.)

Absorbable (PLA) and
nonabsorbable (polyacetal)
polymers

Smith & Nephew
Endoscopy, Andover,
MA

TwinFix Quick-T Threaded suture anchors with ‘T’-bar
connected via suture loop with pretied
sliding/locking knot—anchor is advanced
through tissue and into bone leaving ‘T’
above tissue; suture tightened to hold
tissue down

Titanium alloy (Ti6Al4V) with
nonabsorbable polymer ‘T’
(PEEK)

Smith & Nephew
Endoscopy, Andover,
MA

Statak and Bio-Statak Threaded suture anchors (2.5mm, 3.5mm,
5.0mm (regular & Bio-), and 5.2mm dia.)

Titanium alloy (Ti6Al4V),
Absorbable polymer (PLA)

Zimmer, Warsaw, IN

Note: See Materials section for discussion of materials used.
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collateral. Common injuries requiring arthroscopic fixa-
tion devices include tennis elbow and torn ulnar collateral
ligament reconstruction.

2.3.2. Hand and Wrist. The bones of the hand are di-
vided into three segments. The first segment, the Carpus
(wrist bones), is composed of eight bones arranged in an
upper and lower row. The second segment, the Metacar-
pus (bones of the palm), is comprised of five bones. The
third segment, the phalanges (bones of the fingers), is
composed of 14 bones, two for the thumb and three for
each finger. The wrist is comprised of 27 articular surfaces
between the radius and ulna, carpal bones, and metacar-
pals. Examples of typical procedures in the hand include
ulnar and radial collateral ligament reconstruction of the
thumb, collateral ligament repair of the wrist, scapholun-
ate ligament reconstruction, and repair of metacarpal
fractures.

2.3.3. Foot and Ankle. The ankle is a hinge joint at
which the foot (talus) is attached to the ends of the tibia
and fibula and allows for up-and-down motion of the foot.
The anterior tibiofibular ligament connects the tibia to the
fibula. The lateral collateral ligaments attach the fibula to
the calcaneus, which allows outside stability of the ankle.
Medial stability is provided by the deltoid ligaments on
the inside of the ankle, which connect the tibia to the talus
and calcaneus. Although ankle joint arthroscopy was
adopted after knee and shoulder arthroscopy, it is consid-
ered standard procedure in many situations. Typical sur-
gical repairs of the ankle and foot requiring arthroscopic
fixation devices include Hallux Valgus reconstruction (de-
viation of the great toe toward the fibular border of the
foot), lateral instability, medial instability, Achilles tendon
reconstruction or repair, metatarsal ligament repair, and
mid-foot reconstruction.

Arthroscopic repair procedures performed in the elbow,
foot, ankle, hand, and wrist use much the same types of
devices as in the knee and shoulder but are much less
prevalent than those in the knee and shoulder. Repairing
damage in these smaller joints poses a special challenge to
arthroscopic surgeons because of their small size. Not only
must instruments such as cannulae and scopes be smaller
than in the knee and shoulder to aid in visualization, the
anchors must be smaller also, but not compromise the
strength of repair throughout the healing period.

3. DEVICE DESIGN

Numerous designs of arthroscopic devices exist to allow
repair of ligaments, tendons, joint capsule, labrum, or
other tissue that has become torn away from a bone ori-
gin or insertion site or that has a tear within it. In general,
these designs can be characterized as belonging in one of a
number of groups of designs. Within a given design group,
the devices share the same design approach. The material
from which a device is made, or the length, diameter, or
width of a particular feature of a particular type of design,
can vary within a group. These intragroup variations can
be determined by application of a particular device to one

joint or another or use of a device in one type of bone or
another.

3.1. Tissue-to-Tissue Repair

Devices for tissue-to-tissue repair must hold one part of
the tissue in apposition to another part across a tear. The
most prevalent use for this type of repair device is for
meniscal repair in the knee (Table 1). Devices for this ap-
plication can basically be divided into three design groups.

3.1.1. Tissue-to-Tissue Repair—Trans-Tear Devices. One
group consists of the post or shaft devices that are char-
acterized by a central body that is inserted into the tissue
on one side of a tear and that goes across the tear to be
inserted and fixed within the tissue on the opposite side of
the tear. The Contour Menicus Arrow (Linvatec, Largo,
FL), a barbed polymer shaft, is an example of this type of
design.

3.1.2. Tissue-to-Tissue Repair—Trans-Tear Devices with
Suture. A second group of designs relies on suture to pass
through the tissue and across the tear, but the two parts of
the device held together by the suture are positioned
against the outer surfaces of the tissue on either side of
the tear. Variations of this design include adjustable-
length suture loops with pretied locking knots for suture
tensioning and securement. An example of this type of
design is the FasT-Fix (Smith & Nephew Endoscopy, An-
dover, MA) (Fig. 1). By providing the pretied knot and
locking suture capability, this particular design addresses
knot-tying and suture handling, which is one of the major
difficulties inherent in using suture-based repair devices.

3.1.3. Tissue-to-Tissue Repair—Tear-Spanning De-
vices. The third group of tissue-to-tissue repair devices

Figure 1. Arthroscopic fixation device with insertion instrument
used for meniscal repair in the knee. (Shown is the FasT-Fix de-
vice on its insertion instrument schematically shown during a
repair procedure.) The circular image on the left shows the view of
the repair in progress as seen through an arthroscope.
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consists of devices that are fixed in the tissue on either
side of a tear, but instead of passing through the tissue
they span the tear by passing around it. The Meniscal
Staple (Arthrotek/Biomet, Warsaw, IN) is an example of
this type of design.

Design considerations for tissue-to-tissue repair de-
vices include (1) a small cross-section (or fine suture) so
as to keep the size of the hole in the tissue created by the
repair device (or suture) as small as possible, (2) features
such as barbs, or other means of maintaining secure fix-
ation of the parts of a device within the tissue on either
side of a tear, and (3) use of relatively soft materials (poly-
mers), and reduction or elimination of parts of the device
that might protrude from the tissue repair site, which is
done to decrease the chances for damage to surrounding
structures such as cartilage at a joint.

3.2. Repair of Tissue within Bone

Devices for tissue within bone repair must hold tissue
(usually ligamentous) within a bone tunnel for eventual
attachment of the tissue onto the bone. The most preva-
lent use for this type of repair device is for ligament repair
in the knee (Table 2), although they can and have also
been used for tendon repair (specifically biceps tendon re-
pair) in the shoulder. Devices for this type of repair fall
into two categories, interference screws and fixation com-
ponents, which rest on the outer surface of the cortex near
a joint and secure the ligament within a bone tunnel via
transcortical sutures.

3.2.1. Repair of Tissue within Bone—Interference
Screws. Interference screws are designed with and with-
out rounded heads and manufactured from polymer or
metal materials. In ligament repair using interference
screws, a bone tunnel is created at the site of desired re-
attachment of the ligament to the bone. The diameter of
this hole is such that it is smaller by at least a few mil-
limeters than the combined dimension of the ligament
graft plus the diameter of the screw. One end of the graft is
placed in the bone tunnel and the screw is advanced until
it is also within the tunnel. In this position, the interfer-
ence between the screw, ligament graft, and bone tunnel
provides the radial force necessary to resist axial loads on
the graft during healing and thereby hold the graft in
place in the tunnel.

The threads and heads of interference screws press
against the ligament graft with substantial force both

during insertion and after implantation. As a result, the
thread forms are relatively shallow, and the thread tip is
blunt and rounded (Fig. 2), which allows the screw to press
against and hold the ligament graft in place without cut-
ting or damaging it. Different sized grafts are used for
different patients, so length and diameter vary within
product lines and among designs. The insertion torque
can also be relatively large, so size restrictions and mate-
rial properties also determine acceptable design and ma-
terial combinations. The Delta (Arthrotek/Biomet,
Warsaw, IN) and RCI and BioRCI (Smith & Nephew En-
doscopy, Andover, MA) devices are examples of interfer-
ence screw designs.

3.2.2. Repair of Tissue within Bone—Trans-Cortical Fixa-
tion. The second group of devices for tissue within bone
repair are those that rely on trans-cortical suture or cable.
In these devices, one end of a suture or cable loop is fixed
to the ligament graft and passes through the far end of the
bone tunnel out of the bone. There, the other end is fixed to
a button or bar that rests on the outer surface of the bone
cortex.

Small size and low profile are requirements for the
button or bar portion of these devices, which allows pas-
sage of the device through a relatively small hole at the
end of the bone tunnel for techniques that require it. It
also reduces the chances for tissue damage or irritation on
the outer bone surface. These requirements, however,
compete with the need for strength to hold the ligament
graft in place via the suture or cable loop. The Endobutton
(Smith & Nephew Endoscopy, Andover, MA) is an example
of this type of design for which adequate strength is ob-
tained in a relatively small perforated bar by making it
out of metal.

3.3. Repair of Tissue onto Bone

Suture anchors and tissue anchors are examples of ar-
throscopic fixation devices used to repair tissue onto bone.
They can be further divided into screw-in and push-in de-
sign groups. Design variations within these groups are
determined by the type and size of bone into which they
are to be placed. A number of these devices are listed in
Table 3.

3.3.1. Tissue Anchors. Tissue anchors are characterized
by shafts that pass through the tissue to be repaired and
are inserted into bone. Radial compression or catching

Figure 2. Interference screws used for ar-
throscopic ACL fixation and repair in the
knee. (Shown are the metal RCI (left) and ab-
sorbable polymer BioRCI HA (right) designs.)
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features on the shafts then hold them within bone. Head
features on tissue anchors allow them to act as tacks or
nails, bringing and holding the tissue down onto the bone.
The benefit of tissue anchor designs in arthroscopic repair
is that no suture exists to take care of during insertion and
tissue attachment. The drawback is that the head feature
protrudes above the repaired tissue where it can possibly
irritate other tissues around the repair site.

3.3.1.1. Threaded Tissue Anchors. Threaded-shaft, or
screw-in tissue anchors have been designed for use in rel-
atively soft bone at the rotator cuff reattachment site in
the shoulder. The relatively wide, thin thread profile of
these devices allows them to withstand a greater force for
pull-out than shallower, thicker thread profiles would. The
BioTwist RC (RC for rotator cuff) (Linvatec, Largo, FL) is
an example of a threaded tissue anchor. The lower
strength required for the relatively soft bone at the rota-
tor cuff site in the shoulder allows this design to be man-
ufactured from an absorbable polymer.

3.3.1.2. Push in Tissue Anchors. Push-in tissue anchors
rely on the radial compression of the bone around the
shaft interacting with features on the shaft to resist pull-
out forces. Suretac (Smith & Nephew Endoscopy, Andover,
MA) (Fig. 3) with its ribbed shaft and head with spikes on
the underside is a good example of a push-in tissue anchor.
It is intended for use in relatively hard bone and the
ribbed shaft design allows it to interact with the inner
surface of a slightly undersized hole prepared in the bone.
As with other push-in tissue anchors, for a given material
such as absorbable polymer, it can be made smaller than
screw-in anchors for the same intended uses, because it
needs only to withstand the compressive forces of implan-
tation and retention within a bone hole, and the tensile
and bending forces from the tissue it is holding in place. In
contrast, a screw-in anchor must also be able to withstand
the torque during insertion.

3.3.2. Suture Anchors. The designs for suture an-
chors—devices to hold suture in place in the bone—are
perhaps the most varied. They can be divided into five
different design groups, two groups of threaded designs,
and three groups of push-in designs. Additional groups
may exist in the future as well, as material and manufac-
turing innovations are developed that allow additional
means of fixing suture into bone.

3.3.2.1. Threaded Suture Anchors. The first two groups
of suture anchors are threaded designs. The first of these
groups is represented by threaded or screw-in anchors
with a hole or holes, or other suture-retaining means.
Many variations within this group exist and it contains
perhaps the largest number of devices, including shorter,
smaller-diameter, metal screws that can carry only one
small-diameter suture for use in relatively hard bone and
in relatively small joint spaces. Longer, larger-diameter,
polymer and absorbable polymer screws that can carry
two larger-diameter sutures for use in softer bone and in
relatively larger joint spaces such as the shoulder also ex-
ist. Additional variations include multi-lead and multi-
height thread designs. The TwinFix Ti, AB, and PMR
(Smith & Nephew Endoscopy, Andover, MA) anchors (Fig.
4) are examples of these threaded anchors.

The TwinFix Quick-T (Smith & Nephew Endoscopy,
Andover, MA) anchor (Fig. 5) is an example of a suture
anchor in the second group of threaded anchors. This de-
sign features a threaded anchor that is held in the bone in
the same way as all of the other threaded suture anchors,
but is placed into the bone in the same way as a tissue
anchor, through the tissue to be repaired. A second com-
ponent remains above the tissue and is used to bring the

Figure 3. Tissue anchors [Suretac II (right) and Suretac III
(lower left and center)] and the handle of the insertion instru-
ment (upper left) used for instability repair in the shoulder as well
as to fix tissue to bone at many other repair sites.

Figure 4. Screw-in suture anchors used for rotator cuff repair in
the shoulder as well as to fix tissue to bone at many other repair
sites. Shown are the devices just off the ends of their insertion
instruments. An absorbable anchor (TwinFix AB) is shown on the
left and a titanium alloy anchor (TwinFix Ti) is shown on the
right.
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tissue and hold it down on the bone via suture connecting
it to the threaded component in the bone.

3.3.2.2. Push-in Suture Anchors. The third, fourth, and
fifth groups consist of push-in suture anchors. The third
group of designs contains push-in anchors that rely on
fixation within the bone through passive features such as
ribs, wings, or barbs along or protruding from the body of
the anchor. As the anchor is pushed into a hole in the bone,
the features are deflected at least partially out of the way.
When a force tries to pull the anchor back out of the bone,
the passive features interact with the bone to resist this
pull-out. The GII (Mitek, J&J DePuy, Norwood, MA) an-
chor and the TAG (Smith & Nephew Endoscopy, Andover,
MA) anchors (Fig. 6) are examples of push-in anchors with
passive fixation design features.

The fourth group consists of push-in anchors with ac-
tive fixation design features. The Fastenator (Smith &
Nephew Endoscopy, Andover, MA) anchor is a good exam-
ple of this type of design. The body of the anchor is de-
signed as a tube with axial slits. After the body of the
anchor is inserted into the bone, the insertion tool is used
to compress the anchor body axially, which causes the
walls of the tube to deform radially outward to form wing-
like features that help to hold the anchor in the bone.

The fifth and final group consists of push-in anchors
that rely on reorientation of the anchor within the bone for
resistance to pull-out. The Panalok (Mitek, J&J DePuy,
Norwood, MA) anchor is a good example of this type of
design. The elongated and tapered body of the anchor is
mounted onto the end of a flexible inserter shaft and is
inserted into a hole in the bone with one end going in first.
After releasing the anchor from the end of the inserter
shaft, tensioning the suture jams the body of the anchor
somewhat sideways in the hole in the bone. As with other
anchors relying on reorientation for fixation in the bone,
the bone must be relatively soft to allow some reorienta-
tion and proper fixation of the anchor within the hole.

3.4. Overall Design Considerations

Suture anchor designs are generally the same for different
applications across different joints, as long as the type of
bone, the type of tissue, and the space available is similar.

Devices used in the wrist and ankle, for example, are sim-
ilar to those used in the shoulder, but are smaller (usually
3mm or less) and typically come preloaded with only one
suture, which is also smaller (usually) United States Phar-
macopoeia (USP) size 2-0. For example, the V-Tak (Arth-
rex, FL) is used for ligament repair of the thumb and wrist
and is 2.2mm in diameter and 7mm long (compared with
a 7.5mm dia. and 15mm length typical of a threaded su-
ture anchor used for rotator cuff repair in the shoulder).
Other design features such as angled wedges, ribs for
push-in anchors, wings or barbs that deploy, and radial
compression push-in anchors are also used in many dif-
ferent applications and are sized according to the joint
space.

Anchors may come unloaded or preloaded with braided
nonabsorbable suture (polyester or high-strength ultra-
high-molecular-weight polyethylene) ranging from USP
designation size 3 (0.6–0.7mm dia.) to size 2-0 (0.3–0.4mm
dia.). Mitek, J&J DePuy also offer the option of braided
Panacryl suture, which is an absorbable PLA, PGA co-
polymer suture.

Figure 5. An arthroscopic fixation device (TwinFix Quick T) used
for rotator cuff repair in the shoulder as well as to fix tissue to
bone at many other repair sites. The titanium alloy suture anchor
shown in the upper left is screwed through the tissue to be reat-
tached and into the bone. The nonabsorbable polymer (PEEK) T-
bar shown in the lower right is advanced and held tight against
the tissue with the aid of a pretied sliding-locking knot shown in
the far lower right corner.

Figure 6. Push-in suture anchors [TAG rod (up-
per left) and TAG wedges] used for instability re-
pair in the shoulder as well as to fix tissue to bone
at many other repair sites.
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The smallest screw-in anchors are typically titanium
because the small size of the anchors require increased
material properties to prevent failure during insertion.
Several companies such as Smith and Nephew, Inc, Mitek,
J&J DePuy, and Arthrex offer complete lines of titanium
screw-in suture anchors. Several types of absorbable poly
lactic acid (poly lactide) screw-in anchors are available for
those that prefer not leaving an implant embedded in the
bone for an extended period of time. The benefits of ab-
sorbable anchors are discussed later in the material(s)
section. Some anchors are manufactured from nonabsorb-
able polymers such as Smith and Nephew’s
polyetheretherketone (PEEK) Quick-T anchor or Mitek,
J&J DePuy’s polyethylene ROC-EZ anchor.

A summary of some of the arthroscopic fixation devices
that have been used in arthroscopic hip, elbow, wrist, and
ankle repairs is given in Table 3. Of the devices listed, the
smaller-diameter anchors are most frequently used in the
elbow, wrist, hand, and ankle, and the larger ones are
most frequently used in the shoulder.

Within the push-in suture anchor design groups, a
number of design variations exist that have been imple-
mented to aid in suture management, especially regarding
the elimination of knot-tying. Some designs employ a
fixed-length suture loop that is passed through the tissue
and then around the anchor before inserting the anchor
into the bone. Others feature crimping or other constrict-
ing means to hold the suture once the anchor is fixed and
the desired suture/tissue tension is obtained. Finally, oth-
ers have pretied sliding/locking knots that are engaged
after anchor placement and tissue tensioning.

Regardless of how a given design attempts to address
the difficulties of suture management in general, and
knot-tying in particular, the choice is still up to the sur-
geon. He or she must decide whether an anchor allows
them to adequately repair the tissue at a desired location
on the bone. In some cases, the added benefits of simplified
suture management may be outweighed by added com-
plexity or an increase in the inconsistency of the repair
technique.

4. BIOMATERIALS

An extensive assortment of devices is used for ar-
throscopic tissue fixation, and material selection can be
a challenge as it greatly depends on intended function and
available technology. The process of selection of materials
covers a variety of basic considerations, including: biocom-
patibility, including cytotoxicity, surface morphology, and
degradation characteristics; functional requirements,
such as physical, chemical, mechanical, and biological
properties; and processing issues, such as feasibility, qual-
ity control, sterilization, and packaging. Currently, de-
vices typically are fabricated from metals, inorganic
fillers, polymers, and tailored composites thereof. Recent
advances in materials research are focused in developing
materials that mimic the behavior of the tissue being re-
placed, and materials that are quickly and completely re-
placed by natural, viable tissue as part of the healing and
repair response. This focus has spurred investigation into

new absorbable materials especially and critical review of
these materials. This is true as the industry becomes more
aware of the long-term biological implications of these
materials, which is especially important for those devices
implanted into bone. Most procedures require the removal
or alteration of bone at the surgical site, which can ulti-
mately adversely affect the structural integrity of the
joint.

4.1. Metals

Metals such as stainless steel and titanium alloys are
most suited for use in tissue fixation devices, specifically
those implanted into bone, for their initial mechanical
properties and biocompatibility. These materials are gen-
erally well-tolerated in the physiological environment,
and ideal for mechanical load realized during implanta-
tion, and can be feasibly processed into a variety of de-
vices. Although metallic implants may provide strong
initial fixation, they still may require a secondary opera-
tion for removal once the bone is healed, and present the
risk of adverse tissue response. In addition, metallic im-
plants can distort magnetic resonance image (MRI) data,
interfering with a surgeons’ ability to properly assess the
progress of the repair or to diagnose any future injury at
the implant site.

4.1.1. Stainless Steel. The austenitic stainless steels,
particularly the 316 series, are widely used for implants
because they are nonmagnetic and possess superior cor-
rosion resistance (12). The inclusion of molybdenum in
these materials provides enhanced resistance to pitting
corrosion in saline environments. More specifically, the
American Society for Testing and Materials (ASTM) rec-
ommend grades 316L and 316LS rather than 316, as these
materials contain less carbon (0.03% as opposed to 0.08%)
and are better chemically balanced for resistance to pit-
ting corrosion. A wide range of properties exists for these
materials depending on heat treatment (annealing to ob-
tain softer materials) or cold working (for greater strength
and hardness) (13). Caution must be taken in designing
with these materials as even the most corrosion-resistant
stainless steels can potentially corrode inside the body in
highly stressed and oxygen-depleted regions, and there-
fore are typically only used in temporary implants.

4.1.2. Titanium and its Alloys. Titanium and its alloys
have been used extensively as implantable biomaterials as
they exhibit excellent properties for fixation applications.
They are biocompatible, exhibit excellent corrosion resis-
tance, and are biomechanically advantageous to stainless
steel because of their strength-to-weight ratio and lower
modulus, which reduces the effects of stress shielding in
surrounding bone. Several grades of unalloyed commer-
cially pure titanium exist for surgical implant applica-
tions, distinguished by their impurity contents (oxygen,
iron, nitrogen), which should be carefully controlled. Ox-
ygen in particular has a great influence on ductility and
strength (13).

The addition of alloying elements to titanium allows for
a wide range of properties. In particular, a titanium (Ti),
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aluminum (Al), Vanadium (V) alloy Ti-6Al-4V is widely
used in implants. The primary alloying elements are alu-
minum (5.5–6.5%) and vanadium (3.5–4.5%), resulting in
a material with excellent strength characteristics and cor-
rosion resistance (13). Titanium derives its resistance to
corrosion by the formation of a solid oxide layer that forms
a thin adherent film and passivates the material (13).

Manufacturing titanium implants presents an array of
challenges as the material is very reactive at high tem-
perature and burns readily in the presence of oxygen.
High-temperature processing requires an inert atmo-
sphere and any hot working or forging operation should
be carried out below 9251C. Machining at room tempera-
ture also has its problems, as the material tends to gall or
seize cutting tools. The use of very sharp tools at slow
speeds is an effective manufacturing technique, as well as
electrochemical machining (12).

4.2. Polymers

Polymeric biomaterials have been used extensively in fix-
ation devices as an effective alternative to metal implants,
offering a wide array of unique properties. These materials
exhibit good biocompatibility, adequate mechanical prop-
erties, and can be manufactured and sterilized using con-
ventional methods. The increased use of polymers in
arthroscopic fixation devices in recent years has produced
implants with considerable advantages over their metallic
counterparts. Although these materials do not retain the
mechanical properties of metals, they are desirable be-
cause the enormous array of fabrication options can pro-
duce materials with characteristics that are unique and
beneficial for arthroscopic applications. The spectrum of
biomedical polymers has grown in recent years because
variables such as chemical composition, crystallization
polymerization methods and parameters, inherent viscos-
ity, residual monomer, and molecular weight distribution
have been optimized. In addition, tailoring methods such
as compounding and advances in copolymers/ter-polymers
have resulted in more application-specific materials. Im-
provements in implant fabrication processes (e.g., injec-
tion molding) have played a crucial role in the
development of these materials and greatly influence fi-
nal material properties, functional behavior of the im-
plant, and in vitro/in vivo characteristics.

In addition to processing and manufacturing advanta-
ges, the employment of polymeric materials maintain a
biological advantage in comparison with metals because
their elastic moduli more closely match that of bone, lim-
iting the effect of stress shielding, a phenomenon caused
by a modulus mismatch between the implant material and
the surrounding bone that can result in bone necrosis and
bone resorption by osteoclasts. The use of polymeric ma-
terials also reduces the risk of long-term adverse reactions
because of ion release, eliminating the need for a second-
ary procedure to remove the implant. They are radiolu-
cent, will not distort MRI data, and reduce the complexity
of secondary and revision procedures at the surgical site.
Table 4 displays the flexural moduli of several polymers in
comparison with metals and bone (12–15).

In general, polymeric biomaterials can be categorized
as nonabsorbable; those polymers that permanently re-
main within in the body as an inert object, and bioabsorb-
able; polymers that degrade over time via hydrolysis, and
are eventually absorbed by the body and disposed of
through natural metabolic pathways.

4.2.1. Nonabsorbable Polymers.
4.2.1.1. Polyacetal (POM). Polyacetals, properly re-

ferred to as polyoxymethylene (POM), are biocompatible,
semi-crystalline linear thermoplastic materials that are
suitable for implant applications. They exhibit excellent
mechanical, thermal, and chemical properties, attributed
to a stiffened main backbone chain and a regular, highly
crystalline structure (12,13). This material is essentially
inert in vivo, as it possesses tremendous chemical and
moisture resistance. Notable physical properties include
yield strength, stiffness, hardness, toughness, dimensional
stability, creep and fatigue resistance, and low coefficient
of friction. Polyacetals are produced by reacting formalde-
hyde and can be easily processed by conventional melt
processing techniques and machined from stock shapes.
These materials are typically sterilized by steam, or chem-
ical sterilization techniques such as ethylene oxide, as
they do not retain their properties in the presence of ra-
diation.

4.2.1.2. Polyethylene (PE). Polyethylene is a linear ther-
moplastic polyolefin generally available in low-density,
high-density, and ultra-high-molecular-weight grades, all
with various medical applications. High-density polyeth-
ylene (HDPE) has had limited but effective use in fixation
devices because it exhibits good wear properties and is
suitable for living hinge applications. HDPE is synthe-
sized from ethylene, which is polymerized at high temper-
ature and high pressure to produce a highly crystalline,
high-density linear polymer that exhibits good mechanical
properties (yield strength, elastic modulus, hardness) as
well as superior creep and wear properties, and good
chemical and hydrolysis resistance (14). Polyethylene
can be easily processed using conventional extrusion and
injection molding processes. Polyethylene is sterilzed us-
ing both chemical techniques such as ethylene oxide and
via radiation, although sterilization at high radiation dos-

Table 4. General Properties of Biocompatible Materials
Compared with Cortical and Cancellous Bone (12–15)

Material Young’s Modulus (GPa)

Cortical Bone 17.0
Cancellous Bone 0.1
Stainless Steel 200.0
Titanium, Ti6Al4V 110.0
Polyacetal (POM) 3.0
Polyethylene (HDPE) 1.7
Polyetheretherketone (PEEK) 4.0
PEEK, 30% carbon filled 13.0
Poly glycolide (PGA) 7.0
Poly L-lactide (PLLA) 2.7
Poly D,L-lactide (PDLA) 1.9
Poly D,L-lactide-co-glycolide (PDLGA) 2.0
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ages (4106Gy) can cause this polymer to become hard and
brittle because of random chain scission and cross-linking
(12).

4.2.1.3. Polyetheretherketone (PEEK). Polyetheretherke-
tone (PEEK) has increasingly gained attention as an im-
plant material that has successfully been used in bone
fixation applications. This semi-crystalline material ex-
hibits excellent biocompatibility and is widely regarded as
a high-performance material with properties exceeding
most engineering thermoplastics. The chemical composi-
tion of PEEK consists of two repeating ether groups and a
ketone group combined by phenyl groups. Available in
both virgin and carbon-filled resins, PEEK can be pro-
cessed by conventional melt processing techniques. PEEK
has excellent chemical and hydrolysis resistance; displays
superb mechanical performance in its tensile, flexural,
creep, fatigue, and impact properties; and is functional at
high temperatures (2601C). The use of PEEK also has
benefits in that this polymer can be sterilized by a variety
of techniques as it has excellent radiation resistance.

4.2.2. Absorbable Polymers. Polymers derived from
aliphatic polyesters, specifically the family of polylactic
acid, or polylactide, (PLA), polyglycolic acid, or polyglyco-
lide, (PGA), and Copolymers of lactic and glycolic acids
(PLGA) are bioabsorbable, and have been increasingly
used in fixation devices. The main mode of degradation
for these polymers is hydrolysis, a mechanism that breaks
down the implant into natural metabolic intermediates,
which are eventually absorbed by the body. An implant
that degrades over time is physiologically advantageous,
as load transfer from the implant to the healing tissue can
increase the quality of the repair. An extended period of
release of degradation products may also be advantageous
to reduce any inflammatory response that might occur in
reaction to an acute release of a relatively large volume of
materials. The degradation rate can be controlled depend-
ing on chemical composition, molecular weight, molecular
weight distribution, residual monomer, and processing
conditions. These polymers are readily available and
able to be fabricated into a variety of shapes and forms
using conventional melt processing techniques.

The addition of inorganic fillers such as tri-calcium
phosphate (TCP) and hydroxyapatite (HA) that contain
minerals found in natural bone matrix may also increase
the potential for a device inserted into bone to be inte-
grated into and replaced by the surrounding material dur-
ing and after healing. Anchoring devices made from
absorbable polymers in combination with absorbable su-
tures such as those made from polydioxanone (PDS) allow
completely absorbable constructs to be used in ar-
throscopic repairs.

4.2.2.1. Polylactide (PLA). Lactide is the cyclic dimer of
lactic acid that exists as two optical isomers, D and L. L-
lactide is the naturally occurring isomer. This material
exhibits high tensile strength and low elongation, making
it suitable for load-bearing applications. Poly L-lactides
are typically about 30–50% crystalline and generally re-
quire 3–5 years to be completely absorbed by the body (15).

D,L-lactide is a synthetic blend of D-lactide and L-lac-
tide. Poly D,L-lactide is an amorphous polymer arranged
in a random order of both isomeric forms of lactic acid.
This material has a lower tensile strength, higher elonga-
tion, and a much faster absorption time (o1 year) than
Poly L-lactide. The glass transition temperature of this
material is about 55–601C, and proper handling is essen-
tial, as implants of this material will deform above this
temperature. Copolymers of L-lactide and D,L-lactide
have been produced to decrease crystallinity and increase
the degradation time of Poly L-lactide (15).

4.2.2.2. Polyglycolide (PGA). Polyglycolide is the sim-
plest linear aliphatic polyester and is synthesized from the
dimerization of glycolic acid. PGA is a highly crystalline
material (45–55%), with a high melting point with a total
degradation time of approximately 6–12 months. PGA has
been incorporated into medical devices for several load-
bearing applications as it exhibits excellent initial me-
chanical properties. However, this material loses strength
very quickly and is typically copolymerized with other ab-
sorbable materials to tailor mechanical properties and in-
crease its strength retention (15). Devices are generally
not made exclusively out of PGA, which is most likely due
to its relatively rapid degradation and the accompanying
release of acidic degradation products into the surround-
ing tissue within a short time after placement of the device
and healing of the tissue.

4.2.2.3. Poly lactide-co-glycolide (PLGA). Polylactide
and polyglycolide are often copolymerized to obtain prop-
erties of both polymers, or to alter the properties of each
polymer. Copolymers of glycolide and both L-lactide and
D,L-lactide have been developed for the medical device
and drug delivery industries. The copolymerization of gly-
colide and D,L-lactide will increase the degradation rate
from either polymers depending on the copolymer ratio.
These materials are amorphous and typically exhibit a
glass transition temperature of about 50–551C, and there-
fore implants of this material are temperature-sensitive
and require a controlled environment to prevent deforma-
tion. These materials are typically used in applications
where fast implant degradation is desired and strength
retention is not required past 6 weeks.

5. SUMMARY AND FUTURE DIRECTIONS

The proper combination of design and material has re-
sulted in devices that are effective in surgical repair per-
formed through 10-mm diameter (and smaller) openings.
The continuing desire of the surgeon to perform surgery
through a smaller and smaller access opening along with
the desire of the patient to be left with less and less ev-
idence of surgery (from pain, rehabilitation, and cosmetic
perspectives) will continue to drive the development of
smaller and smaller fixation devices and the tools to use
them, which will ensure the continued evolution of ar-
throscopic surgery.

Mechanical arthroscopic devices similar to the screws
for both relatively soft cancellous bone and relatively hard
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cortical bone, and the push-in anchors primarily for rela-
tively hard bone in small joints will continue to be widely
and successfully used. The current trend away from me-
tallic and nonabsorbable materials and toward absorbable
materials will increase. Absorbable materials that include
biologically active agents will be developed to increase the
speed of healing.

In challenging repair scenarios, and especially for cases
of avascular tissue (such as cartilage) that does not heal
readily by itself, biological augmentation to mechanical
repair devices will be critical to ultimate success. Materi-
als and devices will be developed to ensure desirable prop-
erties in the tissue that is created during healing. In the
field of arthroscopic repair, as in other areas of surgical
intervention, fixation devices incorporating the best de-
signs and materials will be developed to try to achieve the
ideal result, namely a repair site that is indistinguishable
from one that was never damaged.
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ARTICULAR CARTILAGE
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1. INTRODUCTION

Articular cartilage is a thin (about 1–6 mm in human
joints) layer of fibrous connective tissue covering the
articular surfaces of bones in synovial joints (Fig. 1). It
consists of cells (2–15% in terms of volumetric fraction)
and an intercellular matrix (85–98%) with a 65–80% water
content. Articular cartilage is a viscoelastic material and,
in conjunction with synovial (joint) fluid, allows for vir-
tually frictionless movement (coefficients of friction from
0.002–0.05) of the joint surfaces. Osteoarthritis is a joint
disease that is associated with a degradation and loss of
articular cartilage from the joint surfaces and a concomi-
tant increase in joint friction causing pain and disability,
particularly in the elderly population. The primary func-
tions of articular cartilage include force transmission
across joints, distribution of articular forces so as to
minimize stress concentrations, and provision of smooth
surface for relative gliding of joint surfaces. In most
people, articular cartilage fulfills its functional role for
decades, although the incidence of osteoarthritis in North
America is about 50% among people of age 60 and greater.

2. STRUCTURE

Articular cartilage is structurally heterogeneous, and
material properties change as a function of depth.
Although these changes are continuous, articular carti-
lage is typically divided into four structural zones (Fig. 2):

– Superficial zone,

– Middle (or transitional) zone,

– Deep (or radial) zone, and

– Calcified zone.

The superficial zone is the thinnest, most superficial
region that forms the gliding surface of joints. It contains a
surface layer (lamina splendens) of about 2 mm thickness,
which is made up of randomly aligned collagen fibrils, and
a deep layer consisting of collagen fibrils aligned parallel
to the cartilage surface following the so-called ‘‘split line’’
pattern (1), which follows the direction of normal joint
movement.

The collagen fibrils in the superficial zone show a wave-
like pattern referred to as crimp. This waving or crimping
shows dips and ridges in the micrometer range (2), thus
the surface, although apparently smooth to touch and
with a low friction coefficient, is not quite smooth micro-
scopically speaking.

The deep layer of the superficial zone contains articular
cartilage cells (chondrocytes) that are flat (3), and meta-
bolically relatively inactive (4), as evidenced by a low
content of mitochondria, golgi organs, and endoplasmic
reticula. The deep layer of the superficial zone also con-
tains little proteoglycan but has the highest water con-
centration (about 80%) of all zones, as water content
decreases with depth to a value of about 65% in the deep
zone (5,6).

The middle (or transitional) zone is typically
thicker than the superficial zone. Collagen fibrils have a
greater diameter in this zone than the superficial zone and
are oriented in a nearly random fashion. Proteoglycan
content is greater and aggregate complexes are larger
than in the superficial zone. Chondrocytes are nearly
spherical in this zone and contain great numbers of
mitochondria, golgi bodies, and a vast endoplasmic reti-
culum network, suggesting that cells in this zone are

Figure 1. Sagittal plane section through a human knee showing
the femur, tibia, and patella and the associated articular carti-
lage.

Articular surface

Superficial zone

Middle zone

Deep zone

Calcified zone

Tide mark

Chondrocyte

Figure 2. The four zones of articular cartilage. The superficial
zone provides the sliding surface of joints with collagen fibrils
aligned parallel to the surface, and the flat, metabolically rela-
tively inactive cells. The middle (or transitional) zone contains
collagen fibrils that are oriented randomly, and the cells are
nearly spherical. The deep (or radial) zone contains collagen
fibrils that are oriented perpendicular to the subchondral bone
(and articular surface), and the cells are typically aligned in
radial columns. The calcified zone provides a mechanical transi-
tion that separates the relatively soft cartilage tissue from the
stiff subchondral bone.
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metabolically more active than those of the superficial
zone.

The deep (or radial) zone contains the largest
diameter collagen fibrils that are oriented perpendicular
to the subchondral bone and the cartilage surface. Water
content is lowest and proteoglycan content is typically
highest in this zone. The chondrocytes tend to be aligned
in radial columns and they contain intracytoplasmic fila-
ments, glycogen granules, endoplasmic reticula, and golgi
bodies suggesting great protein synthesis activity. Ben-
ninghof (7) proposed that collagen fibers form arcades that
extend from the deep to the superficial zone, and recent
studies confirmed that collagen fibers, indeed, might be
continuous through the various cartilage zones (8).

The calcified zone provides a mechanical transition
that separates the relatively soft cartilage tissue and the
stiff subchondral bone. It is characterized by hydroxyapa-
tite, an inorganic constituent of bone matrix. The calcified
zone is separated from the deep (radial) zone by the
‘‘tidemark,’’ an undulating line of a few micrometers
thickness. Collagen fibers from the deep zone cross the
tidemark and anchor into the calcified zone, thereby
providing strong adhesion of cartilage to bone. The calci-
fied zone contains metabolically active chondrocytes,
serves for structural integration and has been considered
important for nutrition, and cartilage repair developing
from the underlying bone (3).

The structural differences across the various zones of
articular cartilage have been thought to be the primary
cause for the anisotropy of articular cartilage (e.g., (9)) and
have motivated structural models of transverse isotropic
cartilage models (10).

3. COMPOSITION

Articular cartilage consists mostly (85–98%) of matrix and
a sparse population of cells (chondrocytes about 2–15% in
terms of volumetric fraction), and it is avascular, aneural,
and alymphatic.

3.1. Cells

Chondrocytes are metabolically active cells that are
responsible for the synthesis and degradation of the
matrix. They are isolated, lie in lacunae, and receive
nourishment through diffusion of substrates, which is
thought to be facilitated by cycling loading/unloading
that is common for many articular joint surfaces. As
described above, the volumetric fraction, shape, and meta-
bolic activity of cells varies as a function of location, and
also varies across cartilages in different joints and even
within the same joint but different locations (e.g., (11–13)).
It is accepted that normal loading of articular cartilage
produces deformations in chondrocytes and the corre-
sponding cell nuclei (14,15), and these deformations
have been thought responsible for the biosynthetic activ-
ity of cells; in general, static, long-lasting loads have been
associated with a tissue degrading response whereas
dynamic loading of physiological magnitudes has been
related to positive adaptive responses.

Chondrocytes are softer than the surrounding extra-
cellular matrix by a factor of about 1000. Therefore, one
would expect them to be deformed much more during
loading than the matrix, and might even expect them to
collapse. However, chondrocytes are surrounded by a
protective cover, consisting of a pericellular matrix and a
pericellular capsule (16). The chondrocyte, its pericellular
matrix and capsule, constitute the chondron, the primary
functional and metabolic unit of cartilage. It has been
suggested that the chondron acts hydrodynamically to
protect the chondrocytes from excessive stresses and
strains during cartilage compression. Chondrocytes in
different types of cartilages have different functional and
metabolic roles. In articular cartilage, they specialize in
producing type II collagen and proteoglycan.

4. MATRIX

The intercellular matrix of articular cartilage is largely
responsible for the functional and mechanical properties
associated with this tissue. It consists of structural macro-
molecules and tissue fluid. Fluid comprises between 65–
80% of the wet weight of articular cartilage, and its
volumetric fraction decreases from the superficial to the
deep zone. Macromolecules comprise 20–40%, and they
are produced by the chondrocytes. Of the macromolecules,
collagens contribute about 50% of the tissue dry weight,
with proteoglycans and noncollagenous proteins/glycopro-
teins contributing approximately 30–35% and 15–20%,
respectively (17). The interactions of tissue fluid with
the structural macromolecules give articular cartilage its
specific mechanical and electrostatic properties. As the
distribution, orientation, and density of these macromole-
cules changes with cartilage depth, so do the functional
and material properties of the tissue.

At least 18 different types of collagen exist, but in
articular cartilage, type II collagen is by far the most
abundant (about 80–85% of all collagens), but other types
(V, VI, IX, X, and XI) are also found and have been
associated with specific functional roles (18,19). Collagen
molecules are comprised of three á-chains that are inter-
woven in a helical configuration. Each chain has high
hydroxylysine content and covalently bound carbohy-
drates that make it adhere readily with proteoglycans.

Collagens have a high tensile stiffness [about 2–46 MPa
for uncross linked type I collagen from rat tail tendon and
380–770 MPa when cross linked, (20)], but because of their
fibrillar structure are typically thought to have negligible
compressive strength, as they are assumed to buckle when
subjected to compressive loading (21,22). However, some
scientists think of collagen fibrils like reinforced inclu-
sions, similar to steel rods embedded in concrete, with
appreciable compressive capabilities, and thereby contri-
buting substantially to withstand compressive forces (23).
Collagens form a structural network that gives cartilage
its tensile strength, and because of the characteristic
orientation of the fibrillar network, they are associated
with providing resistance to compressive loading as fluid
pressurization tends to load the collagen network in
tension. Collagen fibrils are cross linked for further

2 ARTICULAR CARTILAGE



strength (20), and are connected to proteoglycans via
molecular chains developing from glycosaminoglycans
and polysaccharides. Thus, collagens are intimately asso-
ciated with other macromolecules and so provide for a
tough tissue that, despite its thinness, can withstand high
repetitive loading for a lifetime.

Proteoglycans are large molecules composed of a
central core protein with glycosaminoglycan side chains
covalently attached. The protein core makes up about 10%
and the side chains about the remaining 90% of the
molecular weight of proteoglycan. The glycosaminoglycan
side chains contain sugars on a protein core that have a
negative electrostatic charge. These negatively charged
molecules repel each other and attempt to occupy as much
volume as possible. Proteoglycans are kept from dissolving
into the fluid and being swept away by their attachment to
the stretched collagen network. The negative charges are
thus forced to stay in close proximity, and when subjected
to external compressive loads, proteoglycans are further
compressed, and the repulsive forces increase from their
natural pre-tensed state.

Articular cartilage contains large aggregating proteo-
glycans (aggrecan and versican) and small interstitial
proteoglycans (biglycan, decorin, fibromodulin, and lumi-
can). The large proteoglycans contribute 50–85% of the
total proteoglycan content. Aggrecan is the major proteo-
glycan; it consists of a core protein and up to 150 chon-
droitin and keratin sulphate chains (Fig. 3). The core
protein’s N-terminal G1 domain interacts with link pro-
teins and hyaluronan, and these three components form
stable macromolecular complexes (Fig. 3).

Changes in proteoglycan structure and decreased den-
sity often accompany articular cartilage degeneration and
aging (24,25). These changes are typically accompanied by
a corresponding increase in water content, a decreased
stiffness, and a reduced resistance to withstand mechan-
ical loading.

Noncollagenous proteins play a role in the assembly
and integrity of the extracellular matrix, and form links
between the chondrocytes and the matrix. Noncollagenous
proteins include adhesive glycoproteins such as fibronec-
tin, thrombospondin, chondroadherin, and other matrix
proteins such as the link protein, cartilage matrix oligo-
meric protein, cartilage matrix protein, and proline argi-
nine-rich and leucine-rich repeat proteins. The detailed
function of many of these noncollagenous proteins is
currently not well understood.

Articular cartilage tissue fluid consists of water and
dissolved gas, small proteins, and metabolites. Water is
the most abundant component of cartilage and accounts
for 65–80% of its wet weight. Fluid is moved around in
articular cartilage and is closely associated with the
synovial fluid of the joint.

Fluid in articular cartilage is intimately associated
with the proteoglycan network, which, to a certain degree,
hinders its movement. This arrangement makes cartilage
sponge-like in that water is restrained, but with pressure
caused by cartilage loading, will flow with the pressure
gradient. When modeling articular cartilage, fluid flow is
described by permeability, which is a measure of how
easily a fluid flows through a porous material. Permeabil-
ity is inversely proportional to the force required for a fluid
to flow at a given speed through the tissue. Permeability in
cartilage is low, therefore fluid flow is typically small, and
any substantial exchange of tissue fluid and synovial fluid,
or any significant loss of fluid caused by cartilage compres-
sion takes a long time, in the order of minutes. Compared
with the typical loading cycle of cartilage in a joint, for
example, about 0.5 s of loading during a step cycle, fluid
flow is very slow. Therefore, cartilage maintains its stiff-
ness well when loaded, and fluid takes up a big part of the
forces in the tissue during physiological (quick) loading
cycles, thereby presumably protecting the matrix, and, in
turn, the cells, from stresses and strains during normal
everyday loading cycles.

Synovial fluid provides lubrication to joints. It is trans-
parent, alkaline, and viscous and is secreted by the
synovial membranes that are contained in joints. It is a
dialysate of blood containing hyaluronic acid. Synovial
fluid is viscous and contains a glycoprotein called lubricin,
which is found on the articular surfaces of joints but not
within the cartilage tissue. Cartilage surfaces are physi-
cally separated by a 0.5–1.0 mm of synovial fluid film.
Synovial fluid is essential for the mechanical sliding
characteristics of joints, and permits the diffusion of gases,
nutrients, and waste products, thereby making it essential
for the health of the tissue.
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C-terminal
domain (G3)

CS-rich
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KS-rich
region

HA binding
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200–400 nm

1200 nm
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Second globular
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Keratan sulfate
chains (KS)
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Figure 3. Macromolecular aggregate formed by aggrecan mole-
cules (inset blown up) binding to a chain of hyaluronan through a
link protein. The aggrecan molecule consists of a core protein with
several domains: hyaluronan-binding G1 domain, G2 domain,
keratin sulfate-rich region, chondroitin sulfate-rich region, and
C-terminal domain, G3.
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5. MECHANICAL PROPERTIES

Articular cartilage is a passive structural tissue whose
primary functions are mechanical: smooth sliding surface,
and transmission and distribution of forces across joints.
Therefore, in order to understand the functional proper-
ties of this tissue, its mechanical (material) properties
need to be known, which is, insofar, difficult as articular
cartilage structure and composition varies from one joint
to the next, its properties also change with location within
a joint and even across its depth. Nevertheless, many
attempts have been made to elucidate the compressive,
tensile, and shear properties of articular cartilage using a
variety of engineering testing approaches.

5.1. Compressive Properties

Compressive properties of articular cartilage have not
been obtained for the whole tissue attached to its native
bone, although indentation testing (Fig. 4a) has been used
to evaluate compressive properties at specific locations
using exposed joint surfaces (e.g., (26)), or in patients
using indentation devices that can be introduced arthros-
copically into joints (e.g., (27,28)). Typically, material
properties are determined for articular cartilage explants
that are subjected to unconfined or confined compression
testing (Fig. 4b and 4c).

Compressive properties, elastic modulus, and stiffness
of a given sample of articular cartilage vary with depth in
the tissue. For example, Schinagl et al. (9) report a more
than 20-fold increase in the compressive modulus across
the full thickness of bovine articular cartilage tested in
unconfined compression. Compressive strength is directly
related to proteoglycan concentration, and so is the tis-
sue’s compressive stiffness (Fig. 5) (29). As proteoglycan
concentration is known to increase with depth, one would
expect this result. However, even a five-fold increase in
proteoglycan concentration is only associated with a dou-
bling or tripling of the compressive modulus (Fig. 5), thus
it appears that the great changes in stiffness observed
experimentally in different cartilage layers must have an
additional explanation. One such explanation might be
the orientation of the collagen fibrillar network and
assuming that the collagen network might help resist
compressive loading.

5.2. Tensile Properties

Articular cartilage functions as a compressive load absor-
ber. Nevertheless, when loaded, tensile forces are thought
to act on the collagen network, and thus an understanding
of the tensile properties might be important in under-
standing the functioning of cartilage in vivo. Tensile
strength in articular cartilage is highest in the superficial
zone and decreases continuously with increasing depth in
the tissue (Fig. 6) (30), likely because of variations in the
orientation of collagen fibrils, the cross linking of collagen
fibrils, and the ratio of collagen to proteoglycan. Also,
tensile properties are direction-dependent. When testing
occurs along the split line, that is along the predominant
orientation of the long axis of collagen fibrils, tensile
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Figure 4. Schematic illustration of the three most commonly
used techniques for determining articular cartilage mechanical
properties: (a) indentation testing, (b) unconfined compression,
and (c) confined compression.
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strength and the tensile modulus are greater than when
testing is performed perpendicular to the split line (Fig. 6).

5.3. Shear Properties

Shear properties in articular cartilage are not well under-
stood, and shear testing is associated with numerous
problems. For example, the smoothness of the surface
layer makes it difficult to apply shear loads without
slippage. Shear testing has become important for identify-
ing flow-independent viscoelasticity of the tissue, as ide-
ally small deformation shear testing is accomplished with
a constant volume and no fluid flow. Shear resistance is
thought to come primarily from the collagen network, and
consistent with that idea, the shear modulus is decreased
with decreasing collagen content as may occur in cartilage
diseases, such as osteoarthritis. Also, as the proteoglycan
network is thought to prestress the collagen network, loss
of prestress caused by loss of proteoglycans has also been

found to decrease the dynamic and equilibrium shear
properties (31).

5.4. Viscoelasticity

If a material’s response to a constant force or deformation
varies in time, its mechanical behavior is said to be
viscoelastic, in contrast to an elastic material’s response
that does not vary in time. Articular cartilage is known to
be viscoelastic (Fig. 7); however, the origin for this prop-
erty remains controversial. Most people agree that one
aspect of the viscoelastic behavior is associated with fluid
flow, and some believe that a flow-independent viscoelas-
ticity also exists that resides in the matrix proper. As fluid
flow is proportional to the pore pressure gradient in water,
it can be described by the coefficient for hydraulic perme-
ability. The inverse of this coefficient gives a measure of
the material’s resistance to fluid flow. As proteoglycans
attempt to restrain fluid flow, permeability is smallest in
areas with high proteoglycan concentration (deep layers),
and cartilage is most permeable in zones of low proteogly-
can concentration (surface layer).

6. BIOMECHANICS

In its role of force transmission and force distribution
across joints, and providing a smooth surface for virtually
frictionless gliding, articular cartilage material properties
are of great importance. However, articular cartilage is
only one component of a joint, and in order to understand
articular cartilage biomechanics, its functional require-
ments within the ‘‘organ’’ joint need to be known. Mal-
functioning of one component of a joint, for example, a
breakdown of the articular cartilage, loss of a guiding
ligament, or rupture of a meniscal inclusion, will affect all
structures of a joint, and thus focusing on a single
component, might not do justice to the intricate function-
ality of that component in its native environment.

When a joint moves, the articular surfaces slide rela-
tive to one another, the size and location of the contact
area changes, and the contact pressure distribution is
affected by the changing surface geometry and the vari-
able forces applied to the joint. Furthermore, for a given
joint configuration, that is a given orientation of the
articular surfaces, the contact area increases with increas-
ing force transmission across the joint. For example, the
cat patellofemoral joint contact area increases with in-
creasing force potential of the quadriceps muscles, thereby
providing a natural way for keeping average pressure
between the contacting cartilage surfaces low when forces
become big. Similarly, when forces transmitted across the
patellofemoral joint are increased by a factor of five (from
100–500N), contact area increases by a factor of about four
(from about 7 to about 30 mm2) whereas the mean contact
pressure only increases by a factor of about 0.6 (from 7.7 to
12.9 MPa) (Fig. 8). Therefore, contact pressures on the
articular surfaces of joints are kept small with increasing
forces by increasing contact areas for joint angles where
large muscular forces are possible, and by increasing
contact area as a function of the applied forces through
the viscoelastic properties of articular cartilage.
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The loads transmitted across joint surfaces are not well
known, as most of the loading in joints is caused by
muscles and muscle forces are hard to measure in vivo
and cannot be estimated accurately and reliably. However,
Rushfeldt et al. (32,33) developed techniques to measure
local hip joint contact pressures by mounting pressure
transducers on an endoprosthesis that replaced the nat-
ural femoral head. They measured average articular sur-
face pressures in the joint of about 2–3 MPa, with peak
pressures reaching 7 MPa, for loads equivalent to the
single stance phase of walking (2.6 times body weight).
Peak hip joint pressures reached were in the range of
18 MPa and were obtained for walking downstairs and
rising from a chair (34). Using telemetry-based force
measurements from patients with total hip joint replace-
ments, Bergman et al. (35) measured resultant hip forces
of 2.8 to 4.8 times body weight for walking at speeds
ranging from 1 to 5 km/h. Very fast walking or slow
running increased these forces to about 5.5 times body
weight, whereas stumbling (unintentionally) gave tem-
porary peak resultant hip joint forces of 7.2 and 8.7 times
body weight in two patients. No corresponding joint
pressure or force data are available for intact human
joints during normal everyday movements.

Similarly, direct pressure measurements in an intact
diarthrodial joint during unrestrained movements are not
available from animal experimentation. However, quad-
riceps forces and the corresponding knee kinematics have
been measured in freely walking cats. Joint pressure
distributions could then be obtained using Fuji pressure-
sensitive film in the anesthetized animals while reprodu-
cing the joint angles and muscle forces observed during
locomotion. Average peak pressures obtained by using this
approach were 5.7 MPa in the patellofemoral joint. When
the quadriceps muscles were fully activated (through
electrical stimulation), median and peak pressures in
the cat patellofemoral joint reached 11 and 47 MPa, re-
spectively, thereby indicating that joint pressures in nor-
mal every day movements are much smaller than can be
produced by maximal muscle contraction (36).

The forces transmitted by articular cartilage across leg
joints are in the order of several times body weight for
normal every day tasks such as walking, getting up from a
chair, and walking up or down stairs. The corresponding
articular surface pressures range from about 2 to 10 MPa,
but maximal muscle contraction can produce peak pres-
sures in knee articular cartilage of almost 50 MPa. Such
high pressures, when applied to articular cartilage ex-
plants through confined or unconfined compression, cause
cell death and matrix damage, and when applied to the
whole joint through impact (peak pressures attained
within 0.5–3 ms), damage occurs as well. Muscular loading
of the intact joint does not cause articular cartilage
damage, thus indicating that the time of load application
(typically 4100 ms for human muscles), joint integrity,
and articular surface movements during force production
provide a safe environment for high cartilage loading,
which is lost when testing articular cartilage explants in
vitro.
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7. OSTEOARTHRITIS

Osteoarthritis is a joint degenerative disease that affects
about 50% of all people above the age of 60 in North
America. It is associated with a thinning and local loss of
articular cartilage from the joint surfaces, osteophyte
formations at the joint margins, swelling of the joint,
and pain. The causes for osteoarthritis are not known,
but some of the risk factors include age, injury, and
obesity. Osteoarthritis is often combined with a loss of
muscle mass and movement control, as well as a decrease
in strength.

It is well accepted that physiological loading of articu-
lar cartilage is essential for its health and integrity.
Animal models of joint disruption through strategic cut-
ting of ligaments, or removal of menisci from knees, have
caused joint degeneration, presumably because of the
altered loading conditions of the articular surfaces,
although very hard to quantify in vivo. For example,
when cutting the anterior cruciate ligament of the knee
in a dog, cat, or rabbit unilaterally, an unloading of the
experimental and an overloading of the contralateral side
occurs that lasts for a few weeks (Fig. 9). This intervention
is associated with an instability of the knee, ostephyte
formation at the joint margins, thickening of the medial
aspect of the joint capsule and the medial collateral
ligament, and an increased thickness, water content,
and softness of the articular cartilage (37,38). In the
long-term, anterior cruciate ligament transection in the
dog and cat have been shown to lead to bona fide osteoar-
thritis, as evidenced by full thickness loss of the articular
cartilage in some load-bearing regions of the joint, leading
to an increase in joint friction, decreased range of motion,
pain, and a loss of muscle mass and strength in muscles
crossing the knee (13,39–41).

Contact pressure measurements in intact cat patello-
femoral joint that were loaded by muscular contraction
showed that for a given amount of force transmitted
through the joint, contact areas are increased and peak
contact pressures are decreased by 50% in joints with
early osteoarthritis compared with normal controls (38).
These results can be explained readily with the increased
cartilage thickness and decreased stiffness observed in
this phase of cartilage degeneration, and theoretical mod-
els with the altered geometries and functional properties
have confirmed the experimental results. In late osteoar-
thritis, articular cartilage becomes thinner and harder
than normal, and forces are transmitted across a de-
creased contact area and with peak pressures that are
increased compared with the normal joint (42).

It has been demonstrated that loading of articular
cartilage affects the biological response of chondrocytes,
which in turn affects the health and integrity of the
cartilage matrix. Although the results are controversial,
and no unified consensus exists on what loading is ‘‘good’’
and ‘‘bad’’ for cartilage health, it has been demonstrated
that long, static loading is associated with an increase in
cartilage degrading enzymes, whereas intermittent phy-
siological loading appears to strengthen the cartilage
matrix through the formation of essential matrix proteins
(e.g., (19,43)).

One of the proposed pathways for transmitting load
signals across the cell to the genome has been the cytos-
keleton, specifically the integrin network. Integrins are
transmembrane extracellular matrix receptors that have
been shown to transmit forces from the matrix to the
cytoskeleton of chondrocytes and vice versa. The mechan-
ical signals transmitted by integrins may result in bio-
chemical responses of the cell through force-dependent
release of chemical second messengers, or by force-in-
duced changes in cytoskeletal organization that activate
gene transcription (44,45). However, a direct link between
force transmission in integrins and a corresponding bio-
synthetic response has yet to be demonstrated.

Another potential cytoskeletal pathway for force trans-
mission is actin. Guilak (14) demonstrated that chondro-
cytes and their nuclei deformed when articular cartilage
was loaded (15% compression) in an unconfined config-
uration. When the actin cytoskeleton was removed from
the preparation and the same loading was applied to the
cartilage, chondrocyte deformation remained the same,
whereas nuclear deformation was changed, demonstrat-
ing an intimate connection between the actin cytoskeleton
and cell nuclei. Although these results do not prove that
actin works as a mechanical signaling pathway, it demon-
strates that mechanical linkages exist that affect nuclear
shape and might affect gene transcription.

A clinical observation in patients with osteoarthritis is
that they often have diminished strength in the muscu-
lature surrounding the arthritic joint (46–48), that max-
imal muscle contractions are not possible because of reflex
inhibitions (e.g., (49)), and that muscle contraction pat-
terns change from normal for everyday movements (47).
Furthermore, it is generally accepted that muscles provide
the primary loading of joints, with weight forces and
external forces playing a relatively smaller role. Never-
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weight, as a function of time following unilateral anterior cruciate
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theless, the role of muscles in the development and
progression of osteoarthritis has largely been neglected,
and some basic question should be addressed in the
future, including the role of muscle activation patterns
and muscle weakness as risk factors for osteoarthritis.

In studying osteoarthritic patients, only weak associa-
tions have been found between radiographic signs of joint
disease and joint pain and disability (50,51), whereas
quadriceps weakness has been found to be one of the
earliest and most common symptoms reported by patients
with osteoarthritis (49,52–54). Furthermore, quadriceps
weakness has also been shown to be a better predictor of
disability than radiographic changes or pain (46). There-
fore, suggestions have been made that muscle weakness
might represent an independent risk factor for cartilage
degeneration, joint disease, and osteoarthritis. Recent
evidence from an animal model of muscle weakness sup-
ports this idea showing that articular cartilage is degen-
erated following just four weeks of muscle weakness in
knees that were otherwise not compromised (Fig. 10).
Based on the evidence that cartilage degeneration and
osteoarthritis are associated with changed loading of
joints, that mechanical loading influences the biosynthetic
activity of chondrocytes, and that muscle coordination
patterns and muscle strength are intimately associated
with cartilage disease, it is suggested that conservative
treatment modalities, such as appropriate movement bio-
mechanics, exercise, and strengthening, might represent
promising approaches for preventing cartilage disease and
osteoarthritis.
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1. INTRODUCTION

Blood substitute, artificial blood, or artificial red blood
cells are commonly employed names defining ‘‘synthetic or
hybrid materials prepared in the laboratory to replace red
blood cells for use in transfusion and other applications
where red blood cells are normally required’’ (1,2). Mostly,
these materials are required as a resuscitation fluid when
extensive blood loss occurred following accidental injuries
or during elective surgery. Additional applications are en-
visaged in cell cultures for production of biopharmaceuti-
cals, as well as in tissue engineering.

When these materials are used as resuscitation fluids,
they are administered directly into the blood stream and
are expected to remain in circulation for periods of no
more than up to a few days. In these cases, their most
critical functional characteristic is the ability to bind ox-
ygen and to deliver it to the tissues. It is most desirable
that this function be performed efficiently, even when the
patient inhales plain air, rather than pure oxygen or ox-
ygen-enriched air.

The quest for a resuscitative fluid continues to be in the
focus of activity of many researchers. The limitations in-
volved in using human blood and the wide range of appli-
cations of blood substitutes have fueled a worldwide
search for safe, effective, and universal blood substitute
materials. The global market for artificial blood is esti-
mated at $30 billion dollars annually in the United States
alone (1,2). It is estimated that approximately 14 million
units of blood were transfused in the United States in
2001.

In view of the above, and especially because of the con-
cern related to HIV, the last 30 years witnessed an inten-
sive effort to develop a resuscitation fluid that is capable to
mimic the O2-carrying characteristics of natural blood, yet
is free of all the limitations associated with the use of this
natural material (2–56). Such a fluid should have been
called ‘‘artificial O2-carrier.’’ Yet, in the accepted terminol-
ogy, such a fluid is called ‘‘artificial blood’’ or ‘‘blood sub-
stitute,’’ although it does not substitute for all the
functions of blood.

Basic requirements from any resuscitative fluid include
the ability to carry oxygen from the lungs to vital tissues
and organs, the ability to transport carbon dioxide from
these tissues and organs back to the lungs, and the capa-
bility to travel through the circulatory system with min-
imal side effects. It must also be stable, sterile,
nonimmunogenic, biocompatible, and have appropriate
rheologic properties.

Two major routes in the development of blood substi-
tutes have been undertaken during the years. The first
proposed the use of perfluorinated solvents (3–9). How-

ever, in view of their typical oxygen-binding characteris-
tics, perfluorocarbons can be used only when the patient is
provided with essentially pure oxygen and are totally in-
efficient when the patient consumes regular air. The sec-
ond route involved the use of isolated human Hb, either
cellular (encapsulated Hb, within vesicles) or acellular, as
oxygen-carrying materials (10–56). As Hb has a high col-
loidal activity, a high oxygen capacity, and also a high
blood compatibility, it turned out to be the basic compo-
nent for a potential blood substitute material.

However, cell-free Hb tends to dissociate into its indi-
vidual alpha-beta dimers, and the latter are rapidly elim-
inated from the circulatory system causing kidney
damage. In addition, cell-free Hb lacks an essential effect-
or, 2,3-diphosphoglycerate (DPG). In the absence of the
latter, Hb binds oxygen, yet prevents its appropriate re-
lease to the tissues.

In order to use Hb, it has to be either molecularly mod-
ified or encapsulated. Chemical modifications of Hb have
been devised to prevent its dissociation into dimers, to de-
crease its high oxygen affinity and to increase the reten-
tion time in circulation. This route of research requires the
use of specifically designed cross-linker reagents neces-
sary to modify the Hb protein.

To avoid the problems associated with blood transfu-
sion and to meet the need for a prehospital resuscitation
fluid, acellular Hb-based solutions are being extensively
developed as clinical blood substitutes. Currently, several
Hb-based formulations have entered FDA Phase II or III
clinical trials (34).

In this series of accounts (32,33), we adduce results of
studies addressed to the design and synthesis of NAD-
modified Hb for the purpose of developing an oxygen-car-
rying material. The modifying reagent is aimed at the 2,3-
DPG pocket of Hb, in order to mimic the effect of 2,3-DPG.

The choice of NAD-based reagents in general and oxi-
dized-NAD (o-NAD) in particular is based on the following
considerations: (a) NAD-based molecules are biocompati-
ble, therefore decreasing possible side effects; (b) under
physiological conditions, these molecules are negatively
charged and, therefore, will be easily attracted to the pos-
itively charged 2,3-DPG pocket of Hb, leading to homoge-
neous products; (c) the flexible backbone and the four
aldehydic groups of o-NAD will help to ensure the attach-
ment of this molecule to the nucleophilic functional groups
in the 2,3-DPG pocket of Hb; (d) these molecules are abun-
dant and relatively cheap, which are important features
for their use in a large-scale process.

With molecular engineering techniques, we have de-
veloped a new family of Hb-modifying reagents. It is based
on nicotinamide-adenine dinucleotide (NAD), in which the
two sugar rings are opened by periodate oxidation, leading
to formation of four aldehydic groups (32,33). These cross-
linkers, specifically, o-NAD, contain two phosphate groups
and a flexible backbone and, as such, may serve as 2,3-
DPG analogues.

Encouraged by the modeling results (33), o-NAD was
reacted with deoxyHb. The cross-linked product mixture,
HbNAD, was then purified, characterized, and further po-
lymerized to obtain a final product, poly-HbNAD. Both
HbNAD and poly-HbNAD solutions were characterized in
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terms of their oxygen affinity and oxygen-binding and re-
leasing properties, as well as their viscosity and colloidal
osmotic (oncotic) activity.

HbNAD and poly-HbNAD were found to have relatively
low to normal oxygen-delivering capacity at 371C (P50 val-
ues of 37.2 and 24.1 mmHg, respectively). Poly-HbNAD
was found to be a mixture characterized by molecular
masses ranging from 64 kD to 500 kD and a normal COP
value (13.4 mmHg obtained for a 6% preparation).

2. MATERIALS

Human Hb, ferrous A0 (Hb A0), and oxidized beta-NAD
were purchased from Sigma Chemical Co. (USA). Preswol-
len, microgranular anion exchanger diethylaminoethyl
cellulose (DE-52) was obtained from Whatman Inc.
(USA) and low-molecular-weight protein standards from
New England BioLabs Inc. (USA). The HP-GPC column
(Fractogel TSK-G3000) was obtained from TosoHaas
(USA), and the C4 reversed-phase column (Vydac
214TPTM) was a product of Vydac (USA). All other re-
agents used were of analytical grade.

3. METHODS

3.1. Spectrophotometry

UV/Visible absorption spectra were measured with a Spec-
tronic-2000 spectrophotometer (Bausch & Lomb, Roches-
ter, NY) or a HP 8452A Diode-Array Spectrophotometer
(Hewlett Packard, USA) supported by the HP 89532A UV-
Visible Operating Software. Both were equipped with 1-
cm light path-length quartz cuvettes.

3.2. High-Performance Liquid Chromatography (HPLC)

High-performance liquid chromatography (HPLC) exper-
iments were performed with a system equipped with a
model 2152 solvent-delivery controller (LKB, Sweden), a
model 2150 dual-piston pump (LKB, Sweden), a model
2156 solvent conditioner, and a variable wavelength de-
tector (Knauer, Germany) equipped with a 1-cm light path
flow cell (10-ml internal volume) or by using a HPLC Model
1100 system (Hewlett-Packard, USA) equipped with a di-
ode array detector and an automatic autosampler. With
the latter, data was collected and analyzed with the
HP_chemstation Software, version A.05.01.

3.3. Size Exclusion Chromatography (SEC)

Size exclusion chromatography (SEC) was used to esti-
mate the molecular weight distribution. Protein solutions
were chromatographed on a size exclusion column (7.5 mm
i.d. � 600 mm TSK3000SW, TosoHaas, USA). Elution was
carried out at a flow rate of 1 ml/min, at room tempera-
ture, with 1 M MgCl2 or with 0.02 M Tris pH 8.0 buffer,
also containing 50 mM NaCl. Column outflow was moni-
tored at 280 nm. A calibration curve (log MW vs. elution
volume), produced from nonheme proteins ranging from
13.7 kD to 440 kD, was used throughout.

3.4. Reversed-Phase Chromatography (RPC)

Separation of the globin chains was carried out by re-
versed-phase chromatography (RPC). Samples were
loaded onto a Vydac 214TPTM C4 reversed-phase column
(4.6 mm i.d. � 250 mm, silica, particle size 5 m, pore diam-
eter 300 angstrom), and eluted by employing a gradient of
35–60% acetonitrile in H2O, also containing 0.1% TFA.
Flow rate of 1 ml/min was used over a period of 60 min-
utes. Readings were taken at 220 nm and also at 576, 540,
and 404 nm.

3.5. Ion Exchange Chromatography (IEC)

Protein solutions were loaded onto an anion exchange col-
umn (10 mm i.d. � 250 mm) pack ed with diethylamino-
ethyl-cellulose (DE-52, Whatman) and eluted by an
increasing piecewise linear gradient of 30–500 mM NaCl.
The column outflow was monitored spectrophotometric-
ally at 280 nm, 404 nm, 540 nm, and 576 nm.

3.6. Sodium Dodecyl Sulfate Polyacrylamide Gel
Electrophoresis (SDS-PAGE)

SDS-PAGE was performed essentially as reported (57),
with 12% polyacrylamide slab gels. Gels were stained with
coomassie blue R-250 and destained by a mixture solution
of 45% methanol and 7.5% acetic acid. Molecular weight
and the amount of the proteins present in each spot were
determined by scanning the gel with a Bio-Rad GS-690
densitometer (Bio-Rad Laboratories, USA).

3.7. Viscometry

Measurements were carried out in a Cannon–Ubbelhode
semimicro dilution type, size 50 capillary viscometer (Can-
non Instrument Co., USA), at 371C, with a 10 mM phos-
phate-buffered saline (PBS) pH 7.4 as solvent.

The following definitions were used:

Relative viscos-
ity (Zr):

Zr¼ t/t0, where t and t0 are the time re-
quired for the solution and solvent, re-
spectively, to flow through the capillary.

Specific viscosity
(Zsp):

Zsp¼ Zr–1¼ (t-t0)/t0.

Intrinsic viscos-
ity ([Z]):

[Z]¼ (Zsp/C)c¼ 0, where C is the solute con-
centration.

Intrinsic viscosity, [Z], was determined by measuring
relative viscosities (Zr) at a number of solute concentra-
tions, C, by plotting the data as Zsp vs. C, and, finally, by
extrapolating the best-fit line to infinite dilution (i.e., to
the intercept with the y-axis).

The reduced viscosity, Zred, is related to C by a linear
relationship as follows:

Reduced viscosity ðZredÞ : Zred¼ Zsp=C¼ aCþ b:

The dynamic viscosity of a fluid, m, is related to the con-
centration of the solute, C, and to the relative viscosity, Zr,
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by a second-order polynomial equation, as follows:

Relative viscosity ðZrÞ : Zr¼ m=msolvent¼ aC2
þ bCþ 1:

Dynamic viscosity ðmÞ : m¼ a2C2
þ a1Cþ a0:

Where:

a2¼ amsolvent;
a1¼ bmsolvent;
a0¼ msolvent.

3.8. Osmometry

Measurements were carried out essentially as reported
earlier (58). 2 ml samples, in a 10 mM PBS buffer pH 7.4,
were injected to a Wescor Model 4100 colloid osmometer
(Wescor Inc., USA), equipped with a 32 kD cutoff mem-
brane. Calibration of the osmometer was carried out with
2 ml of a 5% human albumin solution in saline (standard
solution), at room temperature. For this solution, the col-
loid osmotic pressure (COP) obtained was 19.8 mmHg (ex-
pected COP value is 19.571 mmHg).

3.9. Hemoglobinometry

This section addresses itself to the determination of the
concentration of solutions of Hb and of its derivatives by
means of chemical and spectrophotometric methods, as
well as to the characterization of the oxygen-binding prop-
erties of these materials (59).

3.9.1. Cyanomethemoglobin Method (59). Hb solution
(0.02 ml) is added to 5 ml of working reagent (prepared
from 200 mg K3Fe(CN)6, 50 mg KCN, and 140 mg KH2PO4

pH 7–7.4, all dissolved in 1 liter) and allowed to stand for
3–5 minutes. The absorbance value is then read at 540 nm,
using water or the working reagent as the blank. Hb con-
tent is then calculated using the following equation:

cðg=literÞ¼Að540ÞHbþ �CN� �F�M=eHbþ�CN� � l: ð1Þ

In this equation, Að540ÞHbþ �CN� is the absorbance mea-
sured at 540 nm; F¼dilution factor (251); M¼molecular
weight of Hb monomer (16114.5); eHbþ �CN� ¼millimolar
extinction coefficient of Hbþ -CN� monomer at 540 nm
(11.00 mM� 1 cm� 1); and l¼ light path length in cm.

3.9.2. Multiwavelength Spectrophotometry. The concen-
trations of oxyHb and metHb were assessed using the
multiwavelength spectrophotometry approach as de-
scribed below:

A. OxyHb concentration was determined using the
millimolar extinction coefficients of e¼
13.8 mM�1 cm�1 at 541 nm, or e¼ 14.6 mM� 1 cm� 1

at 577 nm. These coefficients are on a heme basis
(60)

B. MetHb (Hbþ ) content as a percent of total Hb was
assessed by the method described by Asakura et al.
(61). According to this method, metHb fraction was

calculated using the following equation:

MetHbð%Þ¼ 100 � ð15:5
� 0:33RÞ=ð12:1þ 3:97RÞ; ð2Þ

where R is the absorption ratio A578/A630.

3.10. Hb-Oxygen Dissociation Analysis

Measurements were performed with a model B Hemox-
analyzer (TCS-Medical products Co., USA) equipped with
an optical cell containing an oxygen electrode and a
thermistor. Oxygen affinity and cooperativity were out-
lined in terms of oxygen pressure at half saturation (P50)
and Hill coefficient, using the Hemox Analytical Software
(HAS).

Measurements were performed at two stages. First, Hb
solution (0.5 mM, on a heme basis) was fully deoxygenated
with nitrogen at 371C (70.11C) in a 0.1 M KH2PO4 buffer
pH 7.0, also containing 0.5 mM EDTA. Then, the sample
was slowly oxygenated with air, while measuring the ox-
ygen saturation as a function of the oxygen partial pres-
sure.

PO2 was also determined, using the StatProfile-5 Blood
Analyzer (Nova Biomedical, USA). Hb samples, dissolved
in 0.1 M Bis Tris pH 7.4, containing 0.15 M NaCl and 5 mM
EDTA, were first deoxygenated by sodium-dithionite, and
the measurements were repeated for each sample with
increasing amounts of oxygen. All measurements were
taken at 371C.

Oxygen saturation (%) and metHb content (%) were
measured by the IL-482 CO-Oximeter (Instrument Labo-
ratories, USA).

4. RESULTS

4.1. Preparation of HbNAD

4.1.1. Procedure. Hb A0 solution (1.55 � 10� 6 moles in
50 mM Bis Tris buffer, pH 7.0) was first deoxygenated for 6
hours under nitrogen in the presence of 10 ml of caprilic
alcohol. Separately, o-NAD solution (1.55 � 10� 6 moles in
100 ml 50 mM Bis Tris buffer, pH 7.0) was also deoxygen-
ated for 1 hour under nitrogen and then mixed with the
deoxygenated Hb A0 solution. The reaction was allowed to
proceed for 24 hours at 41C under nitrogen. Subsequently,
reduction was carried out at 41C overnight, under nitro-
gen, with NaBH4 (3 � 10�5 moles in 50 mM Bis Tris buf-
fer, pH 7.0, deoxygenated for 1 hour under nitrogen).
Finally re-dilution and concentration of the reaction mix-
ture was carried out in a Centricon-10 filter (Millipore,
USA), by centrifugation at 5000 g for 2 hours at 41C either
in 0.2 M glycine buffer pH 8.0, or 10 mM PBS buffer pH
7.4, or 0.1 M Bis Tris buffer pH 7.4 also containing 0.15
NaCl and 5 mM EDTA, or in 1 M MgCl2 according to sub-
sequent needs. As a result, a HbNAD-containing mixture
is obtained. In this study, this mixture is referred to as
HbNAD.

4.1.2. Size Exclusion Chromatography (SEC). High-salt
solutions, like magnesium chloride, are known to com-
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pletely dissociate native Hb into its monomers, whereas in
cross-linked Hb, this is fully prevented (12). This fact was
used in this study to separate covalently cross-linked Hb
from the unmodified Hb by passage through a SEC column
in 1 M MgCl2.

Samples of HbNAD, (20ml, 0.1 mg/ml in 1 M MgCl2) and
of unmodified Hb (20 ml, 0.1 mg/ml in 1 M MgCl2) were di-
luted (100 times) with 1 M MgCl2 and analyzed on a SEC
column, also equilibrated with 1 M MgCl2. Separations
were carried out at room temperature at a flow rate of
1 ml/min. The column outflow was monitored at 280 nm.

The results obtained (Fig. 1) indicate that unmodified
Hb yields a single peak eluting at 25 ml (peak 3), which
corresponds to a MW of 16 kD. HbNAD, on the other hand,
shows a different elution pattern, containing three main
peaks; these are eluted at 25 ml (peak 3), 23.5 ml (peak 2),
and 21.5 ml (peak 1), indicating MW components of 16, 32,
and 48 kD, respectively. The 16 kD peak represents the
free, unmodified monomers; the 32 kD peak represents the
cross-linked dimer (alpha-alpha or beta-beta), and the
48 kD peak represents a triply cross-linked entity. On
comparison of these two chromatograms and integration
of the area under the peaks, the yield of the cross-linking
process is estimated at about 75–80%.

4.1.3. Optimization of the Cross-Linking Procedure. At-
tempts were made to reach for the optimal reaction con-
ditions in terms of molar ratio of Hb to cross-linker. An
optimal reaction is considered as the one for which max-
imal modification occurs specifically on the beta chains,
which will consequently lead to the disappearance of the
latter accompanied with minimal (if any) disappearance of
the alpha chains. Also, the appearance of new products is
expected to complement only for the disappearance of the
beta chains.

Attempts to optimize the cross-linking reaction were
made by carrying out the reaction at various Hb (tetramer
basis):o-NAD molar ratios. All other reaction parameters

(i.e., temperature, environment, and duration of reaction)
were kept constant.

Experiments were carried out at 1:1, 1:2, 1:3, 1:4, and
1:10 molar ratios of Hb (tetramer basis) to o-NAD, respec-
tively. The reaction products were analyzed on a Vydac
214TPTM C4 reversed-phase column, as described in the
RPC section.

The results obtained are presented in Fig. 2. The elut-
ion volume of the globin chains (alpha and beta), as well as
of the heme group, were in accordance with previously
published work, using the same column under similar
conditions (62). Significantly, the peaks indicating the
presence of higher molecular weight fractions (elution vol-
umes between 22 and 27 ml) confirm that modification of
Hb took place at all molar ratios. Disappearance of the
beta peak and appearance of new peaks (modified Hb; i.e.,
HbNAD) occurs, which suggests that the modification took
place at several sites of the Hb molecule. Also, a signifi-
cant new peak (eluted at about 27 ml) is observed at 1:4
and 1:10 ratio. This peak is significantly smaller at lower
ratios.

The optimal ratio of Hb to o-NAD was delineated at
about 1:3.5 (Fig. 3). We note that maximal difference of
about 40% between the beta and alpha peaks is achieved
at this molar ratio. Also, at this molar ratio, the formation
of new products complements for the disappearance of
beta chains only. Above this molar ratio, the alpha chains
are also modified. At molar ratios of 1:3.5 and above, the
conversion of native Hb to cross-linked Hb is up to 90%.
Following this analysis, all further cross-linking processes
were performed at 1:3.5 molar ratio of Hb (tetramer basis)
to o-NAD, using the reaction conditions described in Table
1.

4.2. Preparation of Polymerized HbNAD (Poly-HbNAD)

Poly-HbNAD was prepared by reacting 1 ml of HbNAD
solution (0.1 g/ml, in standard kidney dialysis buffer, pH
7.4, deoxygenated for 2 hours under nitrogen in the pres-
ence of 10 ml of caprilic alcohol) with 0.75 mg glutaralde-
hyde in the same buffer (also deoxygenated for 1 hour
under nitrogen). The polymerization was allowed to pro-
ceed at 251C for 3 hours under nitrogen. Quenching of the
remaining aldehydic groups was carried out for 1 hour
using ethanolamine (0.06 mmoles) also dissolved in a stan-
dard kidney dialysis buffer, pH 7.4. Subsequently, reduc-
tion of the products obtained was carried out for 2 hours
using NaBH4 (3.1 � 10–5 moles dissolved in 1 mM NaOH
and deoxygenated for 1 hour under nitrogen). Finally, con-
centration of the poly-HbNAD-containing mixture was
carried out with a Centricon-10 filter (Millipore, USA) at
5000 g for 2 hours at 41C either in 10 mM PBS buffer pH
7.4 or in 0.1 M Bis Tris containing 0.15 M NaCl and 5 mM
EDTA, pH 7.4, or in 0.02 M Tris buffer pH 8.0 also con-
taining 0.05 NaCl, according to subsequent needs. As a
result of this procedure, poly-HbNAD solution was ob-
tained.

4.3. Purification and Characterization of HbNAD

4.3.1. Ion Exchange Chromatography (IEC). Separation
of the individual components comprising the HbNAD so-
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Figure 1. Size exclusion chromatography profile of: (—) modified
Hb solution (HbNAD, 20ml, 0.1 mg/ml in 1 M MgCl2), prepared as
indicated in Procedure section of Results; (- - -) unmodified Hb
solution (20ml, 0.1 mg/ml in 1 M MgCl2). Samples were loaded to a
column (7.5 � 600 mm, TSK3000SW, TosoHaas, USA) also equil-
ibrated with 1 M MgCl2. Separations were performed at room
temperature at a flow rate of 1 ml/min. The column outflow was
monitored at 280 nm. Peaks (1), (2), and (3) represent fractions of
molecular masses of 48, 32, and 16 kD, respectively.
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lution was carried out by IEC (IEC section) and by heat
treatment (Heat treatment section). The results obtained
are presented in this section and in the next section, re-
spectively.

The HbNAD sample (3 mg in 0.5 ml of 0.2 M glycine
buffer pH 8.0, containing 30 mM NaCl) was analyzed by
IEC. A piecewise linear gradient of 30–500 mM NaCl was
employed as the eluting solvent, with a flow rate of 0.3 ml/
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min at room temperature. The fractions collected were
analyzed for their absorption at 576, 540, 404, and 280 nm.

The results (readings at 404 nm) presented in Fig. 4
suggest that the cross-linking process does not yield a sin-
gle product, but a mixture of at least five of them. Frac-
tions eluted at 12–30 ml (peak 1), 100–130 ml (peak 2),
180–210 ml (peak 3), 230–290 ml (peak 4), and 310–330 ml
(peak 5) were individually pooled and diafiltrated against
20 volumes of 0.1 M Bis Tris buffer, pH 7.4, also containing
0.15 M NaCl and 5 mM EDTA, using a Centricon-10 filter
(Millipore, USA). Subsequently, each fraction was charac-
terized by SDS-PAGE and reversed-phase chromatogra-
phy (SDS-PAGE and RPC sections to follow), as well as for
its oxygen affinity (P50), viscosity, and metHb content
(Physico-Chemical Properties of HbNAD and Poly-
HbNAD section).

4.3.2. Heat Treatment. One of the most convenient
methods for separating cross-linked from non cross-linked
Hb is by heat treatment (63,64).

Heat treatment of Hb-containing solutions followed es-
sentially the procedure described earlier (63) with slight
modifications. Sodium-dithionite (0.121 g) was slowly
added to HbNAD solution (0.1 g dissolved in 10 ml
10 mM PBS buffer pH 7.4). The reaction mixture was
sealed into airtight vials and heated to 801C for 1 hour.

Recovery of the heat-treated sample was carried out by
centrifuging at 5000 g for 10 minutes. The supernatant
was re-diluted and then concentrated in 0.1 M Bis Tris
buffer, pH 7.4 also containing 0.15 M NaCl and 5 mM
EDTA.

HbNAD and Hb solutions were tested spectrophoto-
metrically and by SDS-PAGE for their molecular integrity.
Absorption spectra of unmodified and modified Hb were
recorded and compared (Fig. 5). One can see that the ab-
sorption maxima at 540 and 576 nm, exhibited by HbNAD
after heat treatment, are similar to those obtained with
the unmodified Hb. Also, the electrophoretic analysis
shows that bands obtained for samples that were not
heat-treated also appear in the heat-treated sample (Fig.
6, lane 9). These results show that no deterioration of
HbNAD took place during the heat treatment process.

4.3.3. SDS-PAGE. Samples obtained after separation
by IEC and by the heat treatment processes (IEC and
Heat treatment sections, respectively) were analyzed by
SDS-PAGE. The results obtained are presented in Fig. 6.
Unmodified Hb (lane 2) yields a single band, characteristic
to the free chains of Hb, each of 16 kD. Samples of modified
Hb (lanes 3–9) clearly point to the presence of cross-linked
products with higher molecular weights (multiples of
16 kD), indicating that multiple cross-bridges have been
formed during the cross-linking reaction.

The samples eluted on IEC (lanes 4–8, corresponding to
peaks 1–5, respectively, in Fig. 4) show two dominant
bands, one related to the free Hb chains of 16 kD, and
the other to the cross-linked dimer of 32 kD. Additional
bands exist between these two bands, suggesting possible
modifications, with no actual bridging of the dimers.
Higher molecular weight bands suggest that cross-linking
also occurred at multiple sites of Hb simultaneously. The
heat-treated sample (lane 9) shows only bands that are
multiples of 16 kD, two of which are dominant: of 16 and
32 kD. The relative amounts of proteins in the individual
bands were assessed by densitometry, from which the
yield of the reaction was determined to be about 75%,
which agrees with previous results obtained by SEC (SEC
section).

These results and the ones obtained in the Heat treat-
ment section suggest that the heat treatment process is
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Table 1. Optimal Conditions for the Reaction of Hb with o-
NAD

Parameter Value

Total Hb concentration (g/dL) 5–10
MetHb concentration (% of total Hb) Below 10
Deoxygenation under nitrogen (hours) 5–6
Molar ratio (Hb tetramer:o-NAD) 1:3.5
pH 6.8–7.0
Temperature (1C) 41C
Reaction duration (hours) 3–24
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Figure 4. Ion exchange chromatography profile of the cross-
linked products, using a DEAE-cellulose (DE-52) column (10 �
250 mm). Separation was performed at room temperature using a
piecewise linear gradient of 30–500 mM NaCl in 0.2 M glycine
buffer, pH 8.0, at a flow rate of 0.3 ml/min. The column outflow
was monitored at 404 nm.
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indeed efficient in precipitating the noncross-linked Hb
(i.e., only products containing intramolecular linkages but
not intermolecular ones). This process is considered as a
purification step in the recovery of cross-linked Hb. The
yield of the product obtained is about 80%.

4.3.4. Reversed-Phase Chromatography (RPC). RPC was
used to locate the modification site on the Hb molecule.
Samples of unmodified Hb, HbNAD, as well as fractions
eluted from the DEAE-cellulose column (IEC section) and
heat-treated ones (Heat treatment section) were analyzed
with a Vydac C4 reversed-phase column. Separations were
performed essentially as described in the RPC section, and
readings were taken at 220 nm. The results obtained are
depicted in Fig. 7. We note that unmodified Hb (Fig. 7a)
shows three distinct bands, which correspond to the heme
group and to the beta and alpha chains of Hb, respectively.
These results agree with previously reported results (65).
Moreover, for all the reaction products (Fig. 7b–g), a dras-
tic decrease in the intensity of the beta chains peak is ob-
served, whereas the alpha chains peak remained virtually

unchanged, which is clear evidence that the modification
specifically occurred on the beta chains of the Hb mole-
cule. This decrease in the content of beta chains is com-
plemented by the appearance of new peaks emerging at
higher elution volumes. The chromatogram representing
the first peak eluted from the DEAE-cellulose (Fig 7b) in-
dicates that this material is also modified at the beta
chain, which is in contradiction to previously published
works, in which the first eluted peak is believed to corre-
spond to unmodified Hb (11,20,37). One possible explana-
tion is that, under these conditions, beta chains of
unmodified Hb underwent a slight modification i.e., at-
tachment of o-NAD moieties (but not a cross-linking),
which changed their hydrophobicity, but not their molec-
ular weight, which is demonstrated by the 16 kD peak
(Fig. 1).

The decrease in the intensity of the beta peak in the
modified sample relative to that in the unmodified Hb is
expressed in a change of the ratios of the areas under the
peaks from 1:1 (beta:alpha) in the unmodified Hb to 1:9 in
the modified sample (HbNAD), suggesting that up to 90%
of the Hb is modified.

4.4. Characterization of Poly-HbNAD

A sample from the polymerization reaction mixture (0.2 ml
from a reaction solution of 0.01 g/ml, dissolved in 0.02 M
Tris buffer, pH 8.0, also containing 0.05 M NaCl) was an-
alyzed by SEC, using a column, also equilibrated with the
same buffer (SEC section). Separation was carried out at
room temperature at a flow rate of 1 ml/min. The column
outflow was monitored at 280 nm.

The results obtained are presented in Fig. 8. Based on
the molecular weight calibration curve, we note that po-
lymerization of HbNAD yielded a mixture of products
ranging from 64 kD to about 500 kD. Four major fractions
were collected: (I) MW of 64 kD; (II) MW of 128 kD; (III) of
192–256 kD and (IV) above 320 kD. A rough estimation,
based on the area under the peaks, reveals that some 40%
of the sample is in the form of tetramers (fraction I), 40% is
in the form of oligomers (fractions II and III), and 20% are
in the form of polymers (fraction IV). Based on these re-
sults, we conclude that the yield of the polymerization re-
action is 60%, with some 40% of the molecules remaining
in the form of tetramers.

4.5. Physico-Chemical Properties of HbNAD and Poly-
HbNAD

4.5.1. Oxygen-Binding Properties. Samples of unmodi-
fied Hb, HbNAD, and poly-HbNAD were analyzed for their
oxygen-binding properties, as described in the Hb-Oxygen
Dissociation Analysis section. The pertinent oxygen-bind-
ing curves and P50 values are presented in Fig. 9 as well as
in Tables 2 and 3. Oxygen equilibrium data (Fig. 9) were
also plotted according to the Hill equation (Equation 3),
and the results obtained are presented in Fig. 10.

log Y=ð1� YÞ¼n log PO2; ð3Þ

where Y is the fractional saturation of Hb with oxygen,
and n, the slope of this line, is a measure for subunit coo-
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Figure 6. SDS-PAGE analysis of cross-linked products obtained
by separation on DEAE-cellulose (IEC section) and after the heat
treatment process (Heat treatment section). Lane (1) - molecular
markers (15ml, New England BioLabs, USA); lane (2) - unmodi-
fied Hb (50mg); lane (3) – HbNAD (170mg); lanes (4–8) – fractions
collected as peaks 1–5, respectively, (see Fig. 4), for amounts
loaded of 19, 25, 39, 66, and 62mg, respectively; lane (9) – HbNAD
after heat-treatment (22mg). Electrophoresis was performed on a
12% SDS-polyacrylamide gel, at 30 mA for 45 minutes at room
temperature, as described in SDS-PAGE section.
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perativity of the Hill coefficient. The x-intercept of this line
at Y¼ 0.5 gives the P50 value.

The P50 value obtained for the HbNAD preparation is
high (37.2 mmHg), indicating low affinity to oxygen. P50

obtained for poly-HbNAD (24.1 mmHg) is close to that of
whole blood (26.6 mmHg). Also, hyperbolic rather than si-

gmoidal curves were obtained for HbNAD and poly-
HbNAD, with Hill coefficients of 1.95 and 1.07, respec-
tively (Fig. 10 and Oxygen-Binding Properties section).

4.5.2. Viscosity.
4.5.2.1. Intrinsic Viscosity. The viscosity of Hb,

HbNAD, and poly-HbNAD in 10 mM PBS buffer, pH 7.4,
at 371C was measured as described in Viscometry section,
and the results obtained are depicted in Fig. 11. As shown,
the intrinsic viscosity of Hb and HbNAD are not much
different from one another, with values of 3.6 and 4.3 ml/g,
respectively. The intrinsic viscosity of poly-HbNAD is
higher, 9.5 ml/g, as expected for a higher molecular weight
material.

4.5.2.2. Dynamic Viscosity. In order to compare the vis-
cosities of Hb, HbNAD, and poly-HbNAD to that of whole
blood, the apparent dynamic viscosity of these compounds
was estimated, which was achieved as indicated in the
Viscometry section, using the value m0¼ 0.69 cP at 371C
(66). The data obtained are shown in Fig. 12a, and these
were fitted by second-order polynomial, as indicated on
this figure.

In order to compare these data with the data for blood
and blood plasma, the curves in Fig. 12a were extrapo-
lated to the physiological range of Hb concentration (100–
150 g/L), using the equation derived in Fig. 12a. The ex-
trapolated curves are shown in Fig. 12b, indicating that
the pertinent dynamic viscosities are 1–1.2 cP for Hb, 3–
5.8 cP for HbNAD, and 13.9–30 cP for poly-HbNAD. For
comparison, the corresponding value for plasma is 1 cP
and for blood with hematocrit of 45% is 4 cP, both at 371C
(39,67).

4.5.3. Colloidal Osmotic Pressure (COP). HbNAD (7%
(w/v) in 0.1 M Bis Tris buffer, pH 7.4, also containing
0.15 M NaCl and 5 mM EDTA) and poly-HbNAD (6% (w/
v) in the same buffer) were characterized for their colloidal
osmotic pressure (COP), as indicated in the Osmometry
section. The values thus obtained were 24.8 mmHg and
13.4 mmHg, respectively.

5. DISCUSSION

5.1. Microscopic Characteristics

DeoxyHb was reacted with o-NAD to produce a new cross-
linked product of Hb i.e., HbNAD. This reaction was val-
idated chromatographically (SEC section). The reaction
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Figure 8. Size-exclusion chromatography profile of (- - - - -) un-
modified Hb; HbNAD (—), and poly-HbNAD (—). Samples, dis-
solved in 0.02 M Tris buffer, 0.05 M NaCl, pH 8.0, were loaded onto
a TSK3000SW column (7.5 � 600 mm, TosoHaas, USA) also equil-
ibrated with the same buffer. Separations were performed at room
temperature at a flow rate of 1 ml/min. The column outflow was
monitored at 280 nm. Peaks I–IV are mentioned in the text.
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Figure 9. Oxygen-binding curves of: (A) unmodified Hb (sample
#2 in Table 2); (B) HbNAD (sample #3 in Table 2), and (C) poly-
HbNAD (sample #9 in Table 2). Curves were obtained with an IL-
482 CO-Oximeter (International Labs, USA) at 371C (70.11C) in
0.1 M Bis-Tris, pH 7.4, also containing 0.15 M NaCl and 5 mM
EDTA. The broken lines at 50% O2-saturation give the corre-
sponding P50 values.

Table 2. Summary of the Oxygen-Binding Properties for the Materials Studied

Sample # Oxygen Carriers P50 (mmHg) Hill Coefficient (n) MetHb % of Total Hb

1 Human blood 26.6 2.7 Up to 5%
2 Unmodified Hb 19.6 2.4 15–20
3 HbNAD 37.2 1.95 25–30
4–8 Peaks b-f (DEAE-Cellulose**) 2.9, 4.2, 4.3, 3.8, and 7.1, respectively 1.0–1.1 ND*

9 Poly-HbNAD 24.1 1.07 25–30

*ND – not determined.
**Peaks b–f correspond to peaks 1–5, respectively, eluted from DEAE-cellulose column.
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yield was estimated at above 75% using both SEC (SEC
section, Fig. 1) and RPC (RPC section, Fig. 2). SDS-PAGE
revealed bands corresponding to molecular masses of
16 kD for the unreacted subunit and also multiples thereof
(Fig. 6), thus indicating the formation of cross-linked Hb.
Heat treatment experiments of HbNAD revealed a stable
material (Fig. 5, Fig. 6), suggesting that sterilization is
amenable in a large-scale process.

A molar ratio of Hb:o-NAD of 1:3.5 was found to be op-
timal for the cross-linking reaction, because at this ratio
the reaction occurs specifically on the beta chains at max-
imal rate (Fig. 2, Fig. 3), which is demonstrated by max-
imal disappearance of the free beta chains, accompanied
by minimal disappearance of the alpha chains, and a rel-
atively high-yield formation of new products. At molar ra-
tios above 1:3.5, the alpha chains were also cross-linked.
Accordingly, a molar ratio of 1:3.5 was used in the subse-
quent experiments. Moreover, based on a previous work by
Bakker et al. (17), other parameters associated with the
cross-linking reaction were kept unchanged.

HbNAD was polymerized to meet physiological require-
ments associated with colloidal osmotic pressure. The po-
lymerized material, poly-HbNAD, consists of a mixture of
modified intermolecularly cross-linked Hb and is charac-
terized by molecular masses ranging from 64 to 500 kD
(Fig. 8). At this range of molecular masses, retention of the
poly-HbNAD within the blood circulation is achieved. This
reaction was proved to be reproducible with a yield of
about 60%.

5.2. Oxygen-Binding Properties

Oxygen-binding properties were measured for Hb,
HbNAD, and poly-HbNAD. As shown in Fig. 9, the P50 of
unmodified Hb (19.6 mmHg) is low, suggesting a very high
affinity to oxygen, which is expected, because of the ab-
sence of the 2,3-DPG effector. On the other hand, P50 ob-
tained for the HbNAD preparation is high (37.2 mmHg),
indicating that the modification influenced the oxygen-
binding properties of Hb in a way that the oxygen equi-
librium is shifted toward the low-affinity, T-form confor-
mation of Hb. The fact that cross-linking reagents, which
are also DPG analogues, decrease the overall affinity was
previously studied (14,37). Oxygen affinity characteristic
of poly-HbNAD is close to that of whole blood, with P50 of
24.1 mmHg. Also, hyperbolic rather than sigmoidal curves
were obtained for HbNAD and poly-HbNAD with Hill co-
efficients of 1.95 and 1.07, respectively (Fig. 10). The fact
that further polymerization increases the oxygen affinity
and decreases oxygen-binding cooperativity is well docu-
mented (13,16,17,19,39) and is most likely caused by the
increased steric hindrance imposed by multiple intermo-
lecular covalent cross-links within the cross-linked Hb
and mainly within the polymerized preparations.

5.3. Rheological Properties

Hb solutions generally possess advantageous rheological
flow properties because these acellular solutions are more
Newtonian in nature than blood (68). The total Hb con-
centration of these solutions and the degree to which the

contained materials are polymerized directly affect the
viscosity of the final preparations.

Viscosity of a Newtonian fluid is fully characterized by
its dynamic (absolute) and kinematic viscosity. When a
complete rheological characterization of a nonNewtonian
fluid is required, a stress-strain plot must be determined.
Such a complete description is beyond the scope of this
study. In the current analysis, relative, reduced, specific,
and intrinsic viscosities were used to study both Newto-
nian and nonNewtonian fluids.

The concentration-dependent reduced viscosity of Hb,
HbNAD, and poly-HbNAD at 371C in 10 mM phosphate
buffered saline pH 7.4, is shown in Fig. 11. The intrinsic
viscosity value was obtained by extrapolating the linear
regression of the reduced viscosity to infinite dilution (i.e.,
the intercept with the y-axis, where C¼ 0). As shown, the
rheological behavior of Hb and HbNAD are quiet similar,
with intrinsic viscosity values of 3.6 and 4.3 ml/g, respec-
tively. The intrinsic viscosity of poly-HbNAD (9.45 ml/g) is
higher, as expected.

The intrinsic viscosity is described by the coefficient of
the linear term (b) (Viscometry section), whereas coeffi-
cient (a) describes the nonlinear behavior and is related to
internal protein-protein interactions within the solution
(69). As expected, the nonlinear behavior of poly-HbNAD
is dominant (Fig. 11), and therefore, it is impossible to re-
duce the high-concentration viscosity by only reducing the
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intrinsic viscosity, represented by the coefficient (b) (Vis-
cometry section).

The dynamic viscosity is well-defined when the rheol-
ogy of the solution is Newtonian. Poly-HbNAD solution,
unlike the Hb one, is less Newtonian, as its concentration
increases. The term dynamic viscosity will be used here to
describe an apparent viscosity for both the Newtonian and
the nonNewtonian fluids.

In order to compare the viscosity of Hb, HbNAD, and
poly-HbNAD with that of whole blood, the dynamic vis-
cosity was estimated, as described in the Viscometry sec-
tion. For comparison, a physiological range of 1–4 cP
(plasma-whole blood, respectively) was also delineated
(67).

In order to estimate the dynamic viscosity behavior of
Hb, HbNAD, and poly-HbNAD at higher Hb concentra-
tions (physiological range of 100–150 g/L), the graphs ob-
tained at lower concentrations were extrapolated. The
results obtained (Fig. 12) suggest that the dynamic vis-
cosity values obtained for both Hb and HbNAD are within
the physiological range (1–1.22 cP and 3–5.8 cP, respec-
tively), whereas that of poly-HbNAD is much higher
(13.9–30 cP).

The results, thus obtained, suggest that the next stage
design of poly-HbNAD should also include the optimiza-
tion of this process in terms of choosing those fractions of
poly-HbNAD (I to IV, Fig. 8), which also meet with the
physiological viscosity limitations.

A complete study of the rheological behavior of the
poly-HbNAD preparation was not carried out. For the aim
of future design of poly-HbNAD, a stress-strain plot of this
preparation must also be determined.

5.4. Osmotic Pressure Properties

The relationship between Hb concentration and the COP
depends on the number of colloidal particles and is not
linear, tending to deviate to higher COP values at higher
protein concentrations. The COP value obtained for
HbNAD is similar to that of normal plasma (24.8 mmHg
compared with 22–25 mmHg, respectively, Table 3). The
only difference is that this value (24.8 mmHg) was ob-
tained for a 7% (w/v) preparation of HbNAD, whereas the
physiological Hb concentration is 15% (w/v); in other
words, the COP value obtained for HbNAD corresponds
to only half the normal Hb concentration in blood.

Consequently, one of the benefits of Hb polymerization
is to lower the hyperoncotic nature (excessive COP) of
highly concentrated Hb solutions (39). Poly-HbNAD had a
significantly lower COP of only 13.4 mmHg at a 6% (w/v)
preparation.

Our results of COP of poly-HbNAD versus concentra-
tion of Hb are similar to previously reported data for Hb
concentrations of upto 7% (w/v) (17). Based on this simi-
larity, it is expected that the COP values of poly-HbNAD,
at a physiological Hb concentration (11%, w/v), will also be
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similar to the pertinent value obtained by Bakker et al.
(17), which is 27 mmHg.

6. CONCLUSIONS

One of the basic approaches used in this thorough study
was the exploitation of molecular engineering methodolo-
gies for the design (32,33) and later synthesis of novel
cross-linking reagents for hemoglobin (Hb). This approach
proved to be very fruitful, because, from the results ob-
tained, it is evident that poly-HbNAD possesses a physi-
ological oxygen-carrying capacity and oncotic
characteristics similar to whole blood. These properties
make poly-HbNAD a potential viable candidate as a re-
suscitation fluid.
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1. INTRODUCTION

The artificial heart (AH) is a mechanical pump that
partially or completely replaces the pumping function of
the native heart. Two types of AH exist depending on use.
The first is called ventricular assist device (VAD) and
consists of a single pump to help the pumping function of
the left or right ventricle, or both ventricles by combining
two VADs without removing the native heart. The second
AH is called total artificial heart (TAH) and is comprised of
two pumps to maintain both lung circulation and systemic
circulation after removal of the native heart. Around the
world, over 100,000 patients per year are in end-stage
heart failure that may be saved by heart transplantation,
but only about 4000 donor hearts are available per year for
transplantation. The patients who cannot benefit from
heart transplantation may be saved by either VAD or TAH
temporarily or indefinitely. Of those who may be saved by
circulatory assistance, approximately 70–80% suffer from
left or right ventricular failure requiring VAD, whereas
the rest have biventricular failure requiring biventricular
assist device (BVAD) or TAH.

2. AH SYSTEM

Figure 1 shows the basic configuration of the AH system.
The basic components of the AH system are (1) pumping
chamber, (2) actuator and energy converter, (3) controller
and CPU (central processing unit), and (4) energy source

and transmission system. In the case of TAH, two pumps
are used to replace left and right heart function. As an
energy source, electrical energy in the form of chemical
batteries is supplied using a direct percutaneous wire
connection or transcutaneous high-frequency transduc-
tion method and is converted into mechanical energy
using an energy converter such as an electrical motor.
The actuator translates the rotating motion of the motor
into a linear motion using mechanical systems such as
cam, crank-shaft, roller screw, or impeller. The actuator
then delivers mechanical power to the blood pump. The
device or biological information obtained using various
sensors are input into the controller/CPU to appropriately
control the motor speed and to meet the varying needs of
the biological system.

2.1. Pulsatile and Nonpulsatile (or Continuous Flow) Pumps

2.1.1. Pulsatile pump. Two types of blood pumps exist,
pulsatile and continuous flow, based on the flow pattern
generated by the device. Employing a prosthetic one-way
heart valve, one each in the inflow and outflow port of the
pump chamber, generates the pulsatile flow like the native
heart. Fig. 2 shows models of pulsatile devices that are in
use including (1) hemispherical diaphragm type, (2) sac
type, (3) concentric tube type, and (4) pusher-plate type.
Pump models 1–3 have been proposed to use the pneu-
matic or hydraulic power, where pressurized air, fluid, or
vacuum alternately enters the chamber to actuate the
flexible membrane and hence to displace the blood pooled
on the other side of the membrane. These pumps have
been used for applications from temporary extracorporeal
to semi-completely implantable permanent uses with the
patient being tethered to an external control-drive con-
sole. The pneumatically operated Thoratec VAD (1,2) is an
example of the sac-type pump used for extracorporeal
support of left, right, or both ventricles. In the inflow
and outflow port of the Thoratec VAD, Bjork-Shiley tilting
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Figure 1. Configuration of the aritificial heart
including (1) pumping chamber, (2) actuator and
energy converter, (3) controller and CPU, and (4)
energy source and energy transmission system.
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disk valves are installed to create a unidirectional pulsa-
tile flow. The intracorporeal CardioWest TAH (3–5) uses
two of the hemispherical diaphragm-type blood pumps
driven pneumatically by the extracorporeal console and
supports the lung and systemic circulation.

The pusher-plate-type pump was designed to use an
electromechanical actuator and to achieve a completely
implantable system. In addition, in the pusher-plate de-
sign, the plate movement can be easily monitored using
sensors such as a Hall effect device so as to precisely
control the pusher-plate movement. With the hemisphe-
rical diaphragm and sac-type pump, it is difficult to predict
the movement of the diaphragm or sac. The diaphragm
and sac do not move in a predictable manner like the
pusher-plate. Currently available clinical VADs such as
Novacor (6,7) and HeartMate-I (8–20) both employ the
pusher-plate-type pump coupled with an electromechani-
cal actuator. The Novacor VAD combines a solenoid and a
double counter-lever mechanism to squeeze the sac-type
pump, whereas the HeartMate-I employs a high-torque
low-speed dc motor in combination with a face cam
mechanism to displace the pusher-plate. The completely
implantable AbioCor TAH (11,12) that has moved into
clinical trial in 2001 is a compact, one-piece totally im-
plantable system comprising left and right pusher-plate-
type pumps and an electro-hydraulic actuator accommo-
dated between the two pumps. The AbioCor TAH has four
tri-leaflet polyurethane valves built into the inflow and
outflow ports of the left and right pumps.

2.1.2. Continuous flow pump. Continuous flow pumps
offer features such as (1) compact design, (2) simple
control, (3) valve-less design, and (4) cost-effectiveness in
comparison with the pulsatile devices. Three types of
continuous flow pumps exist, including (1) axial, (2)
centrifugal, and (3) mixed flow or diagonal, as shown in
Fig. 3.

2.1.2.1. Axial flow pump. In the axial flow design, the
inflow and outflow direction are the same. Within a
straight conduit, a flow straightener, an impeller, and a
diffuser are lined up to push the blood in the axial
direction. The axial flow device can be made extremely
small with its diameter as small as 3–4mm and length of
10–100mm. As a result of their small size, they are suited
for intracorporeal implantation as well as for paracorpor-
eal insertion through a peripheral vessel into the cardiac
chamber. The axial pumps require a high impeller speed
usually at around 15,000 to 20,000 revolutions per minute
to generate the flow required to assist the left ventricle.
Axial flow devices, however, are not suitable when high
afterload pressure is exerted on the pump, causing back
flow through the pump. The MicroMed DeBakey VAD (13–
15) and Jarvik 2000 Flowmaker (16–19), which have been
in clinical applications since early 2000, are of axial type
and are called the second-generation AH in reference to
the first-generation AH of the pulsatile blood pumps. In
these pumps, the rotating impeller is supported with pivot
bearings at both ends for stable rotation.

(c) Concentric tube type  

Tube
(bladder)

Concentric tube type

(d) Pusher-plate type

Pusher-plate

Piston

Pusher-plate type
(piston type)

(a) Hemi-spherical diaphragm type

Diaphragm type

Diaphragm

(b) Sac type

Sac type

Sac

Figure 2. Pulsatile pump models; (a) hemispheri-
cal diaphragm type, (b) sac type, (c) concentric tube
type, and (d) pusher-plate type.
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The MicroMed DeBakey VAD has been implanted in
approximately 300 patients as a bridge to transplantation
in the United States and Europe. The Jarvik 2000 Flow-
maker is designed to be inserted into the left ventricular
apex and connected to the descending aorta through a
12mm Dacron graft. The percutaneous cable connected to
the belt-worn controller and battery exits through the
abdominal wall or alternatively via a skull-mounted ped-
estal especially for permanent use (Fig. 4). A patient
implanted with the Jarvik 2000 Flowmaker celebrated 5

years of survival in June 2005. Although possible wear in
the bearing support material may not warrant the dur-
ability of these devices beyond 5–10 years, it is interesting
to know how much longer the Jarvik 2000 AH will
continue to work.

The Impella Recover (20–23) incorporates a tiny axial
pump at the catheter tip that can be inserted through the
peripheral femoral artery without opening the chest for
cardiology intervention or postoperative recovery of the
heart. It has been implanted in approximately 200 pa-
tients in Europe during the post-operative recovery period
for an average duration of 7 days showing remarkable
prognosis.

2.1.2.2. Centrifugal pump. In the centrifugal pump, the
outflow port direction is perpendicular to the inflow direc-
tion, this feature making the device suitable for high
afterload operation such as in cardiopulmonary bypass.
The incoming blood is directed in the radial direction by
the centrifugal action of the impeller. The impeller rotates
usually at around 2000–3000 revolutions per minute,
much lower than that of the axial pumps to provide
comparable flow to the axial device. The centrifugal blood
pumps came into clinical environment as cardiopulmon-
ary bypass pumps to replace roller pumps for their easier
handling, safer operation, and lower cost. So, in the earlier
models of centrifugal pumps, the impellers were directly
mounted on the motor shaft with a shaft-seal preventing
leakage of blood, or supported by the mechanical bearings
immersed in the blood. Thus, the earlier centrifugal
pumps were limited in their usage to 24–48h because of
blood leak from the shaft seal or blood cell damage and
blood clot formation around the area of the blood-im-
mersed mechanical bearings.

The longevity and reliability of the earlier centrifugal
pump models was improved by making them into seal-less
structures by suspending the impeller in the blood
through the use of blood-immersed pivot bearings or
contact-free magnetic bearings. The Gyro (24,25) pump
achieved suspension of the impeller using pivot bearings
made of ceramic and the centrifugal blood pumps such as
DuraHeart (26,27) incorporated the magnetic suspension
mechanism to achieve mechanical contact-free operation.
The magnetic levitation was accomplished by feedback
control of the electromagnets with the impeller position
continuously monitored by the position sensor. Usually, a
sophisticated mechanism including multi-axial control is
required to obtain stable suspension of the impeller with-
out any mechanical contact. To solve this problem, Asama
et al. proposed a simple magnetic levitation by combining
two-degree active levitation in the x- and y-axes with a
passive attractive force generated by a set of permanent
magnets (Fig. 5) (28–30). The concept of magnetic levita-
tion has also been incorporated in the axial device called
INCOR, which moved into clinical trials in Europe (31).

Another mechanical contact-free operation realized in
centrifugal pumps is hydrodynamic bearing, which is
based on the fluid pressure generated in the narrow gap
between the stationary pump housing and rotating im-
peller, repelling the impeller back into the opposite direc-
tion to prevent direct contact of the impeller. Figure 6

(b) Centrifugal pump

(a) Axial flow pump

(c) Mixed flow or diagonal pump

Figure 3. Three types of continuous flow pumps; (a) axial pump,
(b) centrifugal pump, and (c) mixed flow or diagonal pump.
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Figure 4. Configuration of the Jarvik 2000 Flow-
maker showing that (left) the percutaneous cable
connected to the belt-worn controller and battery
exits through the abdominal wall or (right) alter-
natively via a skull-mounted pedestal especially for
permanent use.
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shows the pressure distribution in the hydrodynamic
bearing and how the fluid pressure in the narrow and
wedge-shaped gap created by shifting of the impeller with
respect to the center of rotation acts on the rotor to correct
its position (32,33). The VentrAssist (24–36) and CorAide
(37–39) centrifugal VAD both incorporated the concept of
hydrodynamic bearing to achieve contact-free operation of
the impeller. The hydrodynamic bearing does not require
feedback control of the electromagnets as required in the
magnetic bearing mechanism, but its unique pump hous-
ing and impeller design attains a low cost and simple
device structure for long-term reliable and safe usage.

2.1.2.3. Mixed flow or diagonal pump. The third contin-
uous flow pump is the mixed flow pump obtained by
combining the features of the centrifugal and axial flow
blood pumps. It can be thus made as small as the axial
flow device, but it can be operated at lower impeller speeds
close to that of the centrifugal pump to achieve similar
performance. It is also called the diagonal pump, because
the blood flows in the diagonal direction in comparison
with the axial direction of the axial pump and radial
direction of the centrifugal pump. The diagonal pumps
are suited for applications such as extracorporeal mem-
brane oxygenation (ECMO) where high afterload pres-
sure, sometimes around 300mmHg, is generated. The
DELTASTREAM (40,41) diagonal pump is an example
that has been used in Europe for extracorporeal perfusion.

The continuous flow devices with mechanical contact-
free operation are named the third-generation AH in
comparison with the second-generation AH that has
blood-immersed mechanical contact bearings. The third-

generation AH is expected to last longer than ten years
and is intended for permanent application or destination
therapy (DT) in patients who are ineligible for heart
transplantation.

2.2. Design Consideration

For successful and efficient development of AH, interdis-
ciplinary collaboration across various areas such as clin-
ical and basic medicine, mechanical, electronic, material,
and control engineering is important. AH design must
achieve (1) compact design, (2) efficient and reliable con-
trol, (3) long-term durability, (4) tissue and blood compat-
ibility, and (5) efficient energy-saving operation.

2.2.1. Compact design. For implantable devices, the
limited space inside the body varying from person to
person must be well understood in designing a system
that does not affect the function of the other organs in the
vicinity of the implanted AH. The external pump dimen-
sion and its shape are important for it to fit in the
available space after removal of the native heart or to
implant it heterotopically without removing the heart.
The direction and length of the inflow and outflow ports of
the TAH are important in order not to create an obstruc-
tion to blood flow because of kinking of the tubes connect-
ing the blood pump to the remnant great vessels or atria.
A compact pump design is the first priority for anatomical
compatibility as well as surgical implantation.

Historically, a human cadaver was used to do a fitting
study as part of the design evaluation (42,43). However,
the cadaver data misled the anatomical evaluation be-
cause of shrinkage of the tissue and organs by dehydration
after death. To overcome the shortcomings of the cadaver
model, CT (computer tomography) and MRI (magnetic
resonance imaging) data have been used to construct the
3-D computer graphics data and to evaluate the anatomi-
cal compatibility of a device on the computer. CAD/ACM is
now becoming more and more accepted for precision de-
sign and manufacturing of the device before spending time
and money for tedious trial and error processes in device
construction. A computer-assisted surgical navigation
system is also becoming a valuable tool for proper im-
plantation of the device based on the preassembled im-
plantation scheme.

The design of the totally implantable TAH AbioCor
(Fig. 7) was based on the 26 heart transplant recipients
performed at Baylor College of Medicine (44,45). After
removal of the native heart prior to implantation of the
donor heart, available space in the pericardial sac, direc-
tion and length between the pump model and remnant
atria and great vessels were measured to design a one-
piece compact TAH system. Since July 2001, AbioCor TAH
has been implanted in 14 end-stage cardiac patients who
were ineligible for heart transplantation and who might
not survive more than 30 days. Prior to implantation, a so-
called AbioCor fit analysis was usually performed in every
patient using the patient’s CT data together with the 3-D
CAD image of the AbioCor TAH (46,47). So, advanced
computer technology was assisting clinical medicine that
had been based on human experience.
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Figure 6. A hydrodynamic bearing system showing how the
pressure generated in the gap will act on the impeller for
contact-free operation. The figure shows that as the impeller
position shifted, the hydrodynamic pressure is generated in the
wedged area as if the impeller rotation forces and squeezes the
fluid into a narrow wedged area. The generated hydrodynamic
pressure is highest in the lower corner where the gap is the
smallest and looks as if a compressed fluid exists because of
impeller rotation.
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2.2.2. Control of AH.
2.2.2.1. Control modes for pulsatile pump. Currently

used control modes include the fixed pulse rate mode
with fill-limited operation, variable pulse rate mode, and
demand mode synchronized to the external signal such as
the patient ECG. All these methods can mimic the Frank–
Starling like intrinsic regulation of the cardiac output.
When the return to the pump increases, the pump output
can increase. The fixed pulse rate with fill-limited opera-
tion can attain Frank–Starling-like control by setting the
pulse rate at a high level so as to vary the beat-to-beat fill
volume depending on the filling rate. When the fill volume
reaches the full level, the pump rate will be set at a higher
level to assure fill-limited operation. The variable pulse
rate mode also known as full-fill/full empty mode can be
implemented when the pump fill signal is available (48–
50). This mode of operation is included in Novacor and
HeartMate-I VAD with the pusher-plate position signal
obtained using a Hall effect sensor. The pump rate, thus,
varies automatically depending on the fill rate. When the
pump fills faster, the pump rate automatically increases to
deliver more flow to the peripheral organs. The patients
implanted with Novacor and HeartMate-I VAD when put
on an exercise machine for rehabilitation experienced a

better response with the full-fill/full empty control
through the automatic increase of the pump flow. The
third mode is the synchronous mode where the patient’s
ECG signal can be used to trigger the pump ejection (51).
This mode, however, has not been used because of diffi-
culty in obtaining a stable ECG signal to synchronize the
pump operation on a chronic base.

2.2.2.2. Control modes for continuous flow pumps. Con-
trol of continuous flow pumps is based on the head
pressure vs. pump flow characteristics of the pump (Fig.
8). The impeller speed is adjusted manually knowing the
relation between the head pressure vs. pump flow to
maintain near normal cardiac output and blood pressure.
The pump flow is usually measured using a flow sensor
attached to the outflow tubing or based on the intrinsic
motor current characteristics. Although the demand mode
based on the patient heart rate has been suggested based
on the relation obtained prior to the study, again difficulty
in obtaining a stable ECG and defining an appropriate
control algorithm are the problems that must be over-
come. In the actual operation, emphasis has been placed
on how to prevent the suction effect by the continuous flow
device in the pulsating ventricle. The mismatch in the

Figure 7. Completely implantable AbioCor
TAH (top left) and implanted components (top
right). Inside look of the AbioCor TAH and how
it is implanted inside the body (bottom).
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venous return to the ventricle and suction by the pump
will collapse the ventricle and the inflow tip may suck in
the endo-cardial tissue resulting in possible tissue da-
mage. If the bypass flow information is available, the
suction effect may be easily detected, but long-term usage
of the flow sensor is difficult, because of stability problems
and a lack of in vivo calibration of the sensor. Pump flow
and suction phenomena can be detected from the motor
current level and waveform without relying on external
flow or pressure sensors. When suction is detected, the
motor speed can be programmed to vary and to release the
suction in the ventricle. The MicroMed DeBakey VAD
incorporated the suction detection scheme based on the
pattern recognition of various events that are correlated
with pump status and showed favorable outcomes (52).

2.2.2.3. Control of TAH. In controlling TAH, in addition
to individual pump control, left-right flow balance is an
important issue. Too little right pump output will cause
venous congestion and low left pump output, and too much
right pump output with respect to the left pump capacity
will cause lung edema. Thus, balance of the right and left
pump output control is an important issue for patient
survival. In the case of the clinical TAH, pneumatic
CardioWest TAH operates the left and right pumps at
the same rate, ejecting simultaneously, with both pumps
hopefully in the fill-limited mode. The drive pressure and
fill vacuum of each pump are independently adjusted to
maintain the left atrial pressure within an acceptable
level less than 10–15mmHg or so, while delivering the
required left pump flow. In the one-piece TAH such as the
AbioCor, left-right operation is somewhat complex and a
high-level control logic is built into the device. In the
AbioCor TAH, the left and right pumps are operated in the
alternate ejection mode with a single actuator shared by
the two pumps. A unique left-right flow balance mechan-
ism reduces the right pump maximum stroke volume as
the left atrial pressure increases above a certain level. The
left atrial pressure is sensed in a chamber attached to the
inlet port of the left pump. When the left atrial pressure

exceeds a certain level and pushes back the atrial chamber
diaphragm, the hydraulic fluid behind the left atrial
chamber is shifted toward the right pump to limit the
right full stroke to a lower level, thus reducing the right
pump output. In addition to the unique left-right flow
balance, another advantage of this mechanism is that it
can eliminate the need for a compliance chamber, which is
required for a displacement-type pump when it is com-
pletely contained within the body. The compliance cham-
ber or volume compensation device is needed to
compensate for the volume change occurring on the blood
side when a displacement-type pump is implanted within
the body.

2.2.2.4. Control problems common to VAD and TAH. A
common to control problem in VAD and TAH using either
the pulsatile or continuous flow blood pumps is the fact
that both systems are operated in the open-loop control
mode without any physiological feedback regulation. The
intrinsic Starling-like control is the only control accepted
in current clinical AHs. No reliable flow and pressure
sensor exist that can be used in the blood for an indefinite
duration with pronounced accuracy. Drift and calibration
problems associated with pressure and flow sensors make
their use in clinical settings difficult for prolonged dura-
tion. In addition, it is difficult to quantitatively evaluate
the adequacy of the cardiac output requirement in a living
system. The AH result may provide the cardiac output
requirement data, which could not be obtained with the
normal circulatory system. In order to evaluate the ade-
quacy of pump output, the mixed venous hemoglobin
oxygen saturation has often been measured using a
Swan-Gans catheter inserted in the pulmonary artery or
by attaching an optical sensor to the right pump of the
TAH (53,54). However, long-term and continuous pump
output control based on the mixed venous hemoglobin
oxygen saturation level has not yet been demonstrated.
Nevertheless, the long-term survival of the AbioCor TAH
patients has proved that the simple, intrinsic Starling-like
control without any active biological feedback regulation
works in humans for a prolonged time providing sufficient
improvement in the quality of life (QOL) as measured by
patient mobility and activity level.

As no neural feedback and hormonal control mechan-
ism exist attached to the AH system, pump ejection
triggered by neural information or by specific hormonal
levels might improve the performance of the device and
QOL of the patients. To accomplish the neural feedback
regulation, we must design and develop a sensor that can
measure the nerve activity over a prolonged time as well
as a control algorithm based on the nerve activity. Im-
provements in sensor technology together with nano- and
micro-fabrication technology may lead to a bionic heart
that can respond to autonomic nervous activity reflecting
even the emotional state.

2.2.3. Durability. The durability of the AH system de-
pends on the whole range from individual component and
material durability to the durability of an entire system.
Our native heart pumps approximately 100,000 times per
day without any rest, which amounts to about 200 million
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cycles for a projected 5 year continuous operation. In order
to meet 5 year continuous operation in biological environ-
ment, not only the pump components, such as flexing
diaphragm and actuator, but also the peripheral compo-
nents such as inflow and outflow prosthetic valves must
meet repeated durability testing in a biological environ-
ment. The biological environment with an average tem-
perature of 371C at a 100% humidity level increases the
deterioration rate of the implanted materials including
polymers, metals, plastics, and all sorts of electronic
components. In addition to mechanical durability of the
pump components, charge-discharge cycle of implanted
rechargeable batteries, durability of electrical cables used
to carry electrical power and control signals, durability of
the controller electronics, and fluid sealing property of the
feed-through cable line are all problem areas that must be
addressed when AH system durability is considered.
Knowing these difficult problems in achieving long-term
durability in biological environments, the technology is
making day-to-day progress, and it has been reported that
patients implanted with Novacor and HeartMate� I VADs
have survived over 2 years (55,56). More recently, the
patient implanted with a Jarvik 2000 Flowmaker has
cleared the milestone of 5 year survival in June 2005
(57). It may be concluded that the continuous flow devices
with simple design and fewer components without requir-
ing inflow and outflow valves as required for pulsatile
devices may be better suited for permanent support of
patients who are ineligible for heart transplantation. The
applicability of the reduced pulsatile flow in patients must
await further clinical results.

2.2.4. Anti-thrombogenic performance. Of all the pa-
tients who have died after prolonged survival with the
VAD or TAH, probably 80% are lost because of thrombo-
embolic complications. A blood clot formed in the pumping
chamber, possibly with associated components, is released
into the blood stream creating emboli in the arteries
causing infarction in peripheral organs. Particularly
when thrombi are released into cerebral circulation, neu-
rologic complications can be fatal or cause permanent
damage in various motor and sensory systems. Chemical,
physical, electrical, and surface properties of the material;
fluid dynamic characteristics of blood, including blood
viscosity, laminar or turbulent flow patterns, or streak
lining; and hematological factors including coagulation
and the activation state of the blood can lead to such an
event. Blood clot formation in the blood chamber has been
one of the major problems in the development of reliable
AH systems since the early stages of AH development and
are still without concrete solution.

Although problems associated with thrombus forma-
tion at the blood contacting surface of the AH has not yet
been solved, two approaches exist that have made long-
term application of the devices possible in human pa-
tients: smooth surface and rough or textured surface. In
the smooth surface approach, segmented polyurethane or
metallic surface such as mirror-finished titanium alloy
with the surface roughness controlled to within less than a
micron have been employed in implantable VADs such as
Novacor, and in extracorporeal devices such as Thoratec,

Toyobo VADs together with the administration of antic-
oagulants such as heparin (58–62). Also, most of the
continuous flow devices used a smooth mirror finished
surface of the titanium providing a nonreactive surface to
obtain long-term thrombus-free operation. As mentioned
before, the Jarvik 2000 Flowmaker employed a smooth
titanium surface as the blood contacting surface to accom-
plish 5 year successful operation in human patients.

On the other hand, the textured surface is employed in
the HeartMate-I (Fig. 9) (63,64). In the textured surface,
with exposure to the blood, the blood proteins are trapped
in the rough surface and fill the textured roughness of
about 5–60 microns to form a pseudo neointimal layer
making it appear like its own surface, which is called the
biolization process to attain clot-free long-term operation.
Hence, in the textured surface, anticoagulation therapy is
not usually enforced thus reducing complications such as
bleeding and multi-organ failure secondary to infusion of
anticoagulants as required in the smooth surface device.
Although the textured surface has been applied also in the
continuous flow devices, favorable results have not been
reported maybe because of differences in the surface shear
rate between the pulsatile and continuous flow devices.
Stabilization of the polymer surface through employment
of nano-level molecular modification as well as formation
of compound material consisting of metal and polymer
might attain a better anti-thrombogenic performance of
the AH.

2.2.5. Energy source and energy transmission. Electrical
energy in the form of chemical batteries is the most
reliable source of energy for the implanted AH system. A
direct wire connection can be made between the external
battery and the implanted blood pump in the form of a
percutanous cable. As the skin entrance point of the
percutaneous wire could cause irritation eliciting an in-
flammatory response, which could invite infection when a
cable movement exists because of body motion. Thus, the
entrance or exit site in the abdominal area may be prone

Figure 9. Textured blood contacting surface of the HeartMate I
VAD.
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to more body movement inviting infection. From the point
of view of long-term stable operation, the approach taken
by the Jarvik 2000 Flowmaker tunneling the percuta-
neous cable to be connected to the skull-mounted pedestal
behind the ear may have been a good approach, because
the tissue-device interface is not subject to movement as in
the abdominal area (65). A hydro-oxy-apatite skin button
has been specially made for skull mount to make stable
tissue adhesion and easier connection to the exterior
power source.

As an alternative to the percutaneous cable, a transcu-
taneous energy transmission system (TETS) can comple-
tely isolate the implanted components from outside of the
body (66,67). The electrical energy available in the che-
mical batteries is first converted into high-frequency ac
power at around 100–200KHz and then transmitted
across the skin using a coil couple with the primary coil
being outside the body on the skin and the secondary one
beneath the skin. The shape of the secondary coil is
usually made into a cone type so as to make a mound
when implanted in the subcutaneous space and to prevent
the dislocation of the primary coil over the skin. The
efficiency of the coil transformer through the skin could
be important to minimize heat dissipation and hence
tissue necrosis. The energy transmission efficiency of the
TETS has been increased to greater than 80% to ensure
safe and efficient operation of the implanted AH.

When the TETS is used for energy transmission across
the skin, the secondary rechargeable battery is usually
implanted to operate the implanted AH in case the
primary coil of the TETS fixed on the skin is accidentally
dislocated or when the patients desire to take a bath or
shower. The high-energy density battery such as Lithium-
ion battery or Nickel-metal hydride can be implanted to
supply energy to the implanted AH. The charge-discharge
cycle, energy density, sealing of the package in the biolo-
gical environment is also an important aspect in designing
a safe and reliable system for prolonged operation in
human patients.

In the LionHeart VAD CUBS trial performed in Eur-
ope, the TETS remarkably reduced the infection rate to
improve the performance of the VAD system (68,69). In
the AbioCor TAH, the TETS helped improve patient
mobility and quality of life in those patients who are
ineligible for heart transplantation (46,47). The surgical
complication in TETS implantation must be cleared
through training of the surgeons as well as awareness of
the patients implanted with the device.

3. EVOLUTION OF AH USAGE

The progress in AH technology and in clinically effective
use of the devices has brought out various options for
treating end-stage heart failure patients. The applications
of the VADs include temporary support for acute cardio-
genic shock, as a bridge to recovery (BTR)/therapy in
idiopathic cardiomyopathy, as a bridge to transplantation
(BTT) as a most common usage, and, more recently,
destination therapy (DT) for those who are not eligible
for heart transplantation. The support duration of the

both VADs and TAH has also been extended from a few
hours to several years to permanent application until
expiration. Following the enrichment of devices, it is
important to use the device appropriately for each patient
with proper timing.

3.1. Temporary Extracorporeal

In the early stage of clinical application of AH, VAD usage
was intended for temporary support of the heart until its
recovery. As early as 1963, the first clinical VAD applica-
tion had been performed by Dr. DeBakey whose patient
was successfully weaned from the heart-lung machine and
recovered thereafter, followed by additional six cases until
1968 (70). Particularly, in postcardiotomy patients who
could not be weaned from the cardiopulmonary bypass
following open heart surgery, extracorporeal pneumatic
VADs had been used to maintain circulation as well as to
unload the LV function of the patients while waiting for
recovery. The postcardiotomy support of the failing heart
instigated more open-heart surgery as well as develop-
ment of better VAD systems. Although pulsatile devices
had been used primarily, easy-to-handle and low-cost
centrifugal pumps for temporary applications started to
come into the market in the 1980s. With the progress in
support techniques together with device improvement,
efficient and reliable support became possible yielding
more and more successful cases, which lead to the next-
generation support, which is called bridge to transplanta-
tion.

3.2. Bridge to Transplantation (BTT)

This concept dates back to 1969 when the first TAH was
used to support the circulation of the patient before
finding an appropriate donor heart (71). The second BTT
with the TAH was performed in 1981 by Akutsu who
originated the artificial heart research with Kolff in 1957
(72). These two events probably established the concept of
BTT, particularly the usage of the TAH system. The VAD
bridging to heart transplantation was for the first time
performed in 1978 (73), and followed with more applica-
tions in the late 1980s when the NIH implantable VAD
projects had been completed. The implantable Novacor
VAD and pneumatic HeartMate-I were the devices that
helped patients improve the circulatory status as they
prepared for transplantation of the hearts. More frequent
usage of these devices bridging the patients to heart
transplantation together with the emergence of an elec-
trical version of the HeartMate-I in the early 1990s
allowed the patient for the first time to be discharged
while waiting for heart transplantation (74,75). This event
really revolutionized the application of VAD, because the
previous VADs had required patients to stay within the
hospital prior to heart transplantation. The patient im-
planted with the electrical VAD became more mobile with
a rechargeable battery carried in the shoulder bag elim-
inating a bulky console, which limited their mobility and
activity. The evolution in medical technology came to
improve the patient QOL, which was questioned in the
early 1980s with implantation of the pneumatic TAHs in
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half a dozen patients who were restricted inside the
hospital until their expiration.

3.3. Destination Therapy (DT)

The destination therapy with AH was first demonstrated
in 1982 when the patient who was ineligible for heart
transplantation volunteered for implantation of the pneu-
matic TAH, Jarvik 70, and survived for a duration of 112
days (76). This event was followed with five additional
implantations allowing a longest survival of 622 days.
Although the survival benefit was demonstrated with the
TAH, the patients had to be kept inside the hospital
because of tethering to the external pneumatic drive
console. The quality of life for the patients was questioned,
and this process pressured the development of the com-
pletely implantable system. The causes leading to the
death of these patients were mainly micro-thrombi that
caused neurologic complications and infection through the
skin entrance site. As a result of these outcomes, the usage
of pneumatic TAH was stopped until the completely im-
plantable TAH will become available at a later time.

Meanwhile, the VAD outcomes had been improving
with more and more patients being bridged to heart
transplantation. However, the donor availability had be-
come an important issue in the United States and Europe.
Approximately 2500 donors in the United States and 1500
in Europe had been available, but the number of patients
requiring donor hearts was increasing every year. Also, an
age limitation existed according to which people older
than 60 years were not eligible for heart transplantation.
These restrictions pushed forward to start off what is
called destination therapy by the VAD for those who are
ineligible for heart transplantation. The efficacy of semi-
completely implantable electrical HeartMate-I VAD for
permanent circulatory support of the patients who were
ineligible for heart transplantation had been evaluated
randomly against the conventional maximal drug therapy
from 1999 to 2001. The trial was called REMATCH
(Randomized Evaluation of the Mechanical Assistance
for the Treatment of Congested Heart Failure) and com-
pared the survival rate and the QOL of the heart failure
patients between the mechanical circulatory support and
maximal drug therapy (63). End-stage cardiac patients
were randomly assigned to either the mechanical circula-
tory support therapy or the conventional maximal drug
therapy. This study was supported by the National Heart,
Lung, and Blood Institute (NHBLI) and half a dozen of the
participating medical centers and Thoratec Inc. supplied
all the devices used for the trial, whereas the routine and
specific medical expenses were shared by Medicare insur-
ance and the participating medical centers. The results
indicated the two-year survival benefit of approximately
28% by the VAD over 8% of the conventional medical
therapy. Moreover, the patient QOL with the VAD was
substantially improved over the medical therapy as eval-
uated through patient mobility as demonstrated, for ex-
ample, by climbing up and down the stairway. The device
failure, infection, and thromboembolic complications were
the major events terminating the VAD patients. This
study promoted the FDA approval of the permanent use

of HeartMate-I–VE in end-stage heart failure patients
ineligible for heart transplantation. The FDA approved
the device for DT use in 2002 and the medical community
for reimbursement in 2003. The recent design improve-
ments to newer HeartMate-I–XVE proved to meet the
design requirements for DT application. The mechanical
failures of the HeartMate-I–VE included inflow valve
dysfunction, percutaneous lead breakage, diaphragm frac-
tures or punctures, bearing failures, outflow graft erosion,
and pump disconnects.

Following this study, the completely implantable Lion-
Heart made by Arrow International Inc. took place in
Europe called CUBS (Clinical Utility Baseline Study) trial
(68). The LionHeart with the energy delivered by the
TETS lowered the infection rate to 0.17 per patient year
in comparison with 0.60 per patient year in the RE-
MATCH trial with a percutaneous cable.

In 2001, the completely implantable electrical TAH
whose development was initiated in 1988 became avail-
able for clinical study and the FDA approved the pilot trial
for those who were ineligible for heart transplantation
and who might not survive for another 30 days (46,47).
This study looked to be the advanced version of the trial
performed in 1982 using an externally tethered pneumatic
TAH. The electrical energy was transcutaneously induced
inside the body to power the implanted electro-hydraulic
TAH. The survival benefit, QOL of the patients in compar-
ison with the Jarvik 70 pneumatic TAH had been obvious,
whereas the thromboembolic complications anatomical fit
were the problems that still required improvement. The
AbioCor II with 30% reduction in its overall volume and a
passive fill electromechanical system instead of an active
fill electrohydraulic system is now ready for another trial
with better performance.

3.4. Bridge to Recovery (BTR)

From the long-term VAD trials in Europe and Japan,
previously thought unrecoverable DCM (dilated cardio-
myopathy) patients started to show signs of recovery (77).
Spreading use of VADs for applications such as combined
therapy with beta-agonist clenbuterol or stem cell trans-
plantation has revealed some DCM patients recover heart
function after an extended period of support (78,79).
Particularly in Japan where donor heart availability is
very scarce (27) and also in the United States and Europe
donor availability is declining every year, the combined
use of VADs with drug therapy and cell implantation can
promote recovery of the myocardium allowing removal of
the VADs. In order to promote combined therapy, relia-
bility and safety of the VADs must be improved, particu-
larly mechanical durability, anti-thrombogenic
performance, and infection control. A smaller-sized, com-
pact device without inflow and outflow valves such as
axial flow and centrifugal pumps with a mechanical con-
tact-free feature in combination with the maximal drug
therapy or cell and tissue implantation may bridge to
more recovery of the hearts without requiring the donor
hearts.
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4. FUTURE DIRECTION

The advance in the field of AH technology and in manage-
ment of end-stage heart failure patients in the last 5 years
have made great progress in the recognition of AH, both
VAD and TAH, as a possible alternative therapy to heart
transplantation. This achievement is a blessing for pa-
tients who are facing death because of failure of cardiac
function but who are ineligible for transplantation for
various reasons.

In the next 5 years, the third-generation devices that
are currently being (or will soon be) tested for safety and
efficacy in clinical trials will move into routine clinical
application and will have more advanced performance in
comparison with the second-generation devices available
today. The second-generation devices, such as MicroMed
DeBakey VAD and Jarvik 2000 Flowmaker, succeeded in
reducing the bulky sizes of the first-generation devices.
The use of the Jarvik 2000 Flowmaker in DT application,
as of June 2005, cleared 5 years of continuous pumping in
the patient. It was shown that the reduced pulsatility with
continuous flow device in humans works for 5 years and
the patient was discharged home for routine life. The
possible 10-year survival of the patient in 2010 with the
Jarvik 2000 Flowmaker should mark a milestone and
bring firm belief in AH technology. All should look forward
to hearing such news. As the second model of the com-
pletely implantable AbioCor TAH, 30% downsized version
of the first AbioCor TAH is just now on the corner to be
tested in the human subject. Also, surgeons and research-
ers have just launched a study testing the feasibility of
continuous flow TAH by combining two of the MicroMed
DeBakey and Jarvik 2000 VADs in animals (80,81). A
completely de-pulsed mode of circulation that can be
derived from continuous flow TAH can be studied soon
in long-term support of congested heart failure patients in
comparison with the conventional pulsatile TAH such as
AbioCor TAH.

Hopefully in 2010, the third-generation devices such as
DuraHeart or INCOR that are on the horizon will even-
tually prove to provide extremely prolonged longevity
passing the performance of the second-generation devices.
The smaller VADs based on the continuous flow technol-
ogy should be applicable for treatment of congenital as
well as acquired heart failure of children and infants (82–
84). The constant problem of biocompatibility must be
addressed in the next 5 years by using new technologies
such as nano-surface modulation. As for energy, based on
the recent evolution of batteries and energy transmission
techniques in industrial technology, the improvement in
QOL for device recipients will be expected. The control of
the AH to meet peripheral organ needs must be addressed
to achieve an optimal control strategy. To this end, reliable
biosensors and control algorithm should be put into
practical use. In 2010, we should have greater advance-
ments in information technology that transmit patient
information from the home to the medical center for rapid
diagnosis and for providing proper care.

Recently, the working group of the USA NHLBI (Na-
tional Heart, Lung, and Blood Institute) summarized
strategies and recommendations for next-generation

AHs targeted for permanent use (85). According to this
summary, the limitations of currently available AHs are
(1) risk of thromboembolic events, (2) risk of infection,
especially because of percutaneous control or drive lines,
(3) limited durability, (4) large device size, (5) limited
physiological control strategies during prolonged use, (6)
uncertainty about the long-term consequences of nonpul-
satile flow, (7) adverse effects on the gastrointestinal
system with abdominal wall device placement, (8) sub-
stantial invasive surgery, and (9) high costs. This sum-
mary clearly suggests the needs for development of next-
generation totally implantable, easier to implant, more
reliable, and more efficient AHs. To meet this need re-
quires the multidisciplinary collaborative efforts of bioen-
gineers, cardiologists, cardio-thoracic surgeons,
biomaterial scientists, biologists, other scientists, and
industrial support. Most of all, the cardiologists who
provide the initial treatment and referral to cardiovascu-
lar surgeons for implantation of the device must be fully
informed about the capabilities, limitations, and future
trends of the VADs. In addition, NHLBI’s effort in estab-
lishing a database and clinical coordinating center to
manage a registry of patients receiving a mechanical
circulatory support device will also be helpful in identify-
ing problems and establishing a guideline for the proper
use of AHs. With all the effort targeted to identify and to
solve the problems, survival and improved QOL of pa-
tients with AHs that approach those of the transplant
recipients will be achieved.

AHs should also be made a routine medical procedure
and technology that everyone can afford, not just the rich
man’s survival tool. Furthermore, much of the data sum-
marized from heart failure patients who receive VADs and
TAHs will indicate the route for development of guidelines
that establish the standard for patient selection and for
the next VADs and TAHs.
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1. INTRODUCTION

The cardiovascular system is a closed circulatory system
that ensures blood flow through the human body. Blood
circulates through two systems; the first is responsible for
pushing blood from the heart to the lungs to capture ox-
ygen, and the second is responsible for distributing oxy-
genated blood to body organs. This system is composed of a
double pump with branched tubes that leads blood from
the heart to the organs (arteries) and returns it to the
heart (veins). The heart is essentially a muscular pump
with four rooms, two for receiving incoming blood (atria)
and two for pushing blood toward the organs (ventricles).
In order to maintain unidirectional flow of blood, 3-D
open-close ‘‘gateways’’ (valves) are optimally located be-
tween atria and ventricles, and between the ventricles and
the emerging arteries. The workload of heart valves is
nothing short of extraordinary. The valves open and close
once per second totaling more than 3 billion times in a
lifetime. These movements take place under constant
pressure and in flowing blood, a very viscous fluid rich
in minerals, proteins, lipids, and cells.

Valves may progressively become defective and criti-
cally influence the performance of the heart. These defects
are collectively named valve diseases. As the properties of
normal and diseased valves are not sufficiently under-
stood, no drugs are available to treat and cure valve dis-
eases. The only curative solution is to perform open-heart
surgery to replace diseased valves with artificially engi-
neered devices. These valve substitutes are nonliving ma-
terials fashioned in the form of valves that reestablish
initial mechanical functions and restore the functionality
of the heart. However, these devices may eventually fail
because of imperfections in design, composition, or bio-

compatibility. Once a device shows signs of failure, the
patient requires a second open-heart surgery for replace-
ment of the defective device. Reoperations are generally
risky and pose additional problems for children who nat-
urally outgrow their implants.

Thus, the long-term goal of biomedical engineering is to
find better methods for treating valvular diseases and
thus impact lives of millions of patients worldwide. This
daunting effort brings together a multidisciplinary team of
specialists in medicine, biology, engineering, and mechan-
ics. This chapter describes the structure, function, biology,
and pathology of heart valves; information on current re-
placement devices; and the necessary prerequisites for
constructing an ‘‘ideal’’ replacement valve. Ongoing re-
search is aimed at improving existing devices by enhanc-
ing biocompatibility, as well as pioneering work on novel
tissue-engineering approaches, which would facilitate
complete regeneration of valve tissues.

2. NATURAL HEART VALVES ARE SPECIALIZED
CARDIOVASCULAR TISSUES

The mechanical action of the human heart is similar to
that of the two-cylinder engine. Four natural heart valves
maintain the direction of blood flow within the circulatory
system (Fig. 1). The tricuspid and mitral valves (collec-
tively called the atrioventricular valves) open to allow
blood to fill the ventricular cavities. These two ‘‘admission’’
(inflow) valves are connected to the subjacent heart mus-
cle via fibrous extensions (chordae tendinae). When the
inflow valves are closed, blood is forced to flow through the
aortic and pulmonary valves (collectively called the semi-
lunar valves). These two ‘‘ejection’’ (outflow) valves open
in response to blood flow and immediately close after ejec-
tion. Although not initially apparent, a structural and
functional correlation between the heart muscle and the
valves exists (Fig. 1). A 3-D network of extra cellular ma-
trix (mainly collagen fibers), formally known as the ‘‘car-
diac skeleton,’’ maintains the spatial structure and
function of the heart muscle. This cardiac skeleton in-
cludes large structures (macro-skeleton), such as the
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Figure 1. Functional anatomy of the heart
valves. Longitudinal section diagram depicting
venous blood (dark blue arrows) collecting in the
right ventricle via the tricuspid valve (Tri) and
sent through the pulmonary valve (P) to the
lungs. Oxygenated blood (red arrows) returns to
the left ventricle via the mitral valve (Mi) and is
directed to the organs via the aortic valve (Ao).
Insert at left shows a cross section through the
heart at the level of the four heart valves.
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heart valves, the chordae tendinae, and the septum, and a
fibrous ‘‘micro-skeleton’’ of connective tissue, which com-
prises the entire collagenous network that encloses heart
muscle fibers. Besides providing structural support for the
cells, the cardiac skeleton allows a mechanical ‘‘coupling’’
function [i.e., the concomitant contraction of all muscle fi-
bers during ventricular contraction (systole)] (1).

The heart valves are structurally composed of thin
sheets of tissue (cusps or leaflets), which represent ana-
tomical extensions of the cardiac endocardium (Fig. 2).
These cusps are strengthened with a hydrophobic, col-
lagenous, load-bearing tissue layer (fibrosa) that main-
tains continuity with the fibrous ring into which it is
inserted (2). Elastic fibers that provide resilience and re-
coil are predominantly present in the inflow layers of the
heart (e.g., the ventricularis of the semilunar valves) (3).
Between these two layers is a loose connective tissue com-
prised predominantly of hydrophilic, shock-absorbing
glycosaminoglycans (spongiosa) (4). This gel-like matrix
acts as a space-filler and a lubricant to permit continuous
bending, rearranging, straightening, and rotating of struc-
tural fibers with minimal friction (5).

In addition to these explicit biochemical and 3D con-
structs, specific cells exhibiting metabolic and contractile

properties are also found in each heart valve, which in-
clude matrix-producing cells known as fibroblasts, active
valvular interstitial cells known as myofibroblasts, and
endothelium and resident macrophages (Fig. 3). Valvular
cells exhibit high metabolic activities related to matrix
homeostasis (synthesis and degradation of collagen and
proteoglycans) as well as reactivity toward vasoactive
compounds such as epinephrine and angiotensins. There-
fore, this multivariate cell design clearly indicates that
specific cellular activities characterize the form and func-
tion of each valve, which permits continuous adaptation to
subtle hemodynamic modifications (6). In conclusion,
heart valves are unique, specialized components of the
cardiac connective tissue network that rely on delicately
balanced homeostatic activities for their mechanical and
biological functions.

3. HEART VALVE DISEASES ARE ‘‘CURED’’ BY SURGICAL
REPLACEMENT

Valvular pathology is an important aspect of cardiovascu-
lar diseases. Mechanically speaking, valve dysfunction
can be expressed as either imperfect closure (insufficiency)
or incomplete opening (stenosis). In the majority of patho-
logical cases, valvular tissue appears either excessively
deformed (floppy) or very thick and rigid, characterized by
leaflet calcification (Fig. 4). The importance of the struc-
tural/functional connection of the heart muscle and the
valves is clearly demonstrated by known pathologic situ-
ations. For example, in aortic stenosis, the heart muscle
attempts to compensate for deficiencies in blood flow by
growing in mass (hypertrophy). Consequently, regression
of myocardial mass after valve replacement is one of the
major clinical indicators of effective treatment of valvular
pathology (7).

Valvular diseases associate with cell activation and al-
terations in metabolism of collagen and proteoglycans.
These structural changes induce functional modifications
that eventually lead to malfunction. The causes of valvu-
lar diseases are typically associated with congenital de-
fects, atherosclerosis, infections, or postrheumatic
episodes (6). However, the mechanisms of onset and pro-
gression of valvular diseases are largely unknown, specif-
ically because of the lack of adequate experimental
models.

Heart valve diseases progress rapidly and may become
fatal. As the majority of heart valve disease is irreversible,
its progression cannot be prevented by pharmacological
treatments. Moreover, damaged heart valves lack the abil-
ity to spontaneously regenerate (8). The only treatment
option presently available is open-heart surgery, in which
the diseased valve is removed and replaced with an arti-
ficial device. Although effective, this procedure is quite
traumatic for the patient. For a fortunate few, however,
small areas of the valve can be reconstructed or repaired
using biomaterials, obviating the need for major surgery
to install new artificial heart valves. Pathological heart
valves exhibit significantly altered mechanical and biolog-
ical properties that eventually require surgical replace-
ment with artificial devices. For an excellent update on
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heart valve pathology, please refer to the work of F. J.
Schoen (6).

4. ARTIFICIAL HEART VALVES ARE EXCELLENT MECHANO-
MIMETIC DEVICES

Heart valve replacement, pioneered in the early 1970s, is
now a routine surgical procedure that employs devices
made of nonliving, nonresorbable biomaterials for substi-

tution of the valvular mechanical functions (9). Replace-
ment of heart valves offers an excellent improvement in
the quality of life for thousands of patients and can be
considered one of the major accomplishments of biomed-
ical engineering. It is estimated that more than 275,000
replacement heart valves are implanted annually world-
wide; thus the social and economic impact of heart valves
research and development is considerable (10).
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Figure 3. Cell types and distribution in heart
valves. Representative schematic depicting a sim-
plified cross section through an atrioventricular
valve (top) and a semilunar valve (bottom); direc-
tion of blood flow is shown by arrow. Myocytes and
smooth muscle cells populate the base of the valve
indicating a ‘‘transition area’’ from a muscular
structure to a specialized fibrous connective tis-
sue. Fibroblasts and interstitial cells mainly pop-
ulate the load-bearing valve structures; valves are
fully covered by a continuous layer of endothelial
cells.
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Figure 4. Pathology of human mitral valves
(viewed from the atrial side). Photo depicting
(a) an apparently normal valve, with some signs
of leaflet thickening (o); (b) stenotic valve with
signs of thickening (o); and extensive calcium
deposits (m) in both (c) and (d) with signs of
chordae thickening.
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Engineered devices, or mechanical valves, are used to
replace diseased human heart valves in approximately
50% of the cases. Valves made of processed biological tis-
sues are used in an additional 45% of cases. Pulmonary
autograft valves (whereby the patient’s own pulmonary
valve is transplanted into the aortic position) and human
cryopreserved allograft valves represent the remainder of
implanted valves. Autografts and allografts exhibit excel-
lent durability after implantation, but are not readily
available for all patients (11).

Mechanical heart valves are constructed from rigid
supporting materials and mobile components whose de-
signs range from that of a ‘‘caged ball’’ device to designs
encompassing free-moving tilting discs or flaps with re-
stricted movement (Fig. 5). The components ensuring
proper opening and closing of valvular orifices are made
of inert, biocompatible materials such as pyrolitic carbon,
polyester (Dacron)-covered polymers, or metals (12). Blood
pressure differences within the chambers of the heart en-
able these mechanical valves to properly function. For ex-
ample, for a caged ball valve inserted in the aortic

position, contraction of the left ventricle will create suffi-
cient blood pressure to thrust the ball toward the opposite
end of the cage, thus allowing blood to flow around the
ball. Immediately after systole (ventricular contraction),
the ventricular pressure decreases and the ball is pushed
toward the circular valve base, closing the orifice com-
pletely. However, imperfect blood flow through some of
these devices can create nonphysiological patterns that
may induce the formation of blood clots. Furthermore, the
surfaces exposed directly to blood flow are not entirely
antithrombogenic. For these reasons, in order to avoid
complications caused by thrombus formation, patients
with mechanical heart valves are required to take antico-
agulation medications for the rest of their lives (13). As
such, because patients may have possible episodic internal
bleeding, mechanical valves are of limited use for preg-
nant women or women considering pregnancy and pa-
tients with coagulation diseases.

Biological heart valves (bioprostheses) are made of
porcine aortic valves or bovine pericardial sheets that
are mounted on adequate supports (stents) to mimic the

(a)

(d) (e) (f)

(b)

(c)

Figure 5. Artificial heart valves. Photo showing mechanical valves including devices that employ
a caged ball (a) or two hinged leaflets (b) for functioning. Tissue valves are either made from bovine
pericardium (c), porcine heart valves mounted on stents (d), or left unmounted (e and f). Valves in
(a), (c)–(e) are shown in closed position, and valve (b) in a partially open position. Images (a), (c),
and (f) were provided courtesy of Edwards Lifesciences, Inc. Models depicted are: Starr-Edwardss
Ball Valves (a), Carpentier-Edwardss PERIMOUNT Magnas Pericardial Bioprosthesis (c), and
Edwards Prima Pluss Stentless Bioprosthesis (f). Copyright Edwards Lifesciences, Inc. 2005. All
rights reserved. Images (b), (d), and (e) were provided courtesy of St. Jude Medical, Inc. Models
depicted are: St Jude Medicals Regent Valve (b), Biocor Aortic (d), and Toronto SPV (e). Copyright
St. Jude Medical, Inc. 2005. All rights reserved.
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valvular architecture, or they are left unmounted (stent-
less) (Fig. 5) (14). To understand how these devices are
created, a typical procedure for creating a pericardium-
derived heart valve is shown in Fig. 6. Bovine pericardium
(the external fibrous sac that encloses the heart) is col-
lected at the slaughterhouse, chemically stabilized, cut
into three leaflets, and mounted on a three-legged (stent-
ed) ring using surgical sutures. The final product is
adapted with a circular ring at the base that allows the
surgeon to secure the device to the human fibrous ring.
Similar to natural valves, the function of bioprostheses is
pressure-driven. When the blood pressure below the valve
is greater than the pressure above, the leaflets are forced
toward the outside, thus reversing curvature and causing
the valve to open. When the blood pressure above the
valve is greater than the pressure below, the valve closes
by pushing the leaflets toward the center. As the total
surface of the leaflets exceeds that of the orifice, the leaf-
lets overlap in the center (coaptation) and allow for com-
plete closure of the orifice, without backflow
(regurgitation).

Cross-species implantation of animal tissues is clearly
prone to severe immune rejection and rapid tissue degen-
eration. For this reason, bovine or porcine tissues are
treated with glutaraldehyde, a water-soluble cross-linker,
which almost completely reduces tissue antigenicity (15).
In addition, glutaraldehyde devitalizes tissues and kills
all resident cells, prevents degradation by host enzymes,

and sterilizes the tissue for implantation. Interestingly,
the use of glutaraldehyde was inspired from its use in mi-
croscopy (as a fixative) and as a hospital sterilant (in the
form of Cidex, a commonly used bactericidal liquid steril-
ization medium for heat-sensitive materials) (16). Tissue-
derived heart valves are less thrombogenic than their me-
chanical counterparts and do not require long-term anti-
coagulation. For an excellent overview of different models
and properties of heart valves, please refer to the work of
J. Butany et al. (14).

Overall, mechanical and tissue-derived heart valves
perform exceptionally well as devices intended to open
and close valvular orifices, and thus could be considered as
admirable mechano-mimetic replacements.

5. ARTIFICIAL HEART VALVES HAVE A LIMITED
BIOLOGICAL DURABILITY

Artificial heart valves function quite effectively for many
years after implantation, but their long-term durability is
quite limited. Clinical follow-ups indicate that more than
50% of patients with artificial valve implants develop com-
plications within 10 years (6). This disturbing trend sug-
gests that the majority of implanted valves would have to
be explanted after 20 years. From the perspective of the
valvular patients, a second open-heart surgery to retrieve
and replace the defective device is prone to high clinical
risks, and therefore undesirable. The lack of long-term

(a) (b) (c)

(d)

(e) (f)

Figure 6. Artificial heart valve from bovine pericardium.
Diagram showing the steps involved in creating a heart
valve device. Bovine pericardium is collected (a) then cross-
linked in glutaraldehyde (b), fashioned into three leaflets
(c), mounted on a stent (d), and fitted with a sewing ring.
While opening, blood flow (arrow) pushes leaflets toward
the outside (e) and creates an almost circular orifice (in-
sert). Upon closure, leaflets are pushed toward the center of
the valve (f) and complete closure is ensured by central
coaptation of leaflets (insert).
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valve durability is especially important in the case of pe-
diatric patients, where supplemental surgical procedures
are required to accommodate the natural growth of the
patients. The choice between bioprosthetic and mechani-
cal valves depends on specific patient characteristics. Me-
chanical valves are more durable but require life-long
anticoagulant therapy, whereas bioprostheses tend to de-
teriorate more rapidly because of degenerative processes
but do not require anticoagulation therapy. In general,
tissue valves are implanted in elderly patients (60–65
years or older), which have a lower tendency to calcify tis-
sue implants and a mean life expectancy of 10 to 15 years
(17). Conversely, more mechanical valves are implanted in
younger patients and children.

Analysis of explanted valves revealed that the principal
causes of device failure are thrombosis, degeneration, and
lack of full integration into host tissue, perivalvular leaks,
host tissue overgrowth, and susceptibility to infections.
Complications related to thrombogenicity are the major
problems of mechanical valves, whereas tissue-derived
valves are mainly affected by the degeneration and calci-
fication of the tissue components (18). For example, ex-
planted pericardial valves reveal tissue abrasion and
erosion, tearing and perforations, deformations and loss
of bending stiffness, along with deposition of calcium min-
erals (Fig. 7).

Tissue degeneration in artificial heart valves occurs as
a result of the interplay between host-related factors and
implant-related factors. As a response to the implant, the
host selects one or more defense mechanisms that corre-
spond to the degree of activation induced by the implant.
Implantation of tissue heart valves induces a chronic for-
eign-body response, a low degree of immune reaction, ac-
tivation of the coagulation cascade, and inflammatory
response. These reactions are translated into deposition
of fibrin immunoglobulins and complement infiltration of
activated macrophages and lymphocytes and growth of
host fibrous tissue over nonmoving parts of the implant
(18).

The main pathways of bioprosthetic heart valve failure
are structural damage and calcification of the tissue com-
ponent. Analysis of explanted (failed) bioprosthetic heart
valves typically reveals the coexistence of structural dam-
age and calcification. Structural damage may be pure
(noncalcific), stress-induced disruption of fiber architec-
ture (19), or mediated by enzymatic degradation (20). Me-

chanical deformation was shown to accelerate calcification
and, conversely, calcific deposits significantly alter me-
chanical properties (21). These processes may be syner-
gistic, but convincing evidence also exists that each may
occur independently. Many improvements in design and
geometry of the leaflets have reduced, but not fully elim-
inated, the incidence of mechanical damage. For an excel-
lent overview of heart valve design issues, please refer to
the work of I. Vesely (22).

Calcium deposition in tissue-derived artificial heart
valves is one of the major causes of their clinical failure.
For this reason, noteworthy efforts have been made to
elucidate the mechanisms of valve calcification and to im-
plement treatments that would prevent this unwarranted
side effect (23). Calcification typically appears as granular,
fibrillar, or lamellar deposits, which greatly reduce tissue
mechanical properties and can effectively contribute to
erosion, abrasions, tearing, and perforations. The major
factors involved in calcification are young age, hype-
rcholesterolemia, and flexural stress, implant composi-
tion, and chemical pretreatments of the biological
tissues. Calcification may occur through passive mecha-
nisms (direct deposition of calcium and phosphate) but
host cells, via remodeling mechanisms involving protease-
mediated degeneration of matrix components and deposi-
tion of bone proteins, can mediate it (24). Mechanisms un-
derlying calcification of tissue-derived artificial heart
valves in patients are still not fully understood, although
tissue composition and the use of glutaraldehyde appear
to be two essential factors. In most cases analyzed thus
far, the mineral phase is composed of bone-like hydrox-
yapatite associated with collagen, elastin, and chemically
devitalized cells. Ongoing research focuses on prevention
of calcification in tissue-derived artificial heart valves by
attempts to remove or extract cells, by structural modifi-
cation of collagen and elastin, and by stabilization or ad-
dition of natural calcification inhibitors (25,26).

Glutaraldehyde induces adequate preservation of col-
lagenous structures, but also triggers severe cell altera-
tions, which result in the formation of cell debris that
resemble matrix vesicles formed by bone cells. For this
reason, treatments are under study to extract all cellular
components before implantation (23). Residual loosely
bound or unreacted aldehyde groups may also be involved
in tissue calcification. Neutralization of free aldehyde
groups with compounds that possess reactive amines
such as glutamine, glycine, homocysteic acid, and lysine
has been shown to reduce calcification in animal models.
In addition to simple aldehyde neutralization, amino-oleic
acid, a treatment recently implemented in clinical use,
may also hinder calcification by mechanisms related to
reduction of calcium diffusion through tissues (27). Addi-
tionally, amino-biphosphonates (28) may also act as crys-
tal growth inhibitors to hinder calcification. A different
approach involving the use of stabilization chemistries,
which do not employ glutaraldehyde, is also under inves-
tigation. These chemistries include carbodiimides, dye-
mediated photo fixation, and epoxy-based crosslinkers
(29). Tissues cross-linked with nonglutaraldehyde agents
do not calcify in experimental models to the same extent
as glutaraldehyde-fixed tissues, thus directly linking the

1 5
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Figure 7. Pathology of tissue heart valves. Diagram showing
typical aspects observed in explanted devices, including (1) tissue
ruptures, (2) abrasions, (3) thickening of the tissue, (4) calcifica-
tion, and (5) host tissue overgrowth.
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presence of glutaraldehyde as one direct cause of tissue
calcification. Extensive research on alternative cross-link-
ing methods is currently being pursued, but none have yet
reached clinical use.

These results indicate that mechanical and biological
factors contribute significantly to failure of artificial heart
valves. Although they perform well mechanically, artificial
heart valves do not possess sufficient biological assets to
fulfill the requirements of true biomimetic devices. Their
lack of biologic properties may account for their limited
durability after implantation. As artificial heart valves
lack live cells, they are deficient in their ability to main-
tain and adapt the valvular matrix composition or to
maintain an adequate calcium homeostasis. In the ab-
sence of live cells, degenerative processes induced by me-
chanical fatigue, proteolytic enzymes, and calcium
deposition slowly erode the structural components and
lead to progressive valve deterioration. In addition, the
lack of an intact layer of endothelial cells may allow free
influx of blood components and could also contribute to
device-related thrombogenicity. Finally, the majority of
current artificial heart valves, except newer stentless
valves, do not maintain their cardiac skeleton-valve con-
tinuity and thus may progressively impair heart function.

In conclusion, pathological artificial valves exhibit al-
tered mechanical properties, similar to human patholog-
ical valves. However, exciting research is currently
ongoing to improve these devices and increase their bio-
logical durability. It is expected that efforts targeted to-
ward understanding the pathology of artificial heart
valves will facilitate greater insights into human valvu-
lar pathology.

6. THE ‘‘IDEAL’’ ARTIFICIAL HEART VALVE

One of the greatest biomedical engineering challenges to-
day is to develop an implantable device that resists the
natural conditions to which heart valves are subjected,
without eliciting host reactions that would impair their
function. This research field is very exciting and poses
abundant questions whose answers will positively impact
the lives millions of patients. Specifically, these natural
conditions affecting the lifespan of an artificial heart valve
include their durability to 40 million beats per year for
about 80 years (summing up to about 3.2 billion cycles in a
lifetime) under a cyclical pressure of about 200 g/cm2 in a
very aggressive, corrosive fluid of high viscosity. Other re-
search endeavors include testing valves within elevated
concentrations of calcium and phosphate, proteins, lipids,
enzymes, and cells, in the presence of potentially destruc-
tive defense mechanisms such as the immune system, co-
agulation cascade, inflammation, encapsulation, and
calcification (30). This ongoing research has initially con-
cluded that the ideal artificial heart valve should fulfill the
following specific clinical, mechanical, and biological pre-
requisites. These prerequisites include, but are not limited
to:

1. Full valve closure and release, and an internal ori-
fice area close to the natural valve;

2. Limited resistance to blood flow while moving, and
laminar flow through valve;

3. Mechanically durable, resistant to wear, maintain
properties throughout lifetime;

4. Perfect integration into host tissue with minimal
healing responses;

5. Chemically stable, nonleachable, noncytotoxic com-
ponents;

6. Nonhemolytic, nonthrombogenic, substrate not sup-
portive of infections;

7. Nonimmunogenic, noninflammatory, noncalcifying;

8. Long-term shelf life without changes in properties
and sterility;

9. Continuity with the cardiac skeleton;

10. Ease of implantation, preferably using minimally
invasive surgery;

11. Available in all sizes and reasonably priced.

To assess these properties, artificial heart valves are
rigorously tested in vitro and in vivo, before being ap-
proved for human use. In vitro testing includes analysis of
flow patterns by computer modeling and evaluation of
hydrodynamic functions using ventricle simulators (31).
In addition, valve components are routinely tested for me-
chanical properties such as elasticity, tensile strength,
and wear resistance. For long-term durability evaluation,
valves are subjected to fatigue testing at accelerated rates
(up to 20 times faster that normal heart rate) (32). In vivo
tests include subdermal implantation of tissue valve com-
ponents for calcification studies (33) and valve replace-
ment in sheep (34).

Currently, no artificial heart valve device, either me-
chanical or tissue-derived, fulfills all those previously de-
scribed prerequisites. No material produced by the human
imagination or through cutting-edge technology available
can fully reproduce the complexity of the natural heart
valve. However, the possibilities for creating such a nat-
urally complex construct are endless if biomaterials or ap-
proaches can be developed that, instead of waging war
with biology, will promote perfect integration within local
and systemic physiologic systems. One such promising av-
enue is the regenerative medicine/tissue engineering ap-
proach.

7. REGENERATIVE MEDICINE APPROACHES TO HEART
VALVE REPLACEMENT

The field of regenerative medicine is based on the innova-
tive and visionary principle of using the patient’s own cells
and extracellular matrix components to restore or replace
tissues and organs that have failed. This regenerative ap-
proach is a derivative of reconstructive surgery, where
surgeons use the patient’s tissues to rebuild injured or
aging body parts. Modern approaches to heart valve re-
generative medicine include several research methodolo-
gies, collectively known as tissue engineering. The most
intensely researched approaches are (1) the use of dec-
ellularized tissues as scaffolds for in situ regeneration, (2)
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construction of tissue equivalents in the laboratory before
implantation, and (3) use of scaffolds preseeded with stem
cells.

A widespread approach is to use native (uncrosslinked)
decellularized valves obtained from processed human or
animal tissues. Once implanted, decellularized tissues are
expected to provide proper environment and sufficient
stimuli for host cells to infiltrate, remodel, and eventually
regenerate the valvular tissue. As antigenic determinants
are mainly concentrated on the surface of cells, removal of
the original cells (decellularization) is necessary for avoid-
ing complications related to immune rejection, which can
be satisfactorily attained using combinations of detergents
and enzymes, leaving behind 3-D scaffolds comprising ap-
parently intact matrix molecules. Experimental data ob-
tained with decellularized porcine valves yielded
spectacular results (35). In vitro hydrodynamic perfor-
mance was excellent, and valves performed well after im-
plantation in sheep for 5 months as replacement of
pulmonary valves. Explanted valves showed good repop-
ulation of porcine scaffolds with fibroblast-like cells as well
as an almost complete re-endothelialization of valve sur-
faces. These encouraging studies prompted several small-
scale studies in humans using a commercially available
decellularized porcine heart valve. However, despite the
initial enthusiasm, the results of a small study in children
were catastrophic.

In a breakthrough and intrepid study, a group of car-
diac surgeons from Austria reported that three out of four
children implanted with decellularized porcine heart
valves had died within 1 year after implantation because
of tissue rupture, degeneration, and calcification of the
implant (36). Analysis of explanted decellularized porcine
heart valves revealed lack of cell repopulation or endothe-
lialization. The collagen matrix induced a severe inflam-
matory response and encapsulation of the graft and also
served as a substrate for development of numerous calci-
fication sites. The same group of researchers also recently
identified the presence of the porcine cell-specific
disaccharide galactose-alpha-1-3-galactose (alpha-Gal epi-
tope) in decellularized porcine heart valves as the possible
source of immunogenicity (37). Similarly, decellularized
blood vessels also elicited inflammatory responses (38)
and failed to maintain patency (39). Evidently, more ba-
sic studies are required for further development of these
products as well as to reevaluate the relevance of animal
models. Several academic groups, as well as a group of
medical device companies, continue to pursue research
and development of decellularized cardiovascular tissues
(40–42).

A second approach involves construction of tissue
equivalents in the laboratory prior to implantation, with
the expectation that assembling the tissue-engineered val-
vular constructs from appropriate cells, and synthetic or
natural matrix components, would create mechanically
competent, nonthrombogenic, living tissues capable of ad-
aptation and growth. Compared with decellularized tis-
sues, this approach provides better control of the device
properties before implantation. However, because of the
enormity of this task, and because of possible early clinical
failures of decellularized tissues, researchers in the field of

heart valve tissue regeneration have taken a cautious,
stepwise approach.

The in vitro assembly of heart valve tissue from its in-
dividual components was pioneered by I. Vesely et al.
(43,44). In this ingenious approach, a chemically cross-
linked nonbiodegradable glycosaminoglycan gel was
seeded with vascular cells and cultured in vitro, which
resulted in the formation of a thin sheet of elastin at the
interface between cells and the glycosaminoglycan gel.
The collagen structural component was created by fibro-
blast-mediated compaction of soluble collagen, with the
expectation that in vitro assembly of these building blocks
would, at some point, create a valve-like structure. For
more details, please refer to the chapter on Tissue Engi-
neering of Heart Valves in this Encyclopedia.

In an exemplary collaborative effort, clinicians, basic
scientists, polymer chemists, and biomedical engineers fo-
cused on creating functional tissue-engineered heart
valves in vitro using biodegradable scaffolds (45). These
efforts included scaffold design and characterization, opti-
mization of cell sources, finding adequate mechanisms for
cell delivery, and optimizing in vitro culture of the seeded
scaffolds, culminating with the surgical replacement of
heart valves in sheep. Awide variety of scaffolding models
created from biodegradable polymers have been tested for
heart valve tissue engineering, including polyglycolic acid,
polylactic acid, polycaprolactone, and biodegradable el-
astomers, which are manufactured into nonwoven textiles
in shapes and conformations that mimic the natural ar-
chitecture of the heart valve. These scaffolds are then
seeded with cells that can be obtained from (1) fully dif-
ferentiated cells such as myofibroblasts and endothelial
cells derived from systemic arteries, or (2) pluripotent
stem cells derived from adipose tissue, bone marrow, or
peripheral blood (46). As mature cells have a limited life-
span, an attractive cell source was stem cells for heart
valve tissue engineering. Recently, in a landmark exper-
iment, mesenchymal stem cells obtained from ovine bone
marrow were seeded onto biodegradable scaffolds and the
constructs were cultured in vitro before implantation as a
valve in the pulmonary position of sheep (47) for up to 8
months. Tissue-engineered valves performed well hemo-
dynamically, with signs of slow degradation of the scaf-
folds, and concomitant deposition of new extracellular
matrix. Moreover, cell types resembled those present in
natural heart valves. Overall, these exciting results hold
great promise for truly effective regenerative approaches
to treatment of heart valve disease.

8. FUTURE AND PERSPECTIVES

By virtue of its clinical applications, biomedical engineer-
ing has matured into an interdisciplinary medical spe-
cialty, which necessitates intertwining expertise from
numerous fields, including surgery, pathology, cell and
molecular biology, matrix biochemistry, engineering, and
mechanics. In anticipation of major scientific break-
throughs in this field, surgeons will continue to treat
these diseases by first reestablishing the mechanical func-
tions of the heart using artificial valves. The yellow brick
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road leading to effective treatments of valvular disease
continues to present multiple challenges. Three extremely
exciting lines of investigation are:

A. Finding causes and developing nonsurgical therapy
approaches for valvular disease. To achieve this
goal, more detailed molecular, biochemical, and cel-
lular studies are needed on normal and diseased
human valves as well as development of more clin-
ically relevant animal models for valve diseases.

B. Improvement of current artificial devices. Regard-
ing mechanical valves, it would be a milestone of
success to drastically reduce the incidence of
thrombogenicity caused by valve replacement with
mechanical devices. For tissue valves, more effective
stabilization and anticalcification treatments are
required to reduce the incidence of tissue degener-
ation and extend device durability. More studies on
implant-host tissue interactions are needed to de-
velop innovative materials that elicit minimal heal-
ing responses that are caused by surgically invasive
and inherently traumatic valve replacement tech-
niques. Finally, a need to develop minimally inva-
sive implantation approaches that would reduce the
need for open-heart surgery for valve replacement
exists.

C. Regenerative medicine approaches. Heart valve tis-
sue engineering is only in the nascent stage of re-
search. Therefore, to succeed, it is imperative that
we fully understand the structural-functional prop-
erties of normal heart valves and to determine how
the valvular cells remodel the tissue. As stem cell
research offers a marvelous potential for effective
regeneration of heart valve tissue by differentiation
into the ‘‘proper’’ cells, insights into embryological
development are also essential (8).

9. CONCLUSIONS

Heart valves are connective tissues that maintain their
remarkable mechanical and biological functions under
austere biomechanical and biochemical conditions within
the human body. As heart valve injuries lead to diseases
that cause progressive valve degeneration, open-heart
surgery to replace diseased tissue with an engineered de-
vice is, at present, the only curative method for correcting
these altered mechanical and biological properties. Me-
chanical and tissue-derived artificial heart valves success-
fully reestablish mechanical functions but do not
replenish the biological requisites for long-term durabil-
ity and eventually fail. Remarkable research efforts are
underway to develop better devices as well as to open new
and exciting avenues for tissue engineering approaches,
which could potentially facilitate a complete regeneration
of valve tissues.
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1. BACKGROUND

1.1. Function of Healthy Kidneys

The urinary system consists of two kidneys, which filter
blood and deliver the produced urine into the two ureters.
From the ureters, the urine is passed to the urinary
bladder, which is drained, via the urethra during urina-
tion. The kidneys are bean-shaped organs of about 11 cm
long, 4 to 5 cm wide, and 2 to 3 cm thick and lie bilaterally
in the retroperitoneum in the abdominal cavity. The
smallest functional unit of the kidney is the uriniferous
tubule, each containing a nephron and a collecting tubule.
Approximately 1 to 1.3 million nephrons exist in each
kidney. One nephron is composed subsequently of a vas-
cular part (glomerulus), a drainage part (Bowman’s cap-
sule), a proximal tubule, Henle’s loop, and a distal tubule
(Fig. 1). Several nephrons are drained by one collecting
tubule, which enlarges downstream until it becomes a
duct of Bellini and perforates the renal papilla (1).

The major function of the kidneys is removing toxic
byproducts of the metabolism and other molecules smaller
than 69000Da (i.e., smaller than albumin) by filtration of
the blood flowing through the glomerulus. They also
regulate body fluid composition and volume. Specifically,
resorption of salts (Naþ , Kþ , Cl� ), glucose, creatine,
proteins, and water takes place in the tubular parts. As
a result of these eliminating and conserving functions, the
kidneys also contribute to the regulation of the blood
pressure, hemodynamics, and the acid-base balance of
the body. Additionally, kidneys have an endocrine func-
tion: They produce the hormones renin, erythropoietin,
and prostaglandines1 and help in converting Vitamin D to
dihydroxycholecalciferol, a substance that controls cal-
cium transport (1).

1.2. The Uremic Syndrome

Renal insufficiency can be subdivided into three categories
according to the duration that the kidneys lose their
ability to purify the blood: acute (hours to days) (2),
subacute (months), and chronic (years) renal failure. In
contrast with the subacute and chronic form, acute renal
failure is often reversible. The uremic syndrome is the
result of the retention of compounds, normally cleared by
healthy kidneys, and of a disorder in the hormonal and
enzymatic homeostasis (3). As renal failure progresses,
glomerular filtration rate as well as the amount of func-
tional nephrons decreases. The main causes of end-stage
renal disease are diabetes and hypertension, whereas the
most important symptoms are found in the cardiovascular

(4–6), neurological (7,8), hematological (9,10), and immu-
nological (11–13) status.

1.3. Renal Replacement Therapies

The diagnosis of chronic renal failure is based on the
indication of a decreased renal function or a disorder in
urine sedimentation. In daily practice, creatinine2 clear-
ance (95720ml/min for women and 120725ml/min for
men) (14) is used as a measure of the glomerular ultra-
filtration rate and quantifies the remaining renal func-
tion. Ureum3 clearance is, in contrast with the creatinine
clearance, strongly dependent on the protein intake, the
catabolic state of the patient, and the urine flow rate.
Nevertheless, the increase of serum ureum is a useful
additional marker of chronic renal failure.

As renal replacement therapy, three modalities are
available: kidney transplantation from cadaver or living
donors, peritoneal dialysis, and hemodialysis.

1.3.1. Transplantation. The introduction of the end-to-
end anastomosis technique (15), the revelation of the
secrets of the HLA (Human Leukocyte Antigen) (16,17),
and the availability of immunosuppressiva (18) opened
the way to successful transplantations. The implantation
of the donor kidney usually occurs in one of the fossae
iliacae4. The venous anastomosis consists of a side-to-end
connection of the vena renalis with the vena iliaca com-
munis/externa. The arteria renalis is anastomosed with
the arteria iliaca interna (end-to-end) or with the arteria
iliaca communis/externa (side-to-end). Last but not least,
the donor ureter must be fixed at the supralateral side of
the bladder roof after performing an antireflux channel at
the bladder wall.

Transplantation has to deal with two main problems:
organ rejection and donor shortage. Possible rejections of
transplanted organs can be subdivided into two groups:
hyperacute rejections, which are serological processes
based on preformed antibodies, and the rejections caused
by cellular reactions between T-lymphocytes and HLA.
The latter can be acute or chronic.

Potential living kidney donors must have a bilateral
renal function, tissue histocompatibility, and may not
have any systemic disease. Kidneys from brain death
donors can only be used if the donor did not have vascular
diseases, diabetes, or malignancies. Furthermore, because
of different selection criteria, age and cardiac situation,
and health economic reasons, only a small percentage of
patients get on the waiting list. And because of the short-
age of kidney donors, only a small percentage of patients
on the waiting list are actually transplanted (25% for West
Europe).

In spite of those drawbacks, kidney transplantation can
be called the solution for chronic renal failure with im-
mense advantages for the patient: no limitation concern-
ing water intake, less restricted diet, no suffering from
anemia, normalization of the bone metabolism, and return

1Derivatives of essential fatty acids to maintain homeostasis

2An endproduct of the muscular metabolism
3A product of the amino acid catabolism
4Cavity at the intestinal bone

1
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to a dynamic life with a social and professional reintegra-
tion.

1.3.2. Peritoneal Dialysis. With peritoneal dialysis (19),
a mostly hypertonic glucose dialysis fluid (20) is injected in
the peritoneal cavity by means of a permanent peritoneal
catheter (21–25). The peritoneal cavity is an intra-abdom-
inal space that is surrounded by a serous membrane called
the peritoneum (1–1.5m2). It is a semipermeable mem-
brane that contains mesothelial cells on an interstitium
that consists of connective tissue with capillaries and
lymphatic vessels. In between the mesothelial cells, inter-
cellular gaps (range 5nm) are responsible for the major
solute transport between the dialysis fluid and the blood
in the capillaries (14). Ultrafiltration is mainly achieved
by the osmotic effect of the glucose, poly-glucose, or other
osmotic agents in the dialysate, and takes place through
the very small pores (range 0.5 nm), also called aquaporins
(26). Solute clearance and ultrafiltration are mainly de-
termined by the permeability of the peritoneal membrane.
This characteristic is patient-dependent and can be calcu-
lated by the peritoneum equilibration test (PET) (27).

After a dwell time of 2–14 hours, the peritoneal cavity is
drained and filled again by means of a cycling machine or
manually by gravimetrical flow. In order to assist the
patient with the fluid exchanges, different user-friendly
and automated machines are available as well as devices
to assure right, safe, and sterile connections with the bags
or the machine (e.g., UV FlashTM—Baxter, Chicago, IL;
stay.safes—Fresenius Medical Care, Germany).

Peritoneal dialysis can be performed continuously
[CAPD ¼ Continuous Ambulatory Peritoneal Dialysis
(28), CCPD ¼ Continuous Cyclic Peritoneal Dialysis
(29,30)], or intermittently (DAPD ¼ Daytime Ambulatory
Peritoneal Dialysis, IPD ¼ Intermittent Peritoneal Dia-
lysis (31), NIPD ¼ Nightly Intermittent Peritoneal Dia-
lysis).

1.3.3. Hemodialysis. Hemodialysis is a blood purifying
therapy in which the blood of a patient is circulated
through an artificial kidney, also called hemodialyzer.
This process is realized in an extracorporeal circuit (Fig.
2) where one or two needles (or catheters) can be used as
the patient’s vascular access. A general hemodialysis
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Figure 1. The uriniferous tubule, the smallest
functional unit of the kidney.

2 ARTIFICIAL KIDNEY, MODELING OF TRANSPORT PHENOMENA IN



therapy lasts about 9–15 hours a week, mostly spread over
three sessions. It can take place in the hospital, in a low-
care unit, or at home.

Two types of hemodialyzers are in use: plate and hollow
fiber dialyzers (32). In a plate dialyzer, membrane sheets
are packed together and blood and dialysate flow in
subsequent layers. The priming volume is around 30%
larger than in a hollow fiber dialyzer. The latter (Fig. 3)
consists of thousands of small capillaries (inner diameter
in the range of 200 mm and wall thickness of 8–40mm).
Blood flows inside the capillaries whereas dialysate flows
counter-currently around them. Typical blood flow rates
are in the range of 200 to 350ml/min (33), whereas
dialysate flows are preferably twice the blood flow (34).
Besides the advantage of a small blood volume, these
dialyzers suffer from problems like clotting in and clogging
of the capillaries. With respect to the membrane charac-
teristics, distinction can be made between low-, medium-,
and high-flux dialyzers on one hand (ultrafiltration coeffi-
cient lower than 15, between 15 and 40, and higher than
40mL/h/mmHg, respectively), and low- and high-area

dialyzers on the other (membrane surface lower and
higher than 1.5m2, respectively).

Already, from the start of hemodialysis, the challenge
for nephrologists was to obtain an adequate vascular
access. The Quinton–Scribner shunt (35) with the use of
an external access is, today, if used, only used in patients
with acute renal failure and important vascular problems.
More often, catheters are used for acute short phase of
renal failure. The original subcutaneous internal arterio-
venous fistula, described by Brescia and Cimino (36),
between the arteria radialis and the vena cephalica is
still the most successful angioaccess method (37). In the
latter, arterial flow and pressure dilates the vein, facil-
itating repetitive puncture. In case vessel conditions are
inadequate or fail to dilate (10–30% of the patients), bridge
grafts between an artery and a suitable vein are used.
Several types of graft material are used, including auto-
logous veins (38–41), allografts (42), and synthetic grafts
(43,44). As more elderly people with peripheral vascular
disease are recruited on dialysis, the central venous
catheter, which was initially introduced for acute dialysis,
is gaining popularity in long-term dialysis treatment (45–
47).

As hemodialysis implies a repeated and compulsory
contact of blood with foreign materials, biocompatibility
problems are unavoidable. Traditionally, biocompatibility
is defined as the absence of functional or biochemical
reaction during or after the contact of the body, a body
fluid or an organ with an artificial device or a foreign
material (48,49). Dialysis-related biocompatibility pro-
blems are mainly because of the intermittent nature, the
application of high blood flows, and the use of dialysis fluid
and of semipermeable membranes. They can be summar-
ized as problems related to clotting phenomena (50–52),
complement and leukocyte activation (53,54), susceptibil-
ity to bacterial (55) and tuberculosis infection (56), leach-
ing (57), surface alterations (58), allergic reactions (59,60),
shear (61), and inverse transfer of electrolytes (62) or
endotoxins from the dialysate toward the blood (63).

Besides the problems related to the vascular access and
the biocompatibility, patients on chronic hemodialysis
may also suffer from cardiac, hematological, coagulation,
acid-base, pulmonary, infectious, dermatological, neurolo-
gical, nutritional and gastrointestinal, ocular, endocrine,
and sexual problems (64).

2. BIOPHYSICS OF A HEMODIALYZER

In hemodialysis therapy, the dialyzer succeeds in purify-
ing the blood and extracting the excess water caused by
basic transport phenomena, such as diffusion, ultrafiltra-
tion, and osmosis. As transport takes place between the
blood and dialysate compartment over a semipermeable
membrane, fluid characteristics and membrane properties
should also be considered.

2.1. Blood Characteristics

2.1.1. Blood Constitution and Major Functions. An aver-
age adult has a total blood volume of about 5l, which is
approximately 7% of total body weight. Blood is a dark

blood pump

dialyzer

fresh dialysate

waste dialysate

Figure 2. The extracorporeal circuit in hemodialysis.

blood inflow

blood outflow

dialysate inflow

dialysate outflow

fiber bundle

Figure 3. The hollow fiber dialyzer.
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red, viscous, slightly alkaline suspension (pH 7.4) of
cells—erythrocytes (red blood cells), leukocytes (white
blood cells), and thrombocytes (platelets)—suspended in
a fluid (plasma). The volume fraction of cells (45% for
male, 43% for female) is better known as the hematocrit
(14).

The main functions of blood include transportation of
nutrients from the gastrointestinal system to all cells of
the body and, subsequently, delivering waste products of
these cells to organs for elimination. Oxygen (O2) is
carried from the lungs to all cells of the organism by the
hemoglobin in the erythrocytes, whereas carbon dioxide
(CO2) is transported back to the lungs for elimination both
by the hemoglobin and by the plasma. Besides nutrients,
the bloodstream also transports numerous other metabo-
lites, cellular products, and electrolytes. Additionally,
blood has a function of regulating the body temperature
and maintaining the acid-base and osmotic balance of the
body fluids.

Plasma consists of water (90%), proteins (9%) and
inorganic salts, ions, nitrogens, nutrients, and gases
(1%) (14). Several plasma proteins exist with different
origin and function (e.g., albumin (69000Da), a- and b-
globulins (80000-1Eþ 6Da), g-globulins, clotting proteins,
complement proteins (C1 to C9), and plasma lipoproteins).

Erythrocytes (14) are nonnucleated, biconcave-shaped
disks, 7.5mm in diameter and 1–2 mm thick. Their large
surface-volume proportion benefits the exchange of gases.
Erythrocytes are packed with hemoglobin, a large protein
(68000Da) composed of four polypeptide chains, which are
covalently bound to an iron-containing heme. In regions of
high oxygen concentration, the hemoglobin part releases
CO2 while the iron binds to O2. Leukocytes (14) use the
bloodstream as a means for traveling and only fulfill their
function after diapedesis5. Within the bloodstream, leuko-
cytes are round, whereas they are pleomorphic in con-
nective tissue. Their main function is to defend the human
body against foreign substances. They can be classified
into two main groups: granulocytes (60–70% neutrophiles,
4% eosinophiles, and 1% basophiles) and agranulocytes
(20–25% lymphocytes and 3–8% monocytes). Thrombo-
cytes are small (2–4 mm in diameter), disk-shaped, non-
nucleated cell fragments containing several tubules and
granules. They function in limiting hemorrhage of blood
vessel endothelium in case of injury (14).

2.1.2. Blood Rheology. Blood is a nonNewtonian fluid
characterized by a nonlinear relationship between shear
stress t (Pa) and strain rate g¼ @u=@y (1/s) (65):

t¼ m �
@u

@y

� �m

¼ m � gm; ð1Þ

with m the dynamic viscosity (Pa.s), u the velocity in axial
direction (m/s), y the direction perpendicular to the flow
direction (m), and m a coefficient equal to unity for New-

tonian fluids and smaller than 1 for shear thinning fluids
like blood (–).

The shear thinning behavior as well as the dependence
of the blood viscosity m on the hematocrit H and the
plasma viscosity mp, is described among others by Que-
mada (66) (Fig. 4):

m¼
mp

ð1� 1=2k:HÞ2
: ð2Þ

Parameter k is function of the intrinsic viscosities k0(H),
characterizing the red blood cell aggregation at zero shear
stress, kp(H), describing the orientation and deformation
of red blood cells at important shear stress, and the shear
rate g (66). For a fixed hematocrit, viscosity decreases with
increasing shear rate, whereas for a fixed shear rate,
viscosity increases with hematocrit.

Blood flowing through small capillaries exhibits a
redistribution of the red blood cells creating a plasma-
skimming layer that can be observed near the wall while
red blood cells are concentrated in the center. Gaehtgens
(67) described the effect of this nonuniform cell distribu-
tion on the flow by defining an apparent blood viscosity
mapp (Pa.s) for use in the Haegen–Poiseuille equation,
describing laminar flow in a circular tube (65):

Q¼
1

mapp:L
:
p:d4

128
:DP; ð3Þ

with Q the flow rate (m3/s) through a tube with diameter d
(m) and DP the pressure drop over the tube length L (m).

µ (mPa.s) 

H(-) 

0.0 0.2 0.4 0.6 0.8

10

100

0.1 s-1

1000 s-1

Figure 4. Dynamic viscosity as a function of hematocrit, de-
scribed by Quemada (66).5Leaving the blood vessels and entering the surrounding connec-

tive tissue
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The radial variation of the hematocrit was deduced by
Lerche and Oelke (68) using a parameter n that describes
the degree of plasma skimming: nonuniformity of cell
distribution increases with decreasing n (Fig. 5):

HðrÞ¼H0:
�n:ðnþ 1Þ:ðn� 1Þ

2

� �

:
rn

n
�

2:rn�1

n� 1
þ

rn�2

n� 2
�

2

n:ðn� 1Þ:ðn� 2Þ

� �

;

ð4Þ

with H0 the mean hematocrit (� ), r the relative position
in the capillary (� ), and n the dimensionless Lerche
parameter.

2.2. Dialysis Fluid Characteristics

The hemodialysis fluid should be considered as a tempor-
ary extension of the patient’s extracellular fluid because of
the bidirectional transport process when blood and dialy-
sate are flowing through the dialyzer. Therefore, the
composition of dialysis fluid is critical in achieving the
desired blood purification and body fluid and electrolyte
homeostasis. It contains reverse osmosis water, dextrose,
and different electrolytes like calcium-, magnesium-, po-
tassium-, and sodium-chloride and sodium acetate or
sodium bicarbonate. The latter two fulfill the function of
dialysate buffer, responsible for the correction of metabolic
acidosis in the uremic patient. Hydrogen ions (Hþ ) are,
soon after their production, buffered by plasma bicarbo-
nate and can only be removed by the diffusive flux of
alkaline from the dialysate into the blood replacing the
blood buffers (69).

Besides the chemical composition, the physical and
microbiological characteristics are important. As the use
of highly permeable membranes in hemodialysis is re-
sponsible for backfiltration or backdiffusion6, toxic and
pyrogenic substances can move from the dialysate toward
the blood, resulting in febrile reactions (63).

Today, the composition of dialysis fluid is prescribed for
each single patient to individualize the dialysis therapy
according to the personal needs (70). The actual dialysis
machines guarantee accurate proportioning of treated
water and concentrated salts, continuous monitoring of
the final composition, and a constant maintenance of the
required conductivity values (71).

The hemodialysis system is the endpoint of a hydraulic
circuit where tap water is changed into reverse osmosis
water through water supply, water pretreatment, water
purification (72), and dialysis fluid preparation. The pre-
treatment consists of flowing tap water through filters,
softeners, carbon filters, and microfilters. The subsequent
treatment concerns flow through one or two reverse
osmosis membranes (73) and a deionizer (74), closing the
purification chain with ultrafiltration and submicrofiltra-
tion.

2.3. Membrane Properties

Hemodialysis membranes vary in chemical compositional
structure, transport properties, and biocompatibility.
Polymers can be categorized in three major groups
(75,76): regenerated and modified cellulose membranes,
and synthetic membranes. Regenerated cellulose mem-
branes replaced collodion, the first polymer to be used as
an artificial membrane, and showed a better performance
and mechanical stability. Cuprophan, for example, is a
polysaccharide with the same chemical but with other
physical characteristics than the original cellulose be-
cause of a chemical modification. These membranes are
very hydrophilic and form a hydrogel when absorbing
water. Solute diffusion occurs through highly water-swol-
len amorphous regions.

Examples of synthetically modified cellulose are cellu-
lose (di) (tri) acetate and hemophan. In the first, three
hydroxyl groups are changed by an acetate group making
it more hydrophobic than cellulose. With hemophan, 1% of
the hydrogen (H) in the hydroxyl (OH) groups is changed
by an amino ligand. The majority of cellulose and modified
cellulose membranes have a thickness of 5–11mm and a
surface of 0.8–2.5m2.

Polysulphone (PS), polyamide (PA), and polyacryloni-
trile polyvinylchloride copolymer (PAN-PVC) are mem-
branes prepared from synthetic-engineered
thermoplastics and are hydrophobic, asymmetric, and
anisotropic with solid structures and open void spaces
(76). These membranes are also characterized by a thin
skin layer, determining the hydraulic permeability and
solute retention properties, and a bulk spongy region
providing mechanical strength (Fig. 6). Synthetic materi-
als are usually less activating complement cascade and
are less restrictive to the transport of middle and large
molecules. The AN69 (acrylonitrile) is different from the
other synthetic membranes because of its symmetric
structure. The well-chosen proportion of the hydrophilic
sulphonate groups and the hydrophobic nitrile groups
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Figure 5. The radial variation of the hematocrit over the fiber
radius, described by Lerche and Oelke (68): nonuniformity of cell
distribution increases with decreasing n values. 6Filtration and diffusion from the dialysate compartment toward

the blood compartment
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makes it a membrane with good permeability and biocom-
patible characteristics.

As a result of varying polymer compositions, mem-
branes with the same polymer names may differ in their
hemocompatibility, flux properties, and adsorption char-
acteristics (77,78). Proteins like beta2-microglobulin, fi-
brinogen and coagulation factors, complement proteins, or
hormones like parathormone and erythropoietin are dif-
ferently adsorbed by dialysis membranes, which contri-
butes to the removal characteristics (79).

2.4. Basic Transport Phenomena

Diffusion of uncharged molecules in an isothermal system
refers to the transport driven by a concentration differ-
ence, and described by the law of Adolf Fick (80):

J¼ �DS:A:
DC
Dx

; ð5Þ

with J the net flux (mol/s), DS the solute diffusivity (m2/s)
being a unique property of the solute-solvent at a specific
temperature, A the area of diffusion (m2), and DC/Dx the
concentration difference (mol/m3) over membrane thick-
ness (m).

Ultrafiltration is a mode of convective transport with a
pressure difference as driving force. As solutes are con-
veyed by the fluid, it can be seen as passive transport of
solutes. A general equation for ultrafiltration is given by
Darcy’s law:

Ju¼hm:A:DP; ð6Þ

with Ju the volumetric flux (m3/s), hm the hydraulic
permeability (m/Pa.s), A the area of ultrafiltration (m2),
and DP the pressure difference (Pa).

Osmosis can be described as diffusive transport. The
difference with diffusion, however, is that the dissolved
particles cannot pass the membrane (e.g., proteins). Thus,
water passes the membrane in the opposite direction to
tend to equalize the concentrations. The osmotic pressure
Dp is given by the expression of Van’t Hoff (81):

Dp¼ s:R:T:DC; ð7Þ

with s the reflection coefficient of the membrane (� ), R

the universal gas constant (8.314 J/mol.K), T the absolute
temperature (K), and DC the concentration gradient (mol/
l).

In hemodialysis, diffusion is the major transport phe-
nomenon, while the term hemofiltration is used for the
therapy in which solutes are mainly cleared by convection
(82,83). In the latter, the excess water and vital solute
removal is counterbalanced by adding a dilution fluid at
the dialyzer inlet [predilution (84)], halfway to the blood
trajectory in the dialyzer (e.g., Nephros, NY), or at the
dialyzer outlet [post dilution technique (85)]. In hemodia-
filtration therapy, toxic agents are removed by a combina-
tion of diffusion and convection resulting in a better
clearance of high-molecular-weight (HMW) solutes (MW
4 12000Da) while maintaining the performance for low-
molecular-weight (LMW) solutes (MW o 500Da) (86).

2.5. Mass Transfer in Hemodialyzers

The practical application of the diffusion law (Equation 5),
requires the definition of different coefficients that can
help in either dialyzer design or clinical practice. From
this point of view, the overall mass transfer coefficient K0

(m/s) can be defined transforming Equation 5 into:

J¼ � K0:A:DC: ð8Þ

The reciprocal of K0 can be seen as the resistance to
diffusive transport, R0, which is the sum of blood-side,
membrane, and dialysate-side resistances RB, RM, and RD,
respectively (87). Furthermore, as the mass transfer
coefficient K0 for radial diffusive mass transfer is equal
to DS/Dx (solute diffusivity/traveled distance), the total
resistance R0 can be written as:

R0¼RBþRM þRD¼
DxB
DB
þ

DxM
DM
þ

DxD
DD

: ð9Þ

DB, DM, and DD represent the diffusivities in blood,
membrane, and dialysate. DxB and DxD symbolize a char-
acteristic distance for diffusion in the blood and dialysate
domain, whereas DxM is the membrane thickness.

From Equation 9 it can be observed that dialyzer
efficiency can be best increased by reducing the largest
resistance. The blood and dialysate-side resistances are
mainly covered by the diffusion distance from the main

1 µm 39 µm

Figure 6. Synthetic polysulphone membrane.
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fluid stream to and from the membrane, DxB and DxD. The
membrane resistance, however, depends on membrane
thickness, DxM, as well as on the diffusivity in the mem-
brane, DM, varying with the chemical composition of it.

The diffusive dialysance D (ml/min) is defined as the
change in solute content in the blood inflow per unit of
concentration driving force (88):

D¼
QBi � ðCBi � CBoÞ

CBi � CDi
¼

QDi � ðCDo � CDiÞ

CBi � CDi
; ð10Þ

with QBi the inlet blood flow rate (ml/min) and CBi, CBo,
CDi, and CDo the blood inlet and outlet concentrations, and
the dialysate inlet and outlet concentrations, respectively.
As the dialysate inlet concentration is zero in the case of
hemodialysis, Equation 10 can be simplified to the defini-
tion of the diffusive clearance K (ml/min), a definition that
is analogous to the physiological kidney clearance (89):

K ¼
QBi � ðCBi � CBoÞ

CBi
¼

QDi � ðCDo � CDiÞ

CBi
: ð11Þ

In case ultrafiltration takes place, the clearance K is
increased by the net contribution of ultrafiltration QUF

(ml/min) to the flux:

K 0 ¼
QBi � ðCBi � CBoÞ

CBi
þQUF �

CBo

CBi
¼K þQUF �

CBo

CBi
: ð12Þ

As these relations hold for aqueous solutions, a correction
factor should be added, counting for the heterogeneous
nature of blood. The influence of the hematocrit H (� ),
plasma water, and solute protein binding is considered by
replacing QBi by QE in the conventional formulas (90):

QE¼QBi � FP �
H

100
� ðFP � FR � k

0 � fÞ
� �

; ð13Þ

where FP is the plasma water fraction, FR the red blood
cell water fraction, k0 the equilibrium distribution coeffi-
cient, and j the red blood cell water fraction that partici-
pates in solute transfer during blood flow through the
dialyzer.

In clinical practice, clearance index, Kt/Vurea equal to
1.2–1.4 is used as the gold standard for adequate dialysis
(91,92). This indicator is larger for better clearance, K,
longer dialysis time, t, or for a smaller patient distribution
volume, Vurea. In general, an increase of Kt/Vurea by 0.1 is
associated with a substantially decreased risk of death
from cardiac, cerebrovascular, and infectious diseases
(93). Kt/Vurea, however, measures only removal of low-
molecular-weight substances, which occurs predomi-
nantly by diffusion, and does not consider clearance of
larger molecules. Babb et al. (94) introduced middle-
molecular-weight solutes (500–12000Da) (86), playing an
important role in uremic toxicity, especially in processes
related to inflammation, atherogenesis,7 and malnutri-
tion. Moreover, they defined their clearance as the product

of overall mass transfer coefficient K0 and membrane area
A, the proportion factor in Equation 8. Both described
parameters (i.e., Kt/Vurea and K0A) are linked by the
Michaels equation (87), stating that diffusive clearance K
is a function of blood and dialysate flow rates and of the
dialyzer specific parameter K0A.

Besides the mass transfer to and from the patient,
described by dialysance D or clearance K, a transfer of
water toward or from the dialysate compartment to con-
trol the patient’s distribution volume also exists. In ana-
logy with Darcy’s law (Equation 6), the ultrafiltration
coefficient KUF (ml/min.mmHg) can be defined as (95):

KUF¼
QUF

DP� p
¼

QUF

TMP
; ð14Þ

with QUF the ultrafiltration flow rate (ml/min) and DP the
hydraulic pressure difference (mmHg) between blood and
dialysate compartment. The latter can be defined as the
sum of transmembrane pressure (TMP) and oncotic pres-
sure p exerted by the proteins present at dialyzer blood
side. Although low-flux dialyzers were originally designed
as diffusive exchangers (96), high-flux dialyzers have the
therapeutic advantage of an increased solute removal by
ultrafiltration. Their open pore structure results in high
rates of small molecule diffusion (97) and middle molecule
diffusion and convection (96,97).

Backfiltration may occur whenever the TMP becomes
negative (98). The existence and importance of backfiltra-
tion during high-flux hemodialysis have been extensively
demonstrated performing hydrostatic and oncotic pres-
sure measurements (63,99–102). The main problem re-
lated to backfiltration is the bacterial contamination by
liquid bicarbonate concentrate and the passage of endo-
toxins toward the blood compartment (63). Ronco (103),
however, demonstrated the positive influence of high
forward filtration in the proximal and backfiltration in
the distal segment of the dialyzer for the removal of large
molecules.

After the membrane is exposed to proteins, diffusive
transport as well as hydraulic permeability decreases
significantly because of protein adsorption (58). Moreover,
these plasma proteins exert an oncotic pressure of 20–
30mmHg opposing the applied hydrostatic pressure
(32,104). Furthermore, the ultrafiltration flow deviates
from linearity for high-TMP values because of concentra-
tion polarization of high-molecular-weight substances in
the blood that are not freely filtrated through the mem-
brane pores (104,105).

3. HEMODIALYZER MODELING: A REVIEW

The flow distribution in the blood and dialysate compart-
ment of a hollow fiber dialyzer is an important determi-
nant of the overall mass transfer efficiency. A uniform flow
distribution benefits local mass transfer, and any mis-
match caused by nonuniform flow in the blood or dialysate
compartment results in a worse uremic solute removal
from the blood (106,107).7Start of degeneration of the inner vessel wall
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3.1. Flow Visualization and Modeling

Medical imaging techniques are a useful tool to visualize
the overall flow in the blood and dialysate compartment of
hemodialyzers. The use of different methods like CT
(Computerized Tomography) and MRI (Magnetic Reso-
nance Imaging) is described in literature. Besides experi-
mental and theoretical approaches, computational fluid
dynamics (CFD) can be seen as a third dimension in
engineering. The cornerstones of CFD are the fundamen-
tal governing equations of fluid dynamics: continuity,
momentum, and energy equations. These mathematical
statements are based on the fundamental physical prin-
ciples of mass conservation, Newton’s second law, and
energy conservation (65), respectively, which are usually
partial differential equations in their most general form.
By replacing these differential equations with numbers
that are advanced in space or time, a final numerical
description of the complete flow field of interest is ob-
tained. However, the numerical results should at least be
validated with analytical solutions or experimental mea-
surements (108).

3.1.1. Blood Flow Distribution. Nordon and Schindhelm
(109) investigated, using a finite volume method, the
parameters influencing blood flow distribution in a 2-D
axisymmetrical model of a hollow fiber cell separator
system. In the inlet and outlet manifolds, the continuity
and Navier–Stokes equations (conservation of mass and
momentum) were solved for steady incompressible lami-
nar flow, whereas the hollow fibers were modeled as a
porous medium. In the upstream manifold, boundary
layer separation occurred at the point of channel diver-
gence causing the formation of a separation bubble. More-
over, it was found that the uniformity of the porous
medium flow is mainly influenced by the radial-to-axial
hydraulic permeability ratio. Using magnetic resonance
Fourier velocity imaging to determine blood and dialysate
flow distributions simultaneously, Zhang et al. (110) found
a uniform blood and nonuniform dialysate flow distribu-
tion.

3.1.2. Dialysate Flow Distribution. Osuga et al. (111)
determined dialysate pressure isobars in a low-flux hollow
fiber dialyzer by combining the results of MRI and CFD of
a contrast solution injection in the dialysate flow. The
latter was regarded as a porous medium flow in the CFD
model, depending on the radial-to-axial hydraulic perme-
ability ratio, which was determined comparing the results
of both techniques. The a priori made assumption that the
ultrafiltration flux into the dialysate can be ignored was
supported by the finding that the isobars had no steep
radial gradient such that a homogeneous flow pattern
could be assumed. Using x-ray CT, however, Takesawa
et al. (112) found a radially distributed dialysate flow
caused by the breaking and twisting of fiber bundles
made of cellulose membrane, resulting in preferential
flow channels.

While striving for a homogeneous dialysate distribu-
tion, different dialyzer designs were developed and eval-
uated with medical flow imaging. Using a helical CT scan,

Ronco et al. evaluated the use of spacing filaments (113)
and hollow fibers with a Moiré-structured wave design
(114). They found those techniques effective in preventing
fiber twisting, thereby resulting in an idealized dialysate
flow pattern without dialysate channeling. Using MRI,
Poh et al. (115) found the design of flow baffles in combina-
tion with spacing filaments promoting flow uniformity
even more. Besides those experimental techniques, CFD
also plays an important role in the development of new
dialyzer designs. Karode and Kumar (116) showed with a
3-D steady-state CFD model that spacing filaments in flat
dialyzers are very effective in the promotion of fluid
mixing while reducing concentration polarization by in-
creasing the shear rate at the membrane surface (117). As
a consequence, whether the dialysate flow distribution is
homogeneous is mainly influenced by the dialyzer design
with respect to fiber twisting.

Besides the macroscopic computation of blood and
dialysate flow in a dialyzer using porous media, it should
be noted that some important aspects like ultrafiltration
and related fluid properties, convection-diffusion, concen-
tration polarization, and protein adsorption at the mem-
brane should be investigated with microscopic models.

3.1.3. Ultrafiltration. Ultrafiltration, generated by os-
motic and hydrostatic pressure drops over a porous mem-
brane, was originally numerically described by Kedem
and Katchalsky (118) using thermodynamics of irreversi-
ble processes. The membrane properties were described in
terms of filtration, reflection, and permeability. Instead of
using the complex formulas describing irreversible pro-
cesses, the Maxwell–Stefan approach, assuming all diffu-
sion vectors as a linear function of the flux, can be used, as
this theory is especially suited to describe multicomponent
mass transport (119). Rather than using thermodynamics,
Kargol (120) redefined those coefficients assuming a mem-
brane with randomly distributed pore sizes.

Using a theoretical model validated with experiments,
Wüpper et al. (121) described the profile of ultrafiltration
and concentration along the axis of high-flux hollow fiber
dialyzers. They found that the hydrostatic pressure profile
could be approximated as linear even in the presence of a
nonlinear concentration profile for impermeable solutes.
As a result, changes in fiber radius and membrane perme-
ability can be studied using the Darcy (Equation 6) and
Haegen–Poiseuille laws (Equation 3). Karode (122) de-
rived analytical expressions for the pressure drop in a
permeable tube as a function of wall permeability, channel
dimensions, axial position, and fluid properties by differ-
entiating the Haegen–Poiseuille formula and applying it
locally to infinitesimal sections.

3.1.4. Concentration-Polarization. In the presence of ul-
trafiltration, particles within the main stream are sub-
jected to a drag force and accumulate near the membrane
surface, whereas the accumulated particles tend to mi-
grate to the feeding stream driven by the concentration
gradient (Equation 5). The boundary layer concentration
modifies the solute or solvent properties like viscosity,
density, and solute molecular diffusivity (123). As a result
of particle accumulation, ultrafiltration flow decreases
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with time. A steady-state value, described as a function of
the concentration ratio near the membrane and in the
main stream, and of the mass transfer coefficient, was
derived by Michaels (124) using the one-dimensional
convection-diffusion equation. Backfiltration, caused by
the oncotic effect, induces a shear stress, which was
incorporated by Zydney and Colton (125) by using the
shear-induced hydrodynamic diffusion coefficient ana-
lyzed experimentally by Eckstein et al. (126). Moreover,
the shear stress, maximal at the membrane on the fluid-
like concentrated layer, causes this layer to get fluidized.
This shear-induced hydrodynamic diffusion process was
implemented by Romero and Davis (127) taking into
account the two-dimensional characteristics of ultrafiltra-
tion by integrating the axial momentum equation into the
one-dimensional convection-diffusion equation. Lee and
Clark (128) used the two-dimensional convection-diffusion
equation to describe the ultrafiltration flow decline caused
by concentration polarization. They found that concentra-
tion as well as boundary layer thickness increases with
axial distance but decreases for higher diffusion coeffi-
cients and axial velocities.

Membrane fouling by protein deposition decreases
ultrafiltration until a quasisteady flux is obtained, which
is determined by the balance between the drag force on
the proteins and the intermolecular repulsive interactions
between the proteins in the bulk and those in the bound-
ary layer (129). In order to investigate membrane fouling,
Ho and Zydney (130) developed a combined pore-blockage
and cake-filtration model for bovine serum albumin. The
model was recently found effective for a variety of proteins
(131).

For computational modeling of such a thin boundary
layer in which the solute concentration changes inten-
sively, a very dense grid should be used. To enable the use
of a large grid, Miranda and Campos (123) applied a
simple natural logarithmic variable transformation in
the solute transport equation attenuating the concentra-
tion derivatives inside the boundary layer. Other studies
(132,133) refer to the use of CFD to model concentration
polarization in the fluid phase adjacent to the membrane
without taking into account the selective permeation
through the membrane fluid phase.

3.1.5. Multiphase Flow. The unidirectional shear flow
of highly concentrated fluid-particle suspensions, showing
particle migration from regions of high shear to regions of
low shear, has been investigated using a two-dimensional
(134) and axisymmetrical (135) numerical model. The
suspension, treated as a Newtonian fluid, is modeled
using the momentum and continuity equation, whereas
the particle motion is governed by a modified transport
equation accounting for the effects of shear-induced par-
ticle migrations. Although the parameters of rigid neu-
trally buoyant particles (135) are far from matching those
of the deformable red blood cells, the numerical results, in
good agreement with analytical predictions of Phillips et
al. (136), may contribute to a better understanding of the
possible local variations of the hematocrit.

3.2. Physical Models Describing Mass Transport

In case diffusion is the dominant transport phenomenon,
Jaffrin et al. (137) showed that the assumption of a linear
concentration profile in the boundary layers is only valid
for LMW solutes. In the case of larger molecules, it should
rather be assumed exponential. Grimsrud and Babb (138)
and Colton et al. (139) investigated the concentration
profile for diffusion in blood flowing through two infinite
flat plates and at the entrance region, respectively, assum-
ing zero ultrafiltration. Berman (140) solved the Navier–
Stokes equations asymptotically for small constant ultra-
filtration values. As the assumption of a zero or constant
ultrafiltration velocity was not realistic, Ross (141) ana-
lyzed the mass transport in a laminar Newtonian fluid
flow through a permeable tubular membrane. He used an
ultrafiltration velocity depending on hydrostatic and os-
motic pressure differences while the solute transport was
determined by the reflection coefficient of the membrane.
He found that the exit concentration decreases as mem-
brane permeability, fiber diameter, and fiber length in-
crease. In addition, the change of concentration profile by
varying radial transport is most expressed at 0% and 60%
radial distance.

In several hemodiafiltration studies (121,137,142–147),
transport phenomena have been described based on the
assumption of a constant ultrafiltration flow (142–145),
and neglecting the accumulation of partially rejected
solutes at the membrane wall (142,144). Jaffrin (146)
and Zydney (148) found that the convective contribution
of HMW solutes partially rejected by the membrane is
larger than expected and, in the case of dominant ultra-
filtration, is independent of the sieving coefficient. Others
(137,143,144,146) investigated the solute transport ac-
counting for the module geometry, the membrane proper-
ties, and the operating conditions, but without considering
the effective ultrafiltration profile along the dialyzer
length or the change of the mass transfer coefficient. On
the other hand, Legallais et al. (149) incorporated those
aspects and the concentration polarization aspect in a one-
dimensional transport model for hemodiafilters using
Newtonian fluids and assuming the desired ultrafiltration
rate. Pressure in both compartments was assumed to drop
according the Haegen–Poiseuille equation applied to an
equivalent cylindrical tube (150) and using local fluid
viscosities.

For the investigation of mass transport in dialyzers,
most authors neglect or simplify the ultrafiltration aspect,
whereas others (141,149) take into account a linear pres-
sure distribution over the length of the dialyzer, determin-
ing the ultrafiltration profile.

4. A NUMERICAL MODEL OF THE OVERALL BLOOD AND
DIALYSATE FLOW IN A HEMODIALYZER

4.1. Introduction

The main objective of the present study was to assess the
flow distribution in hemodialyzers by combining experi-
mental and numerical techniques (151). A CFD model was
developed for the simulation of the flow distributions in a
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low-flux dialyzer, providing detailed quantitative informa-
tion about local velocities and fiber bundle permeabilities.
Numerical results were further validated using single-
photon emission-computed tomography (SPECT) imaging,
a different imaging technique then those previously de-
scribed in literature. The combination of the SPECT
images and the CFD simulations are used to assess details
of flow and mass transport in hemodialyzers (see next
section).

4.2. Geometry in the CFD Model

As a result of the fact that the fiber compartment is
modeled as a porous medium, blood and dialysate flow
are investigated using separate models. The blood flow in
the dialyzer housing is modeled with a three-dimensional
finite volume model (Fluent 6, Sheffield, UK). As a result
of symmetry reasons, only a quarter part of the dialyzer
needed to be simulated. As dialysate inlet and outlet
nozzles are unsymmetrically placed on the dialyzer hous-
ing, a three-dimensional CFD model of the entire dialyzer
was developed (Fluent 6, Sheffield, UK).

4.3. Governing Equations and Fluid and Porous Medium
Properties

In the inlet and outlet nozzles, and in the manifolds and
distribution rings for the blood and dialysate compart-
ment, respectively, the continuity and Navier–Stokes
equations are used describing conservation of mass and
momentum. The fiber compartment is modeled as a porous
medium using Darcy’s law with corresponding permeabil-
ity proportion ratio in the different flow directions. The
permeability characteristics of the fiber bundle are ob-
tained from in vitro tests in which pressure drop and flow
measurements were performed for the cases of flow inside
the hollow fibers (blood compartment model), flow around
the fibers in axial direction, and flow around the fibers in
radial direction (dialysate compartment model). In the
latter, an axial-to-radial permeability ratio of 22 was
found.

In both CFD models, a parabolic velocity profile at the
inlet nozzle and a zero pressure at the corresponding
outlet nozzle are prescribed. Besides the symmetry bound-
aries, all other boundaries are defined as walls where no
slip is assumed.

Blood was modeled as a Newtonian fluid with a density
of 1054kg/m3 and a dynamic viscosity of 2.96mPa.s
derived from (152):

m¼ mp � expð2:31 �HÞ; ð15Þ

with plasma viscosity mp equal to 1.3mPa.s and the
hematocrit of anemic blood H 35%. As blood thickening
because of ultrafiltration occurs along the dialyzer length,
blood viscosity was assumed to increase linearly up to
4.10mPa.s, which corresponds to an overall ultrafiltration
flow of 2L/h (152).

From bicarbonate dialysate samples, taken in vivo from
the dialyzer supply and drain, dynamic viscosity and
density were determined using a capillary Ubbelohde

viscosimeter (Schott, Germany) and a density-hydro-
meter-aerometer (Assistant, Germany), respectively. As
it was found that both properties are not influenced by the
dialysis session, dialysate flow is assumed as an incom-
pressible, isothermal laminar Newtonian flow with a
constant viscosity (0.687mPa.s) and density (1008 kg/m3)
at body temperature.

4.4. Numerical Results

A homogeneous blood flow distribution is found in the
fibers, while vortices are remarked at the inlet manifold.
Although vortices are also observed in the dialysate
compartment at the transition of the inlet nozzle with
the dialysate distribution ring, an axisymmetrical flow
pattern is observed around the fibers (Fig. 7).

4.5. Validation Using Medical Imaging Technique

A new in vitro setup was built to visualize blood and
dialysate flow through hemodialyzers using SPECT ima-
ging (151). Using an upstream overflow reservoir, a
steady-state flow was accomplished in the compartment
under study, either the blood or the dialysate compart-
ment. A computer-controlled injection system using an
electronic valve was used for radioactive bolus injection in
the dialyzer supply tubing. The hemodialyzer was cen-
trally positioned in between the two- and three-headed
gamma camera for blood and dialysate flow visualizations,
respectively. At the dialyzer outlet, flow rates were mea-
sured gravimetrically.

For the blood flow measurements, radioactive transport
through the semipermeable membrane was avoided by
injecting 10ml boluses of 200000Da 99m-Technetium-
labeled MAA (MacroAggregated Albumin). With the dia-
lyzer fixed inside a two-headed gamma camera, as close as
possible to one head to maximize spatial resolution, planar
dynamic 2-D images were taken of the bolus passage.
Assuming axisymmetrical flow in the blood compartment,
the planar images were considered as taken at each view
angle. After multiplication of the images over 3601 and
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peak velocity (bars) as measured with SPECT.
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after performing a filtered backprojection (153), a three-
dimensional dynamic image was obtained.

Using water instead of blood in the dialyzer blood
compartment, flow rates were adjusted to account for the
difference in dynamic viscosity and density. To obey di-
mensional similarity between in vivo blood and in vitro
water flow, Reynolds numbers Re (� ) were kept equal in
both models (65):

Re¼
r:Q:d

m:e:Af
¼ constant; ð16Þ

with r fluid density (kg/m3), Q flow rate (m3/s), d fiber
diameter (m), m dynamic viscosity (Pa.s), e porosity (� ),
and Af gross frontal area (m2). Flow rates were adjusted
with a factor of 2.75 to account for the difference in density
and viscosity. As a consequence, to simulate a blood flow of
300ml/min, a water flow rate of 109ml/min was used in
the in vitro setup. During investigation of the flow pattern
in the blood compartment, the dialysate side was filled
with fresh tap water at room temperature and hermeti-
cally closed.

As was also found in the numerical study, a homoge-
neous velocity profile was found in the fiber compartment.
Activity accumulation was noticed in both manifolds and
might be because of the adhesion of macroaggregates to
the plastic dialyzer capsule. Moreover, these accumulation
sites correspond with regions of low blood velocity and
possible blood clotting.

For the dialysate flow visualizations, 10ml boluses of
99m-Tc-DMSA (Dimercaptosuccinic Acid, MW 281Da)
tracer were injected, while pressurized air was forced
simultaneously and counter-currently through the blood
compartment. The latter technique was useful to avoid
water filtration and Technetium diffusion through the
dialyzer membrane, and yet no air bubbles were forced
through the membrane.

3-D acquisitions of the dialysate compartment were
made by rotating the three-headed gamma camera over
1201 in 121 increments. For each angular position, 2-D
planar intensity pictures of the bolus passage through the
dialysate compartment were taken. By evaluating the
images of the 10 measurements at different time steps,
and by performing a filtered backprojection (153), a dy-
namic 3-D image was constructed of the bolus propagation
in the dialysate compartment.

In contrast with the numerical results, SPECT imaging
of dialysate flow resulted in a skewed velocity profile with
a maximum near the nozzles side housing, while a mini-
mum value was located down the dialyzer axis (at 23–
25mm vertical distance from the inlet nozzle) (Fig. 7). As a
consequence, at the opposite site of inlet and outlet
nozzles, nonefficient sites with respect to mass transport
are observed (106). Furthermore, a nonhomogeneous ve-
locity distribution was also observed in the plane perpen-
dicular to the plane along the nozzles, which implies that
the nonhomogeneous velocity distribution is not only
caused by the flow distribution near the dialyzer inlet
but also to the preferential flow channeling resulting from
fiber twisting. As a result, the discrepancy between the

CFD and SPECT results might be attributed to the
optimistic assumption in the CFDmodel of a homogeneous
radial permeability over an entire cross section.

4.6. Conclusion

In order to define regions characterized by diminished
mass transfer efficiency, the existence of nonuniform flow
in the blood and dialysate compartment was investigated
by computational fluid dynamics validated with SPECT
imaging technique. With both techniques, a fully homo-
geneously distributed blood flow was found, whereas a
discrepancy was observed for the dialysate flow in the case
a constant fiber bundle permeability was modeled numeri-
cally. The SPECT results can be applied for validation of
the CFD model with respect to the fiber bundle perme-
abilities, such that the validated CFD model can be
further used for new dialyzer design and optimization.

5. A NUMERICAL MODEL FOR THE BLOOD/DIALYSATE
INTERFACE

5.1. Introduction

Although dialyzer manufacturers only provide informa-
tion about their products as a black box, this study aimed
at optimizing dialyzer geometry by looking more in detail
at transport processes and fluid properties inside the
dialyzer, using computational fluid dynamics (CFD).
Therefore, a microscopic numerical model was developed
to describe flow and mass transport in a single dialyzer
fiber. After model calibration and validation, the impact
on solute removal of a variable fiber length and diameter
was assessed for small and middle molecules. Also, the
model is used to examine the effect of dialysate flow
maldistribution by implementing the experimental
SPECT results of the prior section.

5.2. Model Geometry

A three-dimensional finite volume microscopic model of
the blood-dialysate interface over the complete length of a
dialyzer was developed (Fluent 6, Sheffield, UK) (154).
Assuming the fibers spaced in a hexagonal lattice and
based on symmetry, a twelfth part of one single fiber is
isolated (Fig. 8). The parameter settings of the three-
dimensional unit module (Fig. 9) were assessed for a
high-flux polysulphone dialyzer (Fresenius F60, Bad
Homburg, Germany), characterized by a fiber inner dia-
meter of 200mm, membrane thickness of 40 mm (1mm
inner layer and 39 mm bulk layer—Fig. 6), and dialysate
compartment dimensions (maximum radius 230 mm) cal-
culated from fiber density. The membrane module has an
active length of 230mm whereas inlet and outlet tubes
(each 12.5-mm long) are integrated in both fluid compart-
ments simulating the manifold and potting region. The
mesh generation is performed using Gambit (Fluent,
Sheffield, UK). The different domains are filled with
hexahedron volume elements and local grid refinements
were performed near the blood-membrane and membrane-
dialysate interfaces. For the implementation in the nu-
merical model, properties of the three compartments,
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blood, dialysate, and the semipermeable membrane in
between, are derived from literature and experimental
investigations.

5.3. Fluid Characteristics

As ultrafiltration takes place over the length of the
dialyzer, water is removed from the blood, resulting in a
decrease of the plasma volume fraction, such that the
hematocrit as well as the blood viscosity value is augmen-
ted. The influence on viscosity of the local shear rate and
hematocrit is taken into account using Quemada’s equa-
tion (Equation 2). To describe the radial viscosity variation
caused by cell redistribution, the formula proposed by
Lerche (Equation 4) is used. The parameter n in this
equation was derived as follows. First, Poiseuille’s law
(Equation 3) was used in a horizontal fiber to define the
relation between flow Q and pressure drop DP as a
function of blood viscosity m. Using the semiempirical
viscosity model of Haynes, the apparent blood viscosity
mapp (Pa.s) was calculated for a given plasma viscosity mp
(Pa.s), hematocrit value H (� ), and for the proposed fiber
geometry (155):

mapp¼ mp:
1

1� 1�
mp
mc

� �

: 1� 2: dd
� �4

h i ; ð17Þ

with mc¼ expð0:48þ2:35HÞ (mPa.s), parameter d¼ 2:03�
2H (mm), and d the fiber diameter (mm).

Secondly, a three-dimensional numerical CFD model
was developed of the same fiber (given length L). Using
the Navier–Stokes equations and the viscosity model of
Quemada (Equation 2) combined with the Lerche formula
(Equation 4), the parameter n could be determined in an
iterative way. The iteration was stopped if, for a given flow,
the obtained pressure drop was similar to the one found in
the theoretical model using Haynes’ formula (Equation
17).

This process was repeated with a constant fiber dia-
meter of 200 mm and for each flow-pressure set, because
each velocity profile corresponds with another hematocrit
distribution and, as a consequence, with another n value.
n was then fitted and was found to vary hyperbolically
from 400 to 185 in the cross-sectional hematocrit range
25–50% (Fig. 10). An overview of the algorithm, used for
the calculation of local hematocrit and viscosity, is given in
Fig. 11.

As plasma density (1030kg/m3) differs from the density
of platelets and blood cells (1090kg/m3), the density of
blood rblood (kg/m

3) varies with the local hematocritH (� ):

rblood¼ 1030:ð1�HÞþ 1090:H: ð18Þ

For the bicarbonate dialysis fluid, viscosity and density, as
found with the earlier described in vivo tests, are used.

5.4. Membrane Properties

The permeability characteristics of the membrane were
obtained from laboratory tests in which a dialysate flow
was forced through the membrane (inflow in blood inlet
and outlet and outflow from dialysate inlet and outlet).
The ultrafiltration coefficient, KUF, was calculated from
flow, QUF, and transmembrane pressure, TMP, measure-
ments using Equation 14. Furthermore, the overall hy-
draulic membrane permeability km (m2/s.Pa) was derived
from the ultrafiltration coefficient, KUF (m3/s.Pa), mem-
brane surface, A (m2), and membrane thickness, dm (m):

km¼KUF �
dm

A
: ð19Þ

The tests were done for forward and backfiltration using
sterile dialyzers (overall permeability 7950nm2/s.Pa) as
well as samples in which a protein layer was induced on

Figure 8. Hexagonal lattice in a cross section of the hollow fiber
dialyzer.
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the membrane (overall permeability 3650nm2/s.Pa) simu-
lating a clinical session (156). The permeability of a sterile
inner layer ki (thickness di) and of a bulk layer kb (thick-
ness db) were implemented as a series of two resistances,
whereas the influence of a protein layer on the overall
membrane permeability was incorporated as a higher
resistive inner layer:

dm

km
¼

db

kb
þ

di

ki
: ð20Þ

5.5. Governing Equations

In the blood and dialysate compartment, conservation of
mass and momentum are described by the three-dimen-
sional steady incompressible continuity and Navier–
Stokes equations, using the local and constant viscosity
and density for blood and dialysis fluid, respectively (65):

rðuÞ¼ 0

r: @u@t þ
1
2 :rru

2þ r:ðr�uÞ�uþrp¼rt;

(

ð21Þ

where r represents the divergence r¼ ð @@x;
@
@y;

@
@zÞ, u repre-

sents the velocity vector u¼ ðu; v;wÞ, r the density of the
fluid, and the stress tensor is defined as I with p the
pressure, I a unit tensor, and t! a symmetrical tensor
without diagonal sum.

The transmembrane water transport, a function of the
membrane permeability and the local oncotic pressure, is
described by the Darcy equation for porous media (65):

ru¼ k � Dp¼ 0

u¼k � rp;

(

ð22Þ

where D represents the Laplace operator D¼ @2

@x2þ
@2

@y2þ
@2

@z2

and k is defined as the hydraulic membrane permeability
tensor. The use of Darcy’s law is allowed because the
Reynolds number is only in the range E-10–E-9, using
the equation for porous media (157).

Knowing the velocities in all nodes of the finite vo-
lumes, the mass transfer can be calculated with the

stationary convection-diffusion equation in the absence
of a source or sink reaction:

S � ðu � rCÞ � rðDS � rCÞ¼ 0: ð23Þ

DS represents the solute diffusion coefficient (m2/s) and C
the solute concentration (mol/m3). Although this equation
is valid for all domains, note that the diffusion coefficientD
is different for the three domains. Furthermore, although
the sieving coefficient S (� ) can be eliminated in the blood
and dialysate domain, S can deviate from unity in the
membrane domain (104,158,159). A sieving coefficient
equal to unity corresponds to unhindered solute transport
through the membrane, whereas S equal to zero implies
that the membrane is impermeable to the considered
solute (e.g., large proteins like albumin). In the present
study, solutes of distinct molecular weight were investi-
gated. Urea (MW60) was used as marker for small water-
soluble solutes, whereas Vitamin B12 (MW1355) and
inulin (MW5200) were used as middle molecule markers
(160). The choice of the uremic solutes was mainly driven
by the available clearance data from the manufacturer
and by the fact that all three solutes have a sieving
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coefficient equal to unity for the considered high-flux
polysulphone membrane.

5.6. Model Boundary Conditions

In the blood and dialysate compartment, a constant inlet
velocity is given, whereas outlet conditions are specified
either as outlet pressures or as a flow percentage distribu-
tion in both compartments to apply the desired ultrafil-
tration flow. These boundary conditions comply with the
mass balance and the zero diffusion flux for all variables.
The information at both outlets is derived from the
calculated values at internal mesh points.

Oncotic pressure, which is exerted by the plasma
proteins and opposes the hydrostatic transmembrane
pressure, is implemented as a discontinuous local pres-
sure drop at the skin-bulk interface. As a result of the
difficulty to induce in vitro a stable protein layer on the
membrane (156), initial oncotic pressure from literature
(25mmHg) was used (32,104) rather than their own in
vitro derived values. Moreover, as hemoconcentration
takes place in axial direction, the oncotic pressure is
varying with hematocrit.

As the smallest blood-membrane-dialysate entity is
isolated, all other boundaries are symmetry planes.
Through such a symmetry plane, convective and diffusive
fluxes are nonexistent. As a consequence, the normal
velocity component and the normal diffusive gradient is
zero. Moreover, the shear stress in a symmetry plane is
zero.

5.7. Calibration and Validation of the Diffusivities

Although the solute diffusion coefficients in blood and
dialysate were known from literature, membrane diffusiv-
ity was derived from the inlet and outlet blood (CBi and
CBo) and dialysate (CDi and CDo) concentrations. Blood
concentrations (mol/l) were assessed from Equation 11,
where the manufacturer typically reports K values for
given blood/dialysate flow combinations (e.g., 300/500ml/
min) (161,162). Dialysate concentrations (mol/l) were cal-
culated from the mass balance in the dialyzer, which is a
function of blood and dialysate flows QB and QD (ml/min)
(87):

ðCBi � CBoÞ �QB¼ ðCDo � CDiÞ �QD: ð24Þ

Although the concentration difference between blood and
dialysate, DC, will decrease exponentially along the dia-
lyzer length, a linear approximation is allowed for low and
middle molecules (137):

dðDCÞ
dz
¼

DCi � DCo

L
; ð25Þ

with DCi and DCo the blood-dialysate concentration differ-
ence at the blood inlet and outlet, respectively.

By multiplying both terms with the mass flux J (mol/s),
as defined by Fick’s law (Equation 5), and after integration
of Equation 25 and solving it for the mass flux J, clearance
K can then be written as a function of the mass transfer
coefficient K0 (m/s), which is the reciprocal of total resis-

tance R0, and of the logarithmic mean concentration
difference DClm (87):

K ¼
K0 � A

CBi
� DClm¼

1

R0
�
A

CBi

�
ðCBi � CDoÞ � ðCBo � CDiÞ

ln CBi�CDo

CBo�CDi

� � :
ð26Þ

Furthermore, using Equation 9, membrane diffusivity
DM (m2/s) can be derived from total resistance R0 and the
convective mass transfer coefficients 1/RB and 1/RD (m/s).
As DxB and DxD were not a priori known, the diffusion
coefficient in the membrane for a particular solute was
derived iteratively until the clearance as found with the
simulations matches the manufacturer’s data for a QB/QD

ratio equal to 250/500ml/min. The power of the numerical
model (160) was checked performing simulations for a QB/
QD equal to 300/500ml/min, and comparing the numeri-
cally derived clearance value with the manufacturer’s
data (161,162).

5.8. Numerical Results

Assuming a constant blood and dialysate inlet flow of 250
and 500ml/min, respectively, blood and dialysate outlet
pressures of 10 kPa and 5Pa, respectively, and an initial
oncotic pressure of 3.33kPa (32,104), the pressure distri-
bution renders an overall ultrafiltration flow of 45ml/min
while no backfiltration occurs (Figs. 12 and 13).

As blood, with an initial viscosity of 3mPa.s, flows
through the dialyzer, the water removal causes hemocon-
centration. As a consequence, the hematocrit shows an
axial variation from its initial value of 30% at blood
entrance up to 42% at the outlet, resulting in a mean
viscosity increase from 3mPa.s to 4.5mPa.s. The plug flow
of blood cells at the axis (maximum viscosity 7.5–
11.8mPa.s) and the plasma layer near the membrane
wall (viscosity 1.3mPa.s) demonstrates the radial varia-
tion of the blood viscosity (Fig. 14).

The oncotic pressure, varying with the local hemato-
crit, increases from its initial value 3.33 kPa (25mmHg)
up to 4.20 kPa (31mmHg). As a result of this oncotic
pressure opposing the hydraulic driving pressure, ultra-
filtration flow is decreased by 28%.

The shear stress, zero at blood and dialysate axes, is
maximal at the blood-membrane interface decreasing
from 0.97Pa at blood inlet to 0.78Pa at the outlet, whereas
it is slightly increasing at the dialysate-membrane inter-
face from 0.23Pa up to 0.26Pa at dialysate outlet.

As a result of ultrafiltration, one may expect a devia-
tion from the linear flow-pressure drop profile described
by Poiseuille (Equation 3) as well as from the parabolic
velocity profile. Nevertheless, for an ultrafiltration flow of
45ml/min in a dialyzer module of 230mm in length, the
pressure distribution in the blood compartment deviates
only slightly from linearity (maximum 0.28–0.33% at
blood inlet and outlet, respectively) (Fig. 13), while the
same is true for the parabolic velocity profile (R2¼ 0:997–
0.993 at blood inlet and outlet, respectively) (Fig. 15).
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With respect to mass transfer, Fig. 16 shows the con-
centration profiles for urea, Vitamin B12, and inulin in a
standard F60 dialyzer with overall blood and dialysate
flows of 250 and 500ml/min, respectively. The radial
concentration variation, most pronounced for inulin, illus-
trates the lower diffusivities in blood and dialysate com-
pared with urea. Comparing outlet with inlet solute
concentrations, clearances of 213, 126, and 61ml/min
were found for urea, Vitamin B12, and inulin, respectively,
corresponding to the data as provided by the manufac-
turer.

5.9. Experimental Validation of the Numerical Model

In order to validate the numerical model, an ex vivo study
was performed using the clinical dialysis set up. As blood
substitution fluid, bovine blood was collected during
slaughtering and was prevented from coagulation by
adding heparin. Blood was flowing through the dialyzer
at 371C using a Bellco Formula dialysis machine, which
allows adjusting blood, dialysate, and ultrafiltration flow.

The tests consisted of flow and pressure measurements
as well as blood property measurements (viscosity, hema-
tocrit, pH, and oxygen saturation). The pressure was
measured at all dialyzer inlets and outlets with fluid-filled
pressure transducers (Ohmeda, Belgium), while down-
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stream, blood and dialysate flows were measured grav-
imetrically. The viscosity measurements of the bovine
blood samples were done with a plate and cone viscosi-
meter (Rheolyst AR 1000-N, TA Instruments, UK) that
allows deriving dynamic viscosity from the torque corre-
sponding with the cone’s angular velocity. Using this
technique, the shear-thinning behavior of blood was ade-
quately visualized and a mean viscosity value was derived
for a fixed shear rate. For each flow setting, samples were
taken from the up and downstream blood line in order to
set hematocrit, oxygen saturation, and pH in the medical
laboratory.

As blood pH remained stable (7.3470.05) during the
entire test session, blood acidification did not take place
and addition of a buffer (like bicarbonate powder) was
unnecessary. Oxygen saturation was also constant during
the tests, such that extra oxygenation was superfluous.
Limited discrepancies were found between viscosity and
hematocrit variations with the ex vivo study and the
numerical model (10% and 20%, respectively). The impor-
tant discrepancy found for the pressure drop in blood
compartment was caused by the formation ex vivo of an
important protein layer on the membrane, and the block-
age offibers using highly concentrated bovine blood. Using
Poiseuille’s law, the theoretical pressure drops are in good
agreement with those found in the CFD model.

5.10. Parameter Study

With the extended finite volume model, a parameter study
was performed varying fluid flows (blood and dialysate
flows of 150–350ml/min and 300–800ml/min, respec-
tively), dialyzer geometry (axial as well as radial dimen-
sions), or initial blood properties (hematocrit and plasma
viscosity).

Increasing blood and dialysate flow rate while keeping
the geometrical and blood characteristics constant, the
blood viscosity and hematocrit percentage variations are

reduced exponentially. Moreover, hematocrit increase is
even more expressed than viscosity increase if blood flow
rates over 220ml/min are considered. With respect to fiber
length, blood viscosity as well as hematocrit increases are
smaller for shorter fibers (180mm) compared with the
standard ones (230mm). Further lengthening of fibers
(280mm), however, does not change blood property varia-
tions significantly. Varying the radial dimensions (fiber
inner diameter 150–200–250mm), blood property varia-
tions are from the same magnitude of those found in the
case of axial variation. The value of the initial plasma
viscosity has only influence on the blood viscosity varia-
tion, whereas hematocrit varies independently. However,
if blood samples with a more physiological hematocrit
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Figure 16. Concentration profiles in a dialyzer fiber (diameter
200mm and length 230mm) for urea (upper panel), Vitamin B12
(middle panel), and inulin (lower panel). The relative blood start
concentration was 100, whereas blood and dialysate flows were
250 and 500ml/min, respectively.
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(43% instead of 30% for anemic blood) are considered,
similar blood thickening can be remarked while flowing
through a dialyzer.

Finally, the impact of dialyzer dimensions on dialyzer
clearance was studied by changing fiber diameter and
length in a wide range, while keeping a constant fluid
velocity. Clearances were found enhanced by 13% (urea),
50% (Vitamin B12), and 89% (inulin) for a fiber twice as
long as a standard one, and by 5.5% (Vitamin B12) and
21% (inulin) for a fiber diameter of 150 mm instead of
200mm. In general, the impact of fiber dimensions was
more pronounced for the middle molecules compared with
urea.

5.11. Impact of Flow Distribution on Mass Transport

The impact of flow maldistributions on solute transfer
efficiency was evaluated numerically by implementing
the local velocities as obtained from the SPECT measure-
ments (Previous section). Mass transfer calculation was
performed for urea and Vitamin B12 in the case of max-
imum (20.5mm/s) and minimum dialysate flow velocity
(4.3mm/s), instead of the mean dialysate velocity of
12.1mm/s. Meanwhile, blood flow was considered homo-
geneously distributed, and a Poiseuille velocity profile
with mean velocity of 17.3mm/s was used at the blood
inlet, corresponding to a uniform overall blood flow of
300ml/min.

Although the observed maximum dialysate velocity
resulted in a clearance increase of 1.3% and 12% for
urea and Vitamin B12, the minimum dialysate velocity
deteriorated solute removal by 12% and 28%, respectively.
By calculating the clearances for intermediate blood-dia-
lysate flow combinations, and by integration over the cross
section, an overall decrease in solute removal efficiency by
3.8% and 4.4% was obtained for urea and Vitamin B12,
respectively.

5.12. Conclusion

The presented numerical model incorporates blood, dialy-
sate, and membrane flow in hollow fiber dialyzers allowing
an accurate investigation of the fluid properties and the
presence and localization of backfiltration. The hydraulic
permeability of the dialyzer is based on a more accurate
method than in previous ex vivo studies, and blood is
modeled as a nonNewtonian fluid with properties varying
in radial as well as axial direction. Furthermore, the
model allows calculating concentration profiles inside
the dialyzer and related solute clearances. After valida-
tion of the CFD model, different parameters such as
geometrical and fluid properties were investigated.

6. SUMMARY

Hemodialysis is the most frequently used renal replace-
ment therapy for patients suffering from chronic renal
failure. During hemodialysis, the patient’s blood is flowing
through an extracorporeal circuit using a hemodialyzer.
The main function of a dialyzer is purifying the blood by
means of basic transport phenomena: diffusion and ultra-

filtration. Different dialyzer modalities are available with
different geometries and membrane characteristics.

To have better insight in the interaction of pressure,
concentration, and flow profiles, a review is given about
the overall flow distribution on one hand and more local
phenomena, like concentration polarization and mass
transport, on the other. As most manuscripts report one
specific topic, a description of dialyzer flow taking into
account all present transport phenomena with consecu-
tive fluid property variations is not yet available.

To optimize mass transport, it is important that blood
as well as dialysate flow show a uniform flow profile. In
order to find ineffective regions with respect to dialyzer
flow, a CFD model was developed and validated using
SPECT imaging. The local fluid velocities were further
implemented in a microscopic model of the blood/dialysate
interface, providing velocity, pressure, and concentration
profiles. Furthermore, the influence of pressure distribu-
tions and ultrafiltration profiles on fluid properties and
solute clearances was investigated performing a para-
meter study changing geometry, flow, and initial fluid
properties.
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ASSISTIVE ROBOTICS
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1. INTRODUCTION

For many years, and particularly since the first electric
wheelchair in the 1950s, disabled people have benefited
from the use of mechanical and electrical technology to
provide powered mobility. The dream of assistive robotics
is to extend that enablement to the area of powered ma-
nipulation. Assistive robotics is a combination of a tech-
nology and an application area. As such, overlap exists
both with the wider field of robotics and with assistive
technology. In attempting to discuss assistive robotics, it is
wise to start from an official definition. The Robot Insti-
tute of America defined a robot as ‘‘a re-programmable,
multifunctional manipulator designed to move material,
parts, tools or specialized devices through variable pro-
grammed motions for the performance of a variety of
tasks.’’

Although this definition was obviously intended for in-
dustrial robots, it identifies the key features of program-
mability, flexibility, and movement. Robotics has obviously
moved on from that early definition. Although robots were
initially employed as handling machines in factories, their
application is nowmuch wider. In 1987, the Department of
Trade and Industry in the United Kingdom launched an
advanced robotics initiative to encourage the wider use of
robotics in areas other than factories. They used this def-
inition of advanced robotics: ‘‘The integration of enabling
technologies and attributes embracing manipulators, mo-
bility, sensors, computing (Intelligent Knowledge Based
Systems, Artificial Intelligence) and heirarchical control
to result ultimately in a robot capable of autonomously
complementing man’s endeavours in unstructured and
hostile environments.’’

This definition is very wide-ranging, but one of the key
features is the ‘‘integration of technologies.’’ The aims of
this integration of advanced technologies are to produce
devices that can both operate autonomously and in envi-
ronments that may be unstructured or hostile.

Many examples of advanced robotics now exist. What is
important is not just the level of technology, but that the
robots have moved out of the factory and into the wider,
sometimes hostile, and certainly unstructured world. The
examples cover a wide area and include devices for the
exploration both of Mars and the earth’s oceans as well as
more domestic applications such as filling a car with fuel,
mowing the lawn, and cleaning the floor. The use of ro-
botics in medical and associated applications is another
major area in which robots are coming ‘‘out of the factory.’’

Robotics has been used in a number of medical appli-
cations. Literally at the ‘‘cutting edge’’ is the application of
robotic technology in surgery, for example, in orthopedics,
neurosurgery, and endoscopy. Robot-mediated therapy (or
robotic rehabilitation therapy) is the application of robot-

ics in the therapeutic rehabilitation of those with various
neurological conditions, particularly those who have had
strokes. Our interest is the application of robotics to as-
sistive technology. Assistive technology (AT) is defined in
the King’s Fund consultation (March 14, 2001) as ‘‘a prod-
uct or service designed to enable independence for older or
disabled people,’’ which may range from something as
‘‘simple’’ as a modified cup to a complex electromechani-
cal device.

Many of the uses of robotics in AT are either in a vo-
cational environment or as aids to daily living. However,
other areas exist either where robotic technology has been
applied or might be applied:

* Mobility - increasing the usefulness of more tradi-
tional powered wheelchairs.

* Prosthetics and orthotics - robotics has already been
applied in this area.

* Education - modern robotic toys might have an im-
pact as well as equipment more specifically aimed at
the disabled.

* Communication - advanced computer technology is
already widely in use, but there is the scope of incor-
porating more mechanical technologies as well.

2. POTENTIAL USES

Many people including the report of Prior (1) have sur-
veyed the potential uses of robotics to assist people with
physical disabilities, and the following areas have been
identified.

* Eating and drinking
* Personal hygiene – washing, shaving, applying make
up

* Work and leisure – particularly computer use, equip-
ment such as hi-fi and video systems, and games

* Mobility – opening doors, windows
* General reaching – up to shelves, down to the floor

These areas are all valuable. Many nonrobotic devices
exist that are dedicated to specific tasks, some designed
for people with disabilities, others readily available on the
general market. In this case, the choice and installation of
such devices (in consultation with the user) predetermines
what tasks he or she can carry out. Most assistive robots,
however, are designed as a general-purpose tool and in-
tended to be used as the user desires, rather than for any
predetermined task. It is possible to construct lists of spe-
cific tasks for which an assistive robot might be used.
Some tasks will no longer be relevant as technology pro-
gresses. For example, many early workstation robots dem-
onstrated the manipulation of 5.25’’ floppy disks.
Similarly, tasks will come into the list, for example, bring-
ing a personal digital assistant (PDA) close to a user. The
tasks will also vary from country to country depending on
cultural norms. Independence only comes when the user
can decide at any time what activity they would like to be

1
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involved in. A good example is the user who gained great
satisfaction from using his independence to open his
Christmas presents.

3. HISTORICAL HIGHLIGHTS

The term robot was first used in Capek’s Rossums Uni-
versal Robots in the 1920s, from the Czech word for a
slave. The film Metropolis in 1927 represented the famil-
iar humanoid robot loved by science fiction. In practical
terms, robotics can be dated back to the DeVilbiss paint
sprayer in the 1930s. By 1950, the concept of robots was
well established in science fiction, particularly in Asimov’s
exemplary book I, Robot (2). In the 1950s, the Unimation
robot company was formed. 750,000 robots are now in in-
dustrial use.

Most reviews of rehabilitation robotics cite the work at
the CASE Institute of Technology in the early 1960s (3) as
the first application of robotics technology to a rehabilita-
tive manipulator, which was a powered orthosis with four
degrees of freedom. The exoskeletal structure supported
the user’s paralyzed arm while performing prerecorded
manipulative tasks, these sequences being taught by an
able-bodied assistant during training. Interestingly, when
so much current work uses electrical actuators, this used
pneumatic actuators with closed-loop position control
achieved using incremental encoders.

Another early project was the Rancho Los Amigos
Golden Arm (Fig. 1) (3), which was a seven-degree-of-free-
dom battery-powered electric orthosis. Several versions
were built, and at least one was wheelchair-mounted. It
was controlled using a form of joint-by-joint control; dur-
ing evaluation, this control was found to be unintuitive.

In considering these two early devices, it is instructive
to put them in the context of the technology of the day. The
early 1960s was a time when the integrated circuit had
just been invented, and ten years before the microproces-
sor. Computers were beginning to come down in size from
room size to a more compact ‘‘cabinet.’’

4. WORKSTATION-BASED ROBOTS

Apart from the two prosthetic devices mentioned above,
work in the more specific area of assistive robotics started
in the mid-1970s. One of the earliest projects was the
workstation-based system designed by Paeslack and Roe-
sler (4) in Heidelberg, Germany. The purpose designed,
five degree of freedom manipulator was placed in a spe-
cially adapted desktop environment, using rotating shelf
units.

Another early workstation system was that of Seamone
and Schmeisser (5) at the Johns Hopkins University, sup-
ported by the Veterans Administration in the United
States from 1974. The arm of this system was based
around an electrically powered prosthetic arm, mounted
on a horizontal track. Various items of equipment (e.g.,
telephone, book rest, computer disks) were laid out on the
simple, but cleverly designed, workstation table and could
be manipulated by the arm using preprogrammed com-
mands. The system thus required that items be in pre-
cisely known positions as there were no sensors on the
arm. User input was by simple scanning switch selection
of routines on a simple LED display.

In France, an early project was the Spartacus robot (6),
based around a large, relatively high-power manipulator
from the nuclear industry. The table-mounted arm was
able to reach down to the floor or up to a shelf. This project
is of particular significance in that it led to the Manus
project in Holland and the Master project in France.

In any review of work in rehabilitation robotics there
must be recognition of the continuing work at Stanford
University, initiated by Leifer in the Department of Me-
chanical Engineering, with Van der Loos at the Palo Alto
VA Centre. They built four generations of DeVAR (Desktop
Vocational Assistive Robot) systems (7,8). DeVAR III was a
tabletop system laid out for daily living tasks, whereas
DeVAR IV was used in a vocational environment.

The DeVAR IV system (Fig. 2) used the Puma 260 ro-
bot, a standard industrial manipulator, mounted upside
down on an overhead track, thus making much better use
of the available space. This highlights a problem of using a
commercially available robot in that the work environ-
ment has to be tailored around the arm. How this result is

Figure 1. Rancho Golden Arm. Figure 2. DeVAR IV workstation Veteran’s Administration.
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achieved can be crucial to how successful the system is.
The usefulness of the system depends on how many
‘‘tasks’’ can be laid out within the work environment.
Whenever a certain task is not available to the robot or
the user, the usefulness of the system comes to a halt and
a colleague has to be called in to intervene. Obviously, in
an office environment, this solution can be allowed for, but
the ability to work independently has been compromised.

Besides the engineering work, this project is notable for
its use in a real working environment on an 8-hour-a-day
basis at the Pacific Gas and Electric Company by Bob Yee.
The Stanford group has also done a lot of work to justify
the high cost of such a system ($50–$00,000) in terms of
financial savings relative to the cost of employing a human
assistant.

Whereas the Stanford system used the Puma robot,
initially designed for an industrial application, many
other projects have been based around the RT series ro-
bot. The RT series was sold by UMI (Universal Machine
Intelligence, UK). One significant use of the RT series ro-
bot was by the Master project (9) in France. Their ap-
proach to maximizing the workspace was to mount the
arm at the back of the workstation, which gave good vis-
ibility of the whole work area. In setting up any worksta-
tion, it is vital that the arm does not obscure visibility of
the environment, in this case either the large vertical col-
umn or the bulk of the arm or gripper in different orien-
tations.

The RT robots were used as the basis for the RAID
project (10), funded by the European Commission. The
RAID project, as with all projects under the TIDE initia-
tive (Telematics for the Integration of Disabled and El-
derly people), was collaborative and multinational. Among
the partners were Oxford Intelligent Machines (OxIM,
UK), who were then the manufacturers of the RT robots,
and the Master project team. The RT series robot was set
up in an extended workstation. The work space of the ba-
sic robot is extended by, in this case, mounting the robot on
a horizontal track enabling it to retrieve paper work etc
from shelving units. The outcome of the RAID project was
commercialized by OxIM (who have now ceased trading)
and Afma Robots in France.

4.1. Feeding

In terms of numbers sold, probably the most successful
rehabilitation robot is the Handy 1 (Fig. 3) (11), sold by
Rehab Robotics (UK). The project originated from the
Masters Degree project of Topping at the University of
Keele (UK). Topping had a neighbor, a young boy named
Peter, who had severe problems eating. He used a cheap
educational robot to produce a device that allowed Peter to
eat independently, at the speed he chose, for the first time.
The company has sold at least 250 systems with very pos-
itive feedback of its effectiveness. One of the strengths of
this project, and reasons for its success, is that it stemmed
from the real problems of an individual client. Another
feature is that it originally made no attempt to be multi-
functional. However, more recently, extensions of the sys-
tem have been developed for it to be used for applying
makeup, painting, washing, and shaving.

The Handy 1 is essentially a feeding aid based around a
robot. By comparison, the Winsford feeder (RTD-ARC,
New Jersey) has been available for a long time as a feed-
ing aid, but only recently has been promoted as being a
robotic device. With around 2000 units having been sold,
its commercial impact is obviously greater than the Handy
1. The MySpoon (Secom Co. Ltd, Tokyo, Japan) is avail-
able in Japan and is similar in concept. In the United
Kingdom, the Neater Eater (Buxton, UK) was initially de-
signed as a purely manual device to assist those with a
tremor to eat, using a damped arm. More recently, a pow-
ered, programmable device has emerged that may be con-
sidered to be a robotic device.

5. WHEELCHAIR-MOUNTED ROBOTS

If a mobile robot can be seen as a mechanical servant or
slave, the concept of mounting a manipulator onto a
wheelchair provides what may be termed a third arm.

One very early wheelchair-mounted robot was designed
by Carl Mason (12) at the VA Prosthetics Center in New
York. Mechanically, it was a well-engineered system, able
to reach from the floor to ceiling. Apparently, however, it
was not rigid enough, making it difficult to control and the
simple hook-end effector (as used by many prosthetic hand
wearers) was not very successful. The control was quite
basic, being operated on a joint-by-joint basis that has
been found to be unintuitive and time-consuming to con-
trol.

By comparison, placing a simple educational robot on a
wheelchair tray is the most basic of arrangements. Zeelen-
berg’s son was diagnosed as having Muscular Dystrophy.
His parents wanted him to make the fullest development
of his abilities and skills. His father obtained an educa-
tional robot and simply mounted it on the wheelchair tray
(13). As Muscular Dystrophy (Duchenne) is characterized
by a general weakness and muscle wasting, it is often
possible to use a small push-button controller, which was
chosen for the input device. This choice would not pretend
to be a technically sophisticated device but derived out of a
real need and close collaboration between the developer
and user. Among the uses of the robot are opening the
door, moving chess pieces, and using the telephone. One

Figure 3. Handy 1 feeding robot M Topping/Rehab Robotics.
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reason for highlighting this project is that out of this work
came the Manus project.

Manus (Fig. 4) (14) is a sophisticated robotic manipu-
lator able to be mounted to a number of different wheel-
chairs. It has seven degrees of freedom, as well as a simple
gripper. The extra degree of freedom extends its vertical
range, allowing it to fold compactly at the side of the
wheelchair. The mounting of the arm, protruding from the
side of the chair, raises the crucial issue for all wheelchair-
mounted robots of integrating the arm with the wheel-
chair, not least to ensure no unacceptable increase in
overall width or compromise of the stability of the wheel-
chair occurs. The work started as far back as 1984 involv-
ing collaboration between IRV (Institute for
Rehabilitation Research), in Hoensbroek, led by Hok
Kwee, the Institute for Applied Physics and the TNO
Product Centre in Delft, and the Netherlands Institute
of Preventive Health Care. It is now manufactured by Ex-
act Dynamics and is on the prescription list of the Dutch
government.

Many have been sold to rehabilitation centers with
much development going on around it, but more impor-
tantly with significant sales to end-users. Manus is seen
as the standard against which other assistive robotic sys-
tems are measured. Further development of Manus is be-
ing carried out by both the manufacturers and also under
the European Commanus project (15).

The other wheelchair-mounted manipulator that is
available commercially is the Raptor (Fig. 5) (16), which
is currently being produced by Phybotics. It makes an in-
teresting comparison with Manus. Whereas Manus is a
relatively high cost, sophisticated device, the Raptor has
introduced compromises to bring the cost down to about a
third of that of Manus. In particular, it has only four de-
grees of freedom. It will be very interesting to see how
these two devices perform commercially and in terms of
their effectiveness, with their differences in cost and func-

tionality. It will also be interesting to see how the larger
American market affects the viability.

A unique approach to wheelchair-mounted manipula-
tors came from Hennequin in the United Kingdom. He
was best known for his Spitting Image satirical puppets,
which appeared on television in the United Kingdom. The
puppets used a pneumatic air muscle, which were used for
the drive motors of the Inventaid (17) wheelchair-
mounted robot. He claimed a high power-to-weight ratio
for the air muscles. He also claimed that it was simple
enough to be maintained by a backstreet fitter.

6. MOBILE ROBOTS

Compared with the workstation and wheelchair-based de-
vices, the number of mobile assistive robots is very small
and the commercial impact has been negligible. One of the
best known is probably the MoVAR system (18) from Stan-
ford University, which is essentially a DeVAR on wheels.
The mobile base had sophisticated omnidirectional ‘‘me-
chanum’’ wheels. The MoVAR was controlled from a con-
sole with several monitor screens giving feedback to the
user from an on-board camera as well as a map of the en-
vironment and a control environment. It was a very capa-
ble system, but at the time it was not packaged in a way
that would appeal to a general user. With advances in
computer technology, the idea could be revisited and a
more marketable product achieved.

As the founder of the Unimation Company, Engelber-
ger has been called the father of robotics. He has had an
interest in service robotics and particularly in medical ap-
plications. He proposed (19) the use of his Helpmate robot
as a fetch and carry robot for a disabled person. However,

Figure 4. Manus ARM. With permission Exact Dynamics. Figure 5. Raptor. With permission Phybotics.
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although the Helpmate has been successfully used for
moving supplies around a hospital, it has not been used
successfully in a rehabilitation application. The cluttered
environment of a home is not appropriate for such a mo-
bile robot.

More recently, the KARES II robot system (20) has
been developed at KAIST in Korea. This project is a wide-
ranging project investigating various modes of user con-
trol including the use of visual servoing, an eye mouse,
and a haptic suit as well as the design of the robot arm
itself. The arm has been mounted in a number of different
configurations, but primarily on a remote-controlled mo-
bile base.

A different approach was investigated at the Bath In-
stitute of Medical Engineering with their Wessex robot
(Fig. 6) (21). Having identified the shortcomings of a fixed-
site robotic workstation in a domestic environment, a non-
powered mobile base was designed. Although a worksta-
tion system works well in a vocational environment, it
may be very restricting in a domestic environment where
different tasks are normally carried out in different rooms
of the home, for example, to wash in the bathroom, to lis-
ten to music in the living room, and to eat in the kitchen or
dining room. The mobile base was intended to be moved
from room to room by a carer or might be clipped to the
front of a wheelchair.

7. BODY-WORN ROBOTS

The ultimate body-worn robot is what is termed an exo-
skeleton, a ‘‘suit’’ that can greatly enhance a person’s
physical abilities. Interest exists, mainly in the United
States and Japan, in such systems both for the elderly and
disabled as well as for the military. A system that is
claimed to be nearing commercial availability for people
with disabilities is the Hybrid Assistive Limb-5 (HAL-5),
designed by Sankai of the University of Tsukuba (22). The
earlier HAL-3 suit consisted of frames to support both the
user’s legs and has motors at knee and hip joints. The lat-
est version adds an upper arm exoskeleton. EMG signals
are detected, aiming to detect the user’s movement inten-
tions, and are input to a computer system, which controls
the motors. The system is also taught the user’s normal
stride pattern. For all body-worn systems, a major con-
straining factor is the storage of energy; HAL-5 quotes a
usable 2 h 40min using NiMH cells.

It is clear from the early work, mentioned above, that
the more traditional fields of prosthetics and orthotics
have been closely associated with rehabilitation robotics.
It is useful at this stage to define a prosthesis as an arti-
ficial limb (although the term can also be used for an in-
ternal organ or joint) and an orthosis as a device to
support or control part of the body.

7.1. Upper Limb

The early work at CASE and Rancho Los Amigos (men-
tioned above) were orthotic systems. More recently, the
Mulos project, funded under the EU TIDE funding initia-
tive (23) was a powered upper-limb orthotic system. Rah-
man et al. at the AI duPont Institute (Wilmington, DE)
have been intimately involved in the rehabilitation robot-
ics field. They have been involved in the design of powered
and nonpowered arm orthoses. In particular, their anti-
gravity arm orthosis (24) is noteworthy, although, being a
balanced system with no external power supply, it may not
come within our definition of a robotic system.

Although a lot of commercial work in prosthetic arms
and hands exists, very little of this work has used robotic
technology, but rather has been a development from ex-
isting technologies. However, one computer-controlled up-
per-arm prosthesis is the Utah/MIT artificial arm and
dextrous hand developed by Jacobsen (25). Another long-
standing project is the work that originated with the
Southampton Hand (26) at Southampton University, UK
and progressed at the Nuffield Orthopaedic Centre in Ox-
ford, UK. Initially a complex five-fingered hand, the mech-
anism has been simplified, while retaining the capabilities
of forming the hand into several functional configurations
both for precision and for power. As a continuation of this
work, the ToMPAW project (27) combines the earlier Le-
verhulme hand prosthesis with a prosthetic arm devel-
oped at Edinburgh, UK.

Two main issues in powered prosthetics and orthotics
exist. One is the issue of miniaturization and the other is
the issue of power. The problem of miniaturization is par-
ticularly critical for a hand prosthesis, where the complete
system has to fit within the outline of a human hand. The

Figure 6. Wessex robot. With permission Bath Institute of Med-
ical Engineering.
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problems of integrating a robotic system onto a wheelchair
have already been noted. The problems of prosthetics are
obviously at a far greater level of magnitude. Although a
hand prosthesis and an upper-arm orthosis require differ-
ent levels of power, both present problems in how to store
the energy to give a day’s use of the device before recharg-
ing is required. With a hand prosthesis, the requirement is
to fit batteries with sufficient capacity within the hand.
For an upper-arm prosthesis, the energy requirement is
far greater. Although the volume/mass constraints are not
so difficult, for a truly portable system, it is still a major
problem area. Besides electrical batteries, compressed
CO2 has also been used as a power supply.

7.2. Lower Limb

Blatchford’s Intelligent Knee prosthesis (Basingstoke,
UK), however, is a nonpowered device. It uses sensors to
regulate the swing of the knee, dependent on the rate of
walking and other programmable values. Although it is a
passive rather than an active device, it is truly a robot,
although nowhere in Blatchford’s publicity is the word
‘‘robot’’ used. Similarly, Otto-Bock’s C-Leg (Duderstadt,
Germany) senses the position in the walking cycle, knee
angle position, and ground force reactions to adjust hy-
draulic valves to provide the required damping.

8. SMART WHEELCHAIRS

Within mainstream robotics, a major area of both research
and commercial application is that of automatic guided
vehicles (AGV). This technology obviously has potential in
addressing the mobility needs of people with a wide range
of disabilities. All powered wheelchairs operate in two de-
grees of freedom, conventionally under the direct control
of the user, and so are not that much different from a two-
degree-of-freedom telemanipulator. Modern powered
wheelchairs will often add other powered functions such
as leg raisers and seat tilt. Most modern powered wheel-
chairs also have programmable controllers. Such chairs
may be technically sophisticated but would not make the
claim of being robotic. As soon as sensors and a control
system that can react to the output of those sensors are
added, the wheelchair becomes an AGV. Such devices are
normally referred to as smart wheelchairs. Smart wheel-
chairs use sensors to detect objects in the environment.
On-board processing of the constantly changing and mov-
ing relative environment can allow the user such func-
tions as to track a wall, go through a door, or dock at a
table or desk.

One approach is to adapt a standard commercial base.
For example, the CALL Centre in Edinburgh (UK), have
many years experience in this area. In their initial work
(28) they used a standard electric wheelchair to produce a
smart wheelchair for children and teenagers. In their lat-
est smart wheelchair, the Smart Controller acts as if it
was a second joystick plugged into the DX (Dynamic, New
Zealand) wheelchair bus system. Various Smart Wheel-
chair tools can be easily selected in different combinations
to suit the pilot and environment. Alternatively, it is pos-
sible to build a wheelchair that is ‘‘smart’’ from the outset.

Such an approach was used by the CEC TIDE-funded
OMNI project (29), which was an omnidirectional wheel-
chair integrated with autonomous control features.

The big difference between an AGV and a smart wheel-
chair is that a powered wheelchair is not normally re-
quired to be completely autonomous. The issue is how to
handle the conflicts between when the user should have
an appropriate level of control of the chair and when the
smart processor will take over, and vice versa.

A different approach to mobility comes from Dean
Kamen who invented the iBOT wheelchair. Although the
chair may be driven in a conventional way, gyroscopic
sensors allow the chair to balance on two wheels or to
climb stairs. The safety issues of relying on gyroscopes and
processors to provide the basic stability of the device are
paramount. In common with other safety critical ‘‘fly by
wire’’ systems, multiple redundancy is used. A commercial
company, Independence Technology (US) has recently re-
ceived FDA approval for the iBOT in the United States.
Since the first Everest and Jennings powered wheelchair
in the 1950s, the traditional design has changed little;
perhaps the first truly novel product for many years is the
iBOT wheelchair.

Not all assistance to mobility implies that the person
needs to be transported by the device. In 1977, Meldog (30)
was developed at the Mechanical Engineering Labs at
Tsukuba Science City in Japan. It provided mobility for a
blind person by guiding them around city streets, down-
loading a basic map, and using landmark sensors. It would
function in much the same way as a guide dog would be
used in other cultures. With the increasing miniaturiza-
tion of electronics and GPS positioning, it is possible that
the same functionality could be obtained today on a body-
worn device without the problems of kerbs and steps.

9. ROBOTICS IN SPECIAL NEEDS EDUCATION

The use of robots in education for those with physical and
learning disabilities has received attention over the years.
For example, a young child learns much from simple play
activities. However, if he has impaired mobility, these op-
portunities are greatly restricted. The Cambridge/CUED
robot (Fig. 7) (31), based on a UMI RTX robot with a vision
recognition system, allowed the child to interact with his
environment in various ways ranging from simply drop-
ping a toy brick onto a drum to painting or playing board
games.

Many electronic toys are now cheaply available on the
mainstream market, which may provide special benefits
for the disabled. However, AnthroTronix (Maryland) are
developing what they describe as telerehabilitation tools
to motivate and integrate therapy, learning, and play for
children with disabilities.

10. ROBOTICS IN COMMUNICATIONS

It has already been identified that most communication
aids are not robots, which certainly applies when commu-
nication is through an acoustic medium. Communication
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can, however, use other senses—especially visual, but also
tactile.

The Dexter hand (32) is intended to act as a finger
spelling hand for those who are deaf/blind. Such people
use finger spelling for communication, but this language is
not widely known by the general population. Dexter en-
ables someone to input text, for example, at a keyboard
that is then converted to finger spelling by Dexter, to com-
municate with a person who uses finger spelling.

One difficulty that many physically disabled people en-
counter is the desire to read a book, magazine, or news-
paper. Page turning is one of the tasks that comes highest
on the list of priorities for an assistive robot. It is also one
of the most difficult, although ways to achieve it exist.
Several page-turners exist on the market, most of them
bulky and expensive. They are often not very effective and
limited in what they can achieve, which would seem to be
a prime area for the application of robotic technologies.
For what is essentially a single function device, cost may
be a constraint, but if it was reliable and effective, a large
market would exist for such a device.

11. A REVIEW OF THE TECHNOLOGY

11.1. Commercial Device or Custom Build?

Many assistive robots have used commercially available
robots. Some of these have been industrial robots, some
sold for educational purposes, and others designed at least
partly with rehabilitation applications in mind.

The use of industrial robots presents several problems.
Industrial robots tend to be large, high load, and expen-
sive; often they are non-backdrivable or rigid. For a robot,
which needs to operate in the close environment of a user,
these traits limit the choice to the range of industrial ro-
bots that are small and relatively low-powered. The ad-
vantages of using an industrial robot are that such devices
are well-developed, highly specified, and reliable, allowing
the research and design to swiftly progress to more user-
related issues. One compact industrial robot that has been
widely used is the Puma 260 arm, used, for example, of the
Stanford DeVAR systems (7,8).

Educational robots have been used by groups starting
in this field of work, but the lack of robustness and reli-
ability of such devices means that they have not been suc-
cessful in the long term. However, in many instances, they
have proved a valuable introduction before progressing to
a purpose designed device.

The RTX robot (9,10) was designed by Tim Jones of
UMI (Universal Machine Intelligence, UK) in 1985. One of
the early application areas promoted by the manufactur-
ers was its use in rehabilitation (other application areas
were laboratory use and for educational purposes). The
original RTX robot was followed by higher-powered ver-
sions, the RT100 and the RT200. The RT series has been
widely used in assistive robotics as described in earlier
sections of this article. The Manus robot (14,15), described
above and designed specifically for a wheelchair-mounted
application, has recently been used by several research
groups in different mounting configurations.

For an assistive robot, the design and configuration of
the manipulator needs to be appropriate to the environ-
ment and likely tasks. Many robot configurations are
available (Fig. 8), some more appropriate for an assistive
robot than others. The Puma is a revolute configuration,
as is the Manus; the RT series are jointed cylindrical con-
figuration robots, also known as modified SCARA. These
two configurations have proved particularly appropriate
for rehabilitation applications.

In assistive robotics, the integration of the robot in the
environment is critical. The environment is normally cen-
tered around human users with their sensate and manip-
ulative skills. For a workstation-based system, it is
possible to arrange the workstation around the robot.
However, in order to better integrate a robot into the en-
vironment, whether a workstation, wheelchair, or mobile
base, an optimum solution may be to custom-design and
build a robot arm.

As an example, the Neil Squire Foundation designed
their Regenesis manipulator (Fig. 9) (33) to best suit the
environment and tasks. Their manipulator was based on a
horizontal beam, around which an extending arm could
translate and rotate, which gave access to a large working
volume and could be mounted at the back of a desk or
across a bed, for example.

Figure 7. Cambridge University Educational Robot. Photograph
with permission Bath Institute of Medical Engineering.
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Besides integration, other reasons for custom building
a robotic device exist. In the case of a device aimed for a
specific task, such as feeding, it may be more appropriate
to design a system particularly for that task. Although a
successful feeding device may use a commercially avail-
able robot arm (the Handy 1 device started with a simple
educational robot), a more appropriate approach may be to
start with the specific movements required to bring food to
a person’s mouth. Also, the advantage of not being reliant
on the continuing availability of a commercial device ex-
ists.

Another area that is more important for an assistive
robot to be used in a domestic environment, compared
with a purely functional industrial robot, is the aesthetic
design. An assistive robot becomes both a consumer item
and an extension of the user’s style and personality. In his
Master of Philosophy thesis, Pullin raised the question of
what the appearance of a robotic device ‘‘says’’ (Fig. 10) -

mechanical or macabre?, traditional or technological?, lab-
oratory or lounge? Similar issues have been raised by
Kwee (34).

A custom-built device, produced in small numbers, is
likely to be more expensive than one made for a wider
market in higher volumes. This disadvantage may be
countered by optimizing the design appropriate to the
specific system requirements. Any finished device needs to
be of a quality and reliability comparable with the best
commercial standards.

11.2. Arm Design

To design and build a robotic device is not a trivial exer-
cise, but offers benefits for a closely integrated system. It is
beyond the scope of this article to describe in detail the
design of a robot arm, but just to touch on the various ar-
eas that must be considered, and highlighting those of
specific relevance to assistive robotics. Many good robot
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Figure 8. Robot configurations. With permis-
sion M. Hillman, PhD thesis.
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reference books exist; a good grounding in engineering
design, from both a mechanical and electronics point of
view, is essential.

The starting point is to understand what is required of
the robot; the robot will be required to work closely with a
human user, whose abilities and needs are central. The
requirements of the robot will include:

* the movement patterns required,
* the environment in which it will be working (work-
station/mobile base/wheelchair/unstructured human
centred environment), and

* the quantitative specification (load, range, stiffness,
velocity).

With this information, and bearing in mind the other con-
siderations detailed above, a decision can be made as to
whether to purchase a commercial robot or proceed with a
custom build.

Some basic design decisions will be made early on.
Probably the most fundamental is what robot configura-
tion to use and the number of degrees of freedom. Al-
though the revolute and jointed cylindrical configurations
have been widely used in assistive robots, others might be
considered. The revolute configuration is appropriate be-
cause it is closest to a human arm. The jointed cylindrical
configuration is also similar to a human arm; as most of
the movements are in a horizontal plane, lower powered
motors can be used. To allow the end effector to be oriented
freely in any position in space requires a six-degree-of-
freedom system (not including any end effector move-
ments). Depending on the environment, it may be possi-
ble to simplify the system to less than 6 degrees. If the arm
is mounted on a wheelchair or mobile base, the base may
provide 2 degrees of freedom, but, in most instances, it is
better for all six degrees of freedom to be within the arm
itself.

Most assistive robots use electrical motors, which has
proved to be the most appropriate, although other power
devices have been used. Hydraulic systems may be used

where high force/torque is required, but this case is rare
with assistive robots and the necessary safely consider-
ations. Pneumatic systems have been particularly used for
prosthetic systems. The compliance can be appropriate in
this situation, although is less helpful in a more struc-
tured workstation environment.

A robot may be described as a series of fixed elements
joined by rotational or linear actuators. The motors to
drive the actuators may be mounted in the base or adja-
cent to the actuators. Placing the motors in the base gives
a lighter-weight upper arm, but with a more complex drive
train. The drive train may use pulleys, cables, or rotating
shafts. Mounting the motors adjacent to the actuators is
simpler but with more weight in the upper arm, the struc-
ture is not so efficient. Even with the motor adjacent to the
actuator, some gearing will be required, whether pulleys,
an integrated gearhead or spur, bevel, or worm and wheel
gears. Many different materials may be considered for the
arm structure, including aluminium, carbon or glass fiber,
plastics, or some composite structure. The aim is to
achieve maximum stiffness and strength with the most
economical use of materials, for low cost, weight, and cross
section. The cross-sectional ‘‘bulk’’ is particularly relevant
for an assistive robot where the user requires to see the
end effector clearly without moving his or her body or
trunk.

11.3. Electronics

Although a robotic device can be controlled by a simple
series of electrical switches controlling power to the mo-
tors, the assumption is that most systems will be more
sophisticated. The discussion below assumes an electri-
cally powered robot, although many of the basic systems
will also apply to a pneumatic- or hydraulic-powered ro-
bot.

The basic electronic components for a robot are as fol-
lows.

* Power supply
* Central processor
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Figure 9. Regenesis workstation.
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* Communications bus
* Motor control and drive
* Sensors

The robot will be either battery-powered or mains-pow-
ered. If mains-powered, it must be transformed or rectified
to appropriate voltage levels for both the motor drive and
processor functions. Efficient use of power is an important
issue for wheelchair-mounted robots where the power will
be taken from the wheelchair power supply; wheelchair
users are very concerned about the range of their wheel-
chairs. In the case of a robot on a mobile base, power con-
sumption is also an important issue.

The central processor is essentially a computer without
a keyboard input device or monitor display system. It may
be as small as a credit card or as large as a PC mother-
board. For a simple device, a microcontroller-based circuit
may be appropriate. With increasing computing power,
what may have seemed impractical a few years ago may

now require just an average processor system. Of partic-
ular importance are the input and output capabilities of
the processor to communicate with the user interface and
the robot hardware.

The processor will communicate with other subsystems
(particularly motor control boards and sensor devices)
along a bus system. Depending on the physical location
of these subsystems, the bus will need to communicate
over a distance of anything up to several meters. The
choice of bus will depend on the distance and amount and
speed of data (e.g., position information, control com-
mands, video picture) to be transferred. Within a robot,
a wired bus is likely, although a radio-frequency bus may
have application. For a short-distance bus, either a serial
or parallel system may be appropriate. For longer dis-
tances, the bus is likely to be a serial system because of the
considerations of feeding the cables through the arm
structure. Of particular note is the M3S bus, a develop-

Mechanical or macabre?

Traditional or technological?

Laboratory or lounge?
Figure 10. Questions of perception, identity, and taste. With
permission G M Pullin.
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ment of the CAN bus standard for assistive devices with
extra safety lines (35).

The motor control electronics may either be imple-
mented on board(s) close to the central processor or dis-
tributed through the arm, which requires the provision of
appropriate voltage levels to the motor and feeding back
the motor speeds and displacements. Motor control chips
and boards may be used that take a position/speed com-
mand and drive the motors based on feedback from a po-
sition or speed encoder. The use of such integrated control
systems is easier to implement than programming the
low-level motor control on the central processor.

11.4. Sensors

If the motor position and speed encoders give prop-
rioceptive information internal to the robot, sensing the
external environment gives exteroceptive information. A
wide range of sensing devices exist that could give useful
information. Some of the most likely to be used in an as-
sistive robot are:

* Vision systems, probably based around a CCD array.
Aweb cam is probably the cheapest device that might
be considered.

* Ultrasonic range and movement sensors.
* Infra-red sensors.
* Touch sensors. These sensors will often be integrated
into the end effector or gripper. This category in-
cludes simple switches, whisker switches, force-sen-
sitive resistors, and slip sensors.

11.5. Software

The choice of programming language and environment
will depend on the processor system being used as well as
the speed of processing required. In general, a low-level
language such as C/Cþ þ will be used for low-level con-
trol where speed of processing is important. Forth is one
language that was designed specifically for control appli-
cations. For higher level processing (such as processing
user commands), a high-level language such as Basic,
Java, or Paschal may be preferable.

Although many robot programming languages exist,
several rehabilitation-friendly programming languages
have been developed for the RT robots, although different
drivers could allow the software to be applied to other ro-
bots. One example is the Cambridge University Robot
Language (CURL) (36).

Well-written structured robot control software will
have an architecture relating the different levels of con-
trol. Several architectures are used for robot control (37).
A typical simplified architecture might be to divide the
software into:

* Execution – Low-level drivers for motors and so on,
collecting data from sensors.

* Coordination - Planning of movements.

* Organization - Input of controls from user. Degrees of
intelligent action depending on environmental
events.

11.6. Human-Machine Interface

A mobile assistive robot may be envisaged as a ‘‘slave’’—it
can be instructed to fetch an item from the kitchen or to
place a book on the shelf. If the technology is adequate for
it to operate autonomously, the instructions can be in what
is virtually a natural language, for example, ‘‘Grip the red
mug in front of you,’’ or simply ‘‘reach down to the floor.’’ A
similar approach can be taken to a workstation environ-
ment. As the environment is more structured, it is easier
for the robot to operate autonomously.

By comparison, a wheelchair-mounted manipulator
may be seen as a ‘‘third arm’’ and would normally be con-
trolled in some direct way, for example, to move the arm
forward or to grip an object. It is one of the great chal-
lenges to come up with a control system that can even be-
gin to compete with the way in which those without
disabilities freely move their arms and hands. Even with-
out the impairments that develop from a disabling condi-
tion, it is a challenge to come up with a control system that
allows a human to control a robot. For example, a simple
joystick input has two degrees of freedom whereas a robot
is likely to have six degrees of freedom. Although joysticks
with more than two degrees of freedom (even up to six) are
available, they are unlikely to be appropriate for disabled
people with movement impairment of their hands.

This distinction need not be hard and fast. It is obvi-
ously possible to drive a mobile robot around the home in
the same way one would drive a remote-controlled car,
perhaps with the benefit of an on-board camera. Similarly,
task-type commands can be given to a wheelchair-
mounted manipulator. Two approaches, however, can be
identified from the user’s point of view, whether to ‘‘drive’’
the arm or to command it at a ‘‘higher’’ level.

The role of the human-machine interface is to act as a
link between the human and the machine. It must there-
fore take into account the abilities of the user and the re-
quirements of the machine. For a flexible system, different
user abilities must be able to be used as input. In fact, for a
truly flexible system, it should be possible to control a
range of different robotic devices.

Assistive robots are normally used by people with phys-
ical impairments as a result of diseases and conditions
such as spinal cord injuries, motor neuron disease, multi-
ple sclerosis, and muscular dystrophy. In general, these
conditions lead to a reduced ability (movement, force, ac-
curacy, speed) to control an input device. Taking an ex-
ample of a two-degree-of-freedom input, a joystick may be
considered. Many disabled people will be able to use a
hand-operated joystick, although often with a reduced
level of control. Sometimes software can provide a filter
to detect the user’s intention from an input that may be
compromised by tremor or spasticity. If hand movement
cannot be used, alternatives such as head movement
(measured using an ultrasonic position detection system
or a physical joystick), a chin-operated joystick, or an eye
position tracking systemmight be used. As stated above, it
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is a challenge to control a six-degree-of-freedom robot with
a two-degree-of-freedom input. This challenge may be
overcome by changing between different modes, which
each control two degrees of freedom. Alternatively, the
joystick may be used as a switch menu. If a two-degree-of-
freedom system is not possible, two or even just one switch
scanning can be used to select items from a menu. Besides
physical switches, ‘‘Sip Puff ’’ and EMG switches may be
used. Some users may have limited reach and force capa-
bility but be able to access a larger number of switches.
The first Manus systems were designed for people with
muscular dystrophy and controlled by a 16-key input de-
vice.

For those with very limited physical ability, voice con-
trol may be considered. Although voice control may be
used to directly control the arm (for example, forward/
faster/slower/stop), problems exist because of the neces-
sary time delays to process the voice command. Significant
safety issues exist, for example, a system trained to stop
with the word ‘‘stop’’ may not recognize the word ‘‘stop’’
said in a stressed voice associated with a hazardous situ-
ation. More appropriate for voice control is to select items
from a menu or to issue natural language command. Voice
control may also be used to augment joystick control, for
example, to switch between different control modes.

If a user is controlling a two-degree-of-freedom ‘‘robot’’
using a joystick, the only feedback to the user may be the
physical position of the joystick and the physical move-
ment of the ‘‘robot.’’ In most cases, in assistive robots, some
feedback of status information to the user is necessary.
This feedback might be in an audible fashion (spoken text,
‘‘beeps’’) but is more likely to be visual. The simplest sys-
tem, used on the Manus robot at one time, was a simple 6-
segment LED display on the arm itself to indicate the
control mode. More normally, systems use a 2-D display of
varying sizes, which may be lines of text or images. Large
displays present a lot of information but may visually
block the user’s view and are likely to be more expensive.

Given the limited user control ability, maximum use
should be made of all sources of control information. A
combination of switch control, head position, and voice
control may be all used for optimum control of the robot.
Other external sources of information should be used. A
system controlled directly by a user relies purely on the
visual feedback of the human user ‘‘in the loop.’’ Use of
sensors allows the robot to move autonomously or semi-
autonomously (38). Sensor information can come from a
device that gives a 2-D or 3-D view of the environment (for
example, vision systems, ultrasonic range finders). Alter-
natively, more localized information, for example, from
gripper-mounted force or slip sensors, can be valuable in
semi-autonomously guiding a robot to grip an item (39).
The other source of information can be a database storing
known information on the environment. This information
may be input manually to the system, acquired by a vision
(or similar) system, or acquired as the user interacts with
the environment and objects within it using the robot (40).

11.7. Gripper

A robot arm is of limited ability unless it has a ‘‘tool’’ at its
end. A manipulating tool is normally referred to as a grip-
per, but more generally it may be referred to as an end-
effector. A robot may be designed to use just one end-ef-
fector, whether a very specific tool or a general-purpose
gripper. Alternatively, a robot may use interchangeable
end-effectors for different tasks.

Most assistive robots take the approach of using a sim-
ple but effective gripper, which will often be a two-jaw
system, with just one degree of freedom, to open or close.
The Manus robot (14) uses freely swiveling jaws to con-
form better to a range of objects. More complex designs
may be envisaged to replicate the functionality of the hu-
man hand. However, besides the mechanical complexity,
the user control aspects are a critical aspect of the useful-
ness of such devices. Any useful, multi-degree-of-freedom
end-effector will almost always need to be a semi-autono-
mous device, making much use of sensor systems both on
the end-effector itself as well as possibly remote cameras.
An advanced prosthetic hand may be used as a robot grip-
per, but, in practice, this approach has not proved suc-
cessful. Although much beneficial crossover exists
between robot grippers and prosthetic hands, the require-
ments of each application will require a tailored design.
For any gripper, the minimum level of sensing will be the
control of gripping force, which may be simply limited to a
predetermined level, or more adjustable control allowed.

The use of interchangeable or alternative end-effectors
has been a part of the Master (9) and RAID systems (10).
Besides a gripper, a suction tool has proved useful for
turning pages and handling paper.

11.8. Safety

The normal approach to robot safety in an industrial en-
vironment is to completely separate the robot from any
personnel, which is done using steel cages, safety inter-
locks, and sensors to detect the presence of any humans.
In an assistive robotics setting, one has to take a com-
pletely different approach; the robot is intended to work in
the close environment of the user, and sometimes to phys-
ically interact with him or her. Moreover, the human users
have limited ability to move away from a robot that might
potentially harm them. In some cases, it is appropriate to
separate the user from the robot, for example, under a
testing or training situation. For example, the Spartacus
robot (6) was a relatively high-power device and early
training of users was done with the arm behind a clear
screen.

More normally, the approach to safety is a combination
of sensors and a robot that is physically unable to apply a
dangerous level of force. Touch sensors on the arm can
detect when the arm touches a person (or other obstruc-
tion). If voice recognition software is in use, the word
‘‘stop’’ is a powerful safety instruction as long as it is ro-
bustly recognized. The safest system is one that is less
able to cause any harm, which will be through the use of
low-power motors. An arm that is light will have low in-
ertia. A related approach is to have slip elements between
the motor and actuator that will ‘‘fail’’ when too high a
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load is applied. Sometimes the danger may be through
what the robot is holding, for example, a sharp knife or
vessel with boiling liquid in it.

For all software-controlled systems, it is important for
the software to be as robust and reliable as possible. The
safest software is that which has been carefully designed,
is well structured, and extensively tested. Many protocols
for writing and testing safe software exist. One approach
used for safety-critical software on aircraft, for example, is
to have redundant processors where the results from sev-
eral processors acting in parallel are compared. Given the
cost constraints of assistive robots, a fully redundant sys-
tem may not be appropriate, but there are elements of this
approach that might be considered. Overall safety can also
be given by a watch dog system that will close down the
system if a software ‘‘crash’’ is detected. However, it is not
guaranteed that removing power from the system will
necessarily put it into a safe state.

Looking at the safety of the overall system, the ‘‘human
in the loop’’ must also be considered. A disabled user might
go into spasm causing an unwanted movement, or his
hand might slip off a joystick. It is important that it is easy
both operationally and conceptually for the user to bring
the robot to a safe stop. It is not inconceivable that a user
might want to deliberately ‘‘self-harm’’ with a robot. Ulti-
mately, with such a system, a residual risk will always
exist.

11.9. Evaluation

In designing an evaluation study of an assistive robot, the
most important questions to ask are what the purpose of
the evaluation is and what type of output information is
required? Hammel (41) identifies the use of evaluations in
the following roles:

* Conceptual brainstorming
* Clinical feasibility testing
* Viability testing - Evaluation in everyday perfor-
mance contexts

In each case, the study can be separated into goals, meth-
ods, and lessons learned.

All items of assistive technology must be developed in
close collaboration with potential users. Such users are
not just disabled people, but also domestic carers and care
professionals. Valuable feedback may be in an anecdotal
form, ‘‘I like this feature,’’ ‘‘It’s too slow,’’ and so on. It may
be in a more quantitative form such as scoring a particular
feature of the robot or potential task. Avalid comparison is
to look at the response of people to the use of a robot sys-
tem when they are first introduced to the concept and af-
ter practical experience with a system.

Currently, most studies comprise just one or a few us-
ers, and can be formally presented as case studies (42).
One of the most comprehensive case studies of an individ-
ual user is the work of Eftring (43), who studied in depth
the use of Manus by one disabled user. The Manus is be-
lieved to have over 200 end users using their assistive ro-
bot on a daily basis. When a robot has been widely used, as

with the Manus robot, a study of the cumulative experi-
ence of a large number of users would be valuable.

A greater degree of valid quantitative data can be ob-
tained by studying, for example, the time to carry out a
particular task. In evaluating the Handy 1 feeding robot
(44), Pinnington and Hegarty measured the change in
weight of children eating with the Handy 1 robot. Various
numerical scales are also used by occupational therapists
to quantify functional tasks, which may be relevant to the
study of assistive robots.

In occupational therapy, dozens of standardized assess-
ment tests exist. Their use allows the comparison of
scores. Schuyler (45) explored the use of the Jebsen
Hand Test, the Box and Blocks Test (BBT), and the Min-
nesota Rate of Manipulation Test (MMRT). Jebsen times
the manipulation of a range of household items; BBT was
developed for the assessment of the gross manual dexter-
ity of patients with cerebral palsy, and the patient is asked
to move 1 inch cubes from one side of a box to another;
MMRT involves the manipulation of two-sided draughts/
checkers pieces. Schuyler found that the occupational
therapy assessment tests identified could be administered
to measure the manipulation skill of a disabled person
operating an assistive robot.

If the aim of the evaluation is to demonstrate to an
outside group the benefits of a robot system, a study of the
costs and potential financial benefits of a robot can be car-
ried out. A lot of work was carried out by the Stanford
group using a single-subject case study to demonstrate the
potential financial savings in attendant time by using
DeVAR (46). Benefits can also be illustrated by quality of
life scores.

11.10. Commercial/Marketing Issues

The real benefit of rehabilitation robotics is in devices be-
ing readily available on the open market, so the number of
systems sold commercially is of paramount importance. A
survey in 2003 (47) showed the AfMaster system (at
$50,000) being the only workstation system commercially
available. Wheelchair-mounted robots are represented by
the Manus and Raptor robots. Manus is believed to have
sold over 200 units at a cost (dependent on training and
support package) of $35,000, whereas at that time, less
than 20 Raptors had been sold at $12,000. An interesting
comparison exists between Manus and Raptor, whether
the technically and functionally superior Manus or the
lower-cost Raptor with the benefit of the huge U.S. market
will make the greatest impact. Cost is obviously a major
constraining factor in the growth of the assistive robotics
market, but reduced costs should not be at the expense of
adequate functionality.

As an expensive item of assistive technology, the break-
through for Manus is that it is now on the list of equip-
ment prescribable by the Dutch government. This
situation has been achieved by a clear demonstration of
the cost effectiveness of Manus over many years experi-
ence and close work between Exact Dynamics, manufac-
turers of Manus, and RTD, the Dutch prescribing agency
(48).
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Feeders are an interesting lower-cost area. The Wins-
ford feeder has been available for many years and sold
2000 units at $2499; it is not actively promoted as being a
robotic device. The Handy 1 is the device that is most ob-
viously marketed as being robotic, but its cost is highest at
$6300. Other feeding ‘‘robots’’ are the Neater ($3600) and
the MySpoon ($3200).

12. ALTERNATIVES TO ROBOTICS IN REHABILITATION

Before concluding this survey, the alternatives to using
robots in rehabilitation should be considered. These alter-
natives should be seen not as competition but as comple-
mentary. Most assistive robots aim to be multifunctional,
but stand-alone devices, whether sold specifically for the
disabled market or mainstream market, can have ele-
ments of the same functionality. One area of growth at
the moment is the integration of different technological
devices and approaches, particularly within a smart house
environment.

Today, many activities can be carried out on a computer
without the need to interact with the real world. Examples
are computer art and music, computer chess, and the
whole area of 3-D computer games and virtual reality.

Animals are often used in rehabilitation. Dogs are par-
ticularly used to guide the blind, but may also be used to
assist those with mobility and hearing impairments. Mon-
keys have also been used, although they are more difficult
to train. Human carers will always be important. Against
the issues of independence must be balanced the need for
human interaction and companionship. However sophis-
ticated a technical system might be, it is unlikely to match
the abilities of a human.

In parallel with the development of robotic devices for
rehabilitation, much research is continuing into the ori-
gins and treatment of debilitating diseases and conditions.

13. CONCLUSIONS

However good the research may be, success is ultimately
measured in assistance being given to patients and dis-
abled people in real life. Research must be seen as a step-
ping stone to commercial products, which will be through
devices being sold and bought commercially (whether
through private, institutional, or state funding). For de-
vices to succeed commercially, the correct balance between
function and cost must be achieved.

Although the use of robots in industry is well-estab-
lished and a growing market exists for service robots (in-
cluding robots to cut the lawn and to clean the floor, as
well as in physical rehabilitation), the uptake of robots as
assistive devices has been disappointing. A major factor is
that assistive robotics is being asked to perform a much
more general purpose task than any of the examples given
above. Objections and reservations on the use of robotics
in assistive technology, expressed by both users and care-
rs, include:

* High cost: High cost is often cited as being a reason
for the slow uptake of assistive robotics, although

other assistive solutions can be equally expensive.
The high cost problem is more often the cost that is
being asked, for what is currently a limited function-
ality.

* Low functionality: This obstacle is a complicated bal-
ance against cost. Often the functionality has been
compromised by both the demands for a low unit cost
and restrictions on the development resources.

* Demands on the user: Most assistive robotic devices
operate on the basis of an intelligent user in the loop
of control, which allows the robot to operate in an
unstructured environment, but demands that the
user, often a disabled person with limited functional
mobility, has to provide many commands through a
low communication ‘‘bandwidth.’’

* Obtrusiveness of the technology: For adequate reach
and lifting capability, a robotic device will be large,
which is particularly a problem for use on a wheel-
chair, which is a very restricted environment. The
weight of a robot makes it difficult for a carer to move
the device about.

* Fear (perceived) of a robot: Although some users are
attracted by the technologically advanced label of a
robot, others see this technology as a threat.

However, experience with volunteer users and those who
use the technology in their day-to-day lives, suggest that a
real potential benefit exists to be realized. The success of
Handy 1 and Manus show the way to a time when assist-
ive robotics may be as accepted as powered wheelchairs.

One way in which the field of assistive robotics will ex-
pand is with a move away from the traditional idea of a
robot ‘‘arm’’ to the concept of using robotic technologies—
sometimes as a multifunctional device, or sometimes as a
single function tool—in the most appropriate fashion. In-
creasingly, robotic technology will be part of a wider smart
environment. A convergence will also occur between de-
vices developed for people with disabilities and main-
stream consumer products, particularly in the area of
electronics.

This article has consistently referred to such devices as
‘‘robots,’’ but does it matter whether it is a robot—should
the ‘‘R’’ word be used? Commercially, the word robot may
be used positively to give an impression of technical so-
phistication. On the other hand, many consumers are
frightened by the word robot. However, ultimately and fi-
nally the most important aspect is the benefit of disabled
people and their carers.
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1. INTRODUCTION

In order to guarantee the inclusion of people with dis-
abilities, experts working in different disciplines such as
engineering, medicine, and psychology conceived this new
field of technological development, which is today consid-
ered to be part of biomedical engineering. Assistive tech-
nology pursues inclusion of the users by means of devices,
techniques, and services that enable them to overcome the
limitations induced by their disabilities. This article has
been conceived by the authors in order to introduce the
field of disability to novice readers.

1.1. Disabled and Elderly People in the Present Society

The capability of people for living a normal life, as
members of the human specie, depends on their genetic
inheritance and their relationships within the physical
and social environments they are immersed in.

On the one hand, if a subject presents a genetic
predisposition, several disabilities may appear, limiting
his ability to perform certain tasks (e.g., Huntington
disease). On the other hand, if the evolution of a subject
through his whole life differs from what is naturally
expected, because of accidental circumstances (e.g., road
traffic accident), than additional disabilities might appear
(e.g., spinal cord injury, palsy). Finally, the natural degen-
erative process that takes place as the subject gets older
may produce similar effects (e.g., hearing impairment). In
both groups, disabled and elderly people, inclusion is
threatened because of the loss of autonomy and the lack
of ability to perform certain tasks (Fig. 1).

At this point, it should be considered that the most
optimistic statistics show that more than 500 million
people are affected by some kind of disability all over the
world (80% in developing countries). Besides, an average

prevalence rate of disabilities of 25% of the population
may be found in many countries, but just 10% suffer from
limitations along their daily life routine. However, the
impact of these limitations on the social inclusion of people
with disabilities differ from country to country, depending
on external factors such as the degree of social support
offered by the community as well as the socioeconomic and
technological levels of the country. In this sense, it is
admitted that around 350 million of people with disabil-
ities in the world cannot have access to proper social,
health, and technological support, as it is happening in
third world countries and in some developing countries,
where prevalence rates as high as a 50% of the population
may be found. Moreover, around 10 million refugees, of
those spread all over the world, are affected by some kind
of disability.

Obviously, the situation in the United States signifi-
cantly differs from that of developing countries, as it may
be found after analyzing the data from different popula-
tion databases (1,2), as well as those from the national
census (3). According to these sources, the disabled popu-
lation in 2000 was estimated to be close to 50 million
people, that is, slightly greater than 18% of the population
of the United States in the same year (over 53 million
people and 18.2% in 2005). If this analysis is centered on
the disabled population of working age, only 56.6% had a
job, whereas 77.2% of the nondisabled people had a job (4).

If a similar analysis is performed on the data from the
European Union for that same year, the disabled popula-
tion may be found to be close to 38 million (58% are women
and 70% elderly), a value slightly greater than a 10% of
the EU population (5). At this point, population aging
should be considered a major concern for the quality of life
of future generations. As an example, the average life
expectancy in the United States has increased from 46
years in 1900 to 77 years in 2002. In the world scenario,
the elderly population (close to 600 million today) is
expected to reach 2 billion by 2050 (6).

As both disabled and elderly people may be affected by
deficiencies and handicaps, public and private organiza-
tions should consider them as a whole when developing
policies and programs toward their social inclusion.

1.2. Deficiency, Disability, and Handicap

As these three concepts are often misused as synonyms,
the authors have included their definitions in order to
explain the differences between these terms.

* Deficiency: lack or alteration of a physiological struc-
ture or psychological function.

* Disability: lack of capacity (because of a deficiency) to
perform a task that is considered normal according to
age, sex, and social situation.

* Handicap: adverse situation for an individual that
makes achievement unusually difficult or impossible,
as a result of a deficiency or disability.
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Figure 1. Evolution of disabled population and aging.
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1.3. Right to Accessibility, Social Integration, and Self-Care

Inclusion of people with disabilities in all areas of society
is usually remarked as one of the main goals for most of
the international organizations working for the advance of
people with disabilities. Current trends in support policies
have left the traditional paternal-like care schemes in
favor of new ones based on a modern concept for disability.

In this sense, it is now widely accepted that disabled
persons have the inherent right to respect for their human
dignity and have the same fundamental rights as their
fellow citizens of the same age. They are entitled to the
measures designed to enable them to become as self-
reliant as possible and to develop their capabilities and
skills.

For this purpose, social integration should be reached
by proper training of the remaining functionalities of the
user, as well as the adaptation of the environment and the
tools required by the different tasks to be performed. In
other words, social inclusion may be assured after the
user’s accessibility is guaranteed. At this point, accessi-
bility may be defined as the ability of products, services,
and environments to be used by these people. A more
detailed definition of this term may be extracted after that
provided for software accessibility, which may be stated
as:

‘‘Accessibility refers to the ability of products and
environments to be used by people. In this particular
context, accessibility is used to refer to the ability of
standard application software to be accessed and used by
people with disabilities. Although the way people access
the software may vary, a program is accessible to an
individual if the individual is able to use it to carry out
all of the same functions and to achieve the same results
as individuals with similar skill and training who do not
have a disability (7).’’

Besides, it should be said that it is an integral part of
usability, as access results in the ability to use a product,
program, or service. The concept of usability was exten-
sively used by software developers since the early days of
computer programming. In this sense, usability was con-
sidered to be the ease with which a user can learn to
operate, prepare inputs for, and interpret outputs of a
system or component.

The term usability was initially defined in 1998 for the
computers systems in ISO 9241-11(1998) ‘‘Ergonomic re-
quirements for office work with visual display terminals,
VDTs,’’ and later revised in order to include all kind of
products (ISO/DIS 20282, Usability of everyday products).

In these standards, usability is defined as ‘‘the extent to
which a product can be used by specified users to achieve
specified goals witch effectiveness, efficiency, and satisfac-
tion in a specific context of use.’’

Three additional terms exist related to usability, also
defined by ISO 9241:

* Effectiveness: ‘‘The accuracy and completeness with
which specified users can achieve specified goals in
particular environments.’’

* Efficiency: ‘‘The resources expended in relation to the
accuracy and completeness of goals achieved.’’

* Satisfaction: ‘‘The comfort and acceptability of the
work system to its users and other people affected by
its use.’’

In a similar manner, ISO ISO TS 16071 ‘‘Ergonomics of
Human-System Interaction-Guidance of Software Acces-
sibility,’’ defined accessibility as ‘‘the usability of a product,
service, environment, or facility by people with the widest
range or capabilities.’’

Obviously, different disabilities require different acces-
sibility solutions. Regarding this last fact, a review of the
different disabilities is included in the next subsection.

1.4. Classification of Disabilities and Emerging Disabilities

The simplest classification of disabilities relates these to
the physiological structures affected. From this point of
view, the disabilities may be:

* Physical: This kind of disability is originated by
deficiencies in the bone, muscle, or neuromotor sys-
tems, which affect mobility and manipulation.

* Cognitive: This group includes those disabilities
whose origin lies on deficiencies at brain level, affect-
ing the intellectual capacity. Among others, reason-
ing, language, and communication may be affected.

* Sensorial: These deficiencies are those affecting or-
gans and tissues involved in sensorial perception
(vision, hearing, touch).

* Multiple: Occasionally, these alterations may appear
simultaneously, leading to multiple disabilities.

In order to settle a unifying framework for classifying the
consequences of disease, the World Health Organization
(WHO) introduced, in 1980, the International Classifica-
tion of Impairments, Disabilities, and Handicaps (ICIDH)
for trial purposes. After 9 years of international revision
efforts, the World Health Assembly on May 22, 2001
approved the International Classification of Functioning,
Disability, and Health (ICF) (8). This classification of
health and health-related domains (domains that help
describe changes in body function and structure) focuses
on both capacity and performance levels of the subject.

In this regard, the level of capacity of a subject evalu-
ates what a person with a health condition can do in a
standard environment, whereas the level of performance
is related to what he or she actually does in his or her
usual environment. For this purpose, ICF proposes up to a
hundred descriptors for the classification of the different
disabilities in terms of the affected functions and anato-
mical structures. At this point, it should be said that the
benefits of ICF extend further than just being a mere
classification methodology.

On the one hand, during the classification process, it is
possible to extract valuable information related to the
possibilities of rehabilitation and interaction within the
environment, leading to the identification of those aspects
that should be modified in order to guarantee the inclu-
sion of people with disabilities. On the other hand, it is
also possible to identify the so-called emerging disabilities,
those appearing after the introduction of new demo-
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graphic (i.e., population aging and migration), social (i.e.,
the advancements in health care), and even technological
frameworks.

It should be said that because the development of new
technologies (e.g., Internet) also leads to new activities,
jobs, and situations, it may also give rise to new challenges
for the inclusion of the disabled and the elderly. Besides, it
may also lead to the introduction of new terms such as
driver disabilities (those affecting the ability for driving)
or e-disabilities (those related to the use of computers and
information technologies) that did not exist before.

2. ASSISTIVE TECHNOLOGY

As mentioned before, disabilities appear after the devel-
opment of conflicts between the capabilities of the user
and his or her environment; so both factors should be
taken into account when looking forward to a solution
based on the design of dedicated systems and new social
and technological resources.

For this purpose, two different approaches are usually
followed. In some occasions, custom technological solu-
tions have to be developed, whereas in other cases, exist-
ing technological tools have to be adapted to the
capabilities of the subject and the requirements imposed
by the task to be performed (hence the introduction of the
term adaptive technology). Thus, it is easy to come out to
the idea that technology either ‘‘assists’’ (i.e., helps the
user) or ‘‘adapts’’ the available resources (i.e., so that the
user can use them), leading to an initial definition for the
main goal of assistive technology (AT).

2.1. Definition of Assistive Technology

Since the early attempts for helping people with disabil-
ities through technology, many terms have been used for
describing this engineering discipline. Among others,
prosthetics and orthopedics, rehabilitation technology
(RT) or rehabilitation engineering (RE) (9), assistive tech-
nology (AT), and biomedical engineering of the disability
have been proposed throughout history.

In our opinion, this last term provides a holistic defini-
tion of this scientific field at present, but it has not been
widely adopted because of its inherent complexity. This
situation is similar to that faced by Enderle (10) when
setting the non-interchangeability of the terms assistive
technology and rehabilitation engineering after defining
the first one as ‘‘a result of the rehabilitation engineering
activities; as the health care is for the medicine practice.’’

It is usually admitted that the first definition for
rehabilitation engineering was given by James Reswick
in 1982 as ‘‘the application of the science and technology
on the solution of the problems of people with disabilities.’’
In 1988, the term assistive technology is introduced in the
third paragraph of the U.S. Technology-Related Assistance
for Individuals with Disabilities Act (PL100-407), which
has become known as the Assistive Technology Act. This
act was later modified by the PL101-476 Federal Regula-
tions for the Individuals with Disabilities Education Act
(PL 101-476) to make it more applicable to children with
disabilities, leading to the finally adopted definition for

this term: ‘‘Assistive technology means any item, piece of
equipment or product system, whether acquired commer-
cially off-the-shelf, modified, or customized, that is used to
increase, maintain, or improve the functional capabilities
of children with disabilities’’ (11).

This definition was later revised in order to include the
different fields of engineering involved (12): ‘‘Assistive
technologies include mechanical, electronic, and micro-
processor-based equipment, non-mechanical and non-elec-
tronic aids, specialized instructional materials, services,
and strategies that people with disabilities can use either
to (a) assist them in learning, (b) make the environment
more accessible, (c) enable them to compete in the work-
place, (d) enhance their independence, or (e) otherwise
improve their quality of life. These may include commer-
cially available or home-made devices that are specially
designed to meet the idiosyncratic needs of a particular
individual.’’ As this last definition includes materials,
services, and strategies, it is clear that the scope of this
discipline extends further than just the mere use, re-
search, and development of technical aids.

2.2. From Technical Aids to Assistive Technology

Traditionally, the term technical aids referred to that set
of tools designed for compensating the user’s disability or
handicap by means of function substitution or augmenta-
tion. Thus, it seems clear that this term made reference to
physical and technological objects, leaving apart the so-
cial, formative, and organizational aspects of the disabil-
ity.

However, in the last decades, the AT has been coined as
a new philosophy able to promote the support and assis-
tance of people with disabilities, from a holistic scope of
the problem. As far as this goes, this technology branch is
configured as a complex infrastructure made up by tech-
nical aids, but also by any service, programs, or other item
that helps to avoid or reduce the disadvantages of people
with disabilities toward their social inclusion. For this
purpose, a great interdisciplinary labor is required; im-
plying varied kinds of professionals in the fields of med-
icine, engineering, biology, and other fields as well
(politics, socio-economic, etc.) (13).

According to the International Organization for Stan-
dardization, technical aids (TA) are defined as those
‘‘products, instruments, technical devices or systems to
be used specifically by disabled people or/and elderly
people, available on the market to prevent, compensate,
or shorten a handicap.’’ These products and devices are
usually classified according to the guidelines proposed by
international standards such as the ISO 9999 or ‘‘Classi-
fication of technical aids for persons with disabilities.’’

The first publication of ISO 9999 was in April 1992 with
an integral approval by CEN of ISO 9999 as EN
29999:1994. At the moment, the latest (third) edition
published is the ISO 9999:2002, and the ISO/TC173 SC2
is working on the revision of this document (fourth edi-
tion). This international standard establishes a classifica-
tion of technical aids for persons with disabilities,
especially produced or generally available. It is restricted
to technical aids intended mainly for the use by an
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individual. Technical aids used by a person with a dis-
ability and that require the assistance of a helper for their
operation are included in the classification, but not those
used by professionals only.

Basically, TAs were conceived to act as interfaces
between the disabled user and the standard resources
(tools, services, etc.) designed for nondisabled users, how-
ever, without thinking of the difficulties that its use would
produce on users with disabilities.

The progressive social sensibilization with regard to
disability ended up influencing the design parameters of
not just technical aids but also those considered for the
introduction of new tools or devices intended for everyday
use.

This process began with the introduction of the classic
concept of ergonomic design (i.e., centered design on the
average user) and evolved through custom and adapted
design (i.e., adapted to the user differences) toward the so-
called universal design or design for all, used at present.

In this sense, this last design philosophy recommends
that all the objects, tools, and services had to be designed
more usable for more people (as will be discussed in depth
later in this article). Apart from improving accessibility of
the disabled (i.e., as no adaptation should be required), the
application of this principle increases usability by general
users.

At present, universal design and usability criteria are
applied in all the fields of technology in order to eliminate
barriers and handicaps.

In this regard, as a need for quantifying usability
exists, an extended concept for it has been defined by
Roca-Dorda et al. (14). So, it was suggested that usability
of all devices (as well as products and assistive services)
should include at least four independent components
identified as:

* Intrinsic Usability (IU): IU is offered by the product
or systems to the nontrained user (because of its
hard-soft design, functional organization, etc.).

* Training Usability (TU): TU is the component of
usability that can be improved by proper training of
the user for device operation.

* Adaptive Usability to Diversity (AUD): AUD is re-
lated to the device ability to maintain a minimum
usability range, when it is used by different disabled
users with slightly different characteristics. It may be
found as the quotient between the usability range (of
the device) and the diversity range (of the users).

* Adaptive Usability to Evolution (AUE): AUE is re-
lated to the capability of the device to adapt to a
degenerative evolution of the remaining functional-
ities of the disabled user. It may be calculated as the
quotient between the usability range (of the device)
and the degenerative evolution range (of the users).

All of these components may be combined in a linear
expression in order to get a unified measure for usability:

Usability¼K1 � IUþK2 � TUþK3 � AUD

þK4 � AUE

K1þK2þK3þK4¼ 1 and 0 � Ki � 1; for i¼ 1; 2; 3; 4Þ;

where K1 to K4 are weight constants whose value must be
defined according to the intended use for the device.

In this sense, as K4 affects the AUE, it should be
increased for elderly people and other users affected by
degenerative processes. In a similar way, K3 should be
increased if the device is installed in a public space, in
order to be used by a diverse disabled population, as it
modifies the AUD. Additionally, K2 should also have to be
increased if people with cognitive disabilities are consid-
ered as potential users. On the other hand, if the device
under evaluation should offer a high grade of usability at
first sight (e.g., an automatic teller machine located at an
international airport), K1 should be increased, which
would allow untrained users to operate the device effi-
ciently.

In short, the balance among these constants should be
chosen as a function of both the final audience of the
product as well as of the environmental conditions of its
operation.

For instance, the study of the usability of different
devices used as computer mice, which is being carried
out by the authors, centers on intrinsic usability evalua-
tion. For this purpose, a custom tracking task (15) has
been chosen to measure the spatiotemporal accuracy of
the pointer-to-target response.

On the one hand, as this task requires many of the
resources available to the user at different levels (physical,
sensorial, and cognitive) (16), the intrinsic usability may
be evaluated. On the other hand, as performance improves
after the first time the tracking task is used, training
usability may be also evaluated. Similar testing methodol-
ogies may be defined for other kinds of products and
services, as happens in the evaluation of the usability of
graphical user interfaces (GUIs) (17).

Besides the above application, measuring usability
may be valuable for:

* Adequate selection (i.e., the best device).
* Proper configuration (i.e., the best settings).
* Measuring user’s adaptation (i.e., the results of train-

ing or rehabilitation).

2.3. AT Resources

In order to get to the final inclusion of the disabled,
assistive technology makes use of different resources, as
follows:

* AT Products and Devices (AP & AD): AP & AD are
those technological resources, of diverse technical
complexity, that help disabled people to minimize
their handicaps, thus increasing their quality of life.
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These may be either custom-designed (i.e., specially
conceived for disabled people) or commercially avail-
able (i.e., designed for a general audience).

* AT Services (AS): AT services are those services
covering different issues related to the care and
support of the disabled, such as social health and
education, among many others. These services are
usually oriented toward disabled users, their fa-
milies, and the professionals involved in their social
inclusion.

In order to provide a deeper overview of these products
and services, the next sections will introduce general
classification for both kinds of resources.

2.4. Classification of Assistive Products and Devices

If a top to bottom approach is used, APs and ADs may be
classified according to different factors such as their
technological level (i.e., how complex), design character-
istics (i.e., custom vs. general design), the disability affect-
ing the user, and the type of aid provided by them (10,18).

2.4.1. Technological Level. From this point of view,
devices and products can be classified as:

* No-tech products: Simple objects used in everyday
life by common people (e.g., book-stand, toilet seat
raiser).

* Low-tech Products: Those products derived after the
adaptation of existing simple tools (early concept
boards, dressing aids, etc.).

* Medium-tech Products: Products and devices of cer-
tain technological complexity that are specially con-
ceived for AT use (e.g., wheel chairs).

* High-tech Products: These complex systems include
innovative technological resources from different
fields of technological innovation such as information
and communication technologies, robotics, and bio-
medical engineering.

2.4.2. Design Characteristics. According to the design
criterion, assistive devices and products can be:

* A consequence of a specific development in AT field
(i.e., custom products).

* A result of the adaptation of standard devices (i.e.,
non-AT devices).

* Derived after adapting existing assistive products.
* Off-the-self assistive products (i.e., ready-made assis-

tive devices).

2.4.3. Kind of Disability. In this sense, assistive pro-
ducts and devices may be classified as a function of the
kind of disability affecting the user. The most classical
classification groups them as devices and products for:

* Physical disabilities.
* Psycho-cognitive disabilities.

* Sensory disabilities.

2.4.4. Type of Aid Provided. From this point of view,
assistive devices and products can be classified according
to the way their aid is provided, aside from their techno-
logical foundation.

* Alternative aids: Alternative aids are those aids
offering alternative ways for performing tasks (e.g.,
pushing a button instead of pulling a handle).

* Augmentative aids: The operation principle of these
devices relies on the augmentation or amplification of
the remaining functionalities of the disabled (e.g.,
magnifying glasses, hearing aids, crutches, orthope-
dic harnesses).

* Substitutive aids: In these devices, the damaged or
limited body functions are substituted by another of
the remaining functionalities (19) (e.g., using Braille
lines as computer monitors and strobes lights as
phone ring indicators).

2.4.5. Device Role. ISO 99999 proposes the classifica-
tion of APs and ADs into the following groups according to
their role:

* Therapy and training aids.
* Orthosis and prosthesis.
* Aids for hygiene and personal care.
* Aids for personal mobility and transportation.
* Aids for home care.
* Furniture, households, and buildings.
* Aids for communication, information, and signaling.
* Aids for object handling.
* Tools, machines, and environmental adaptations.
* Aids for leisure and spare-time activities.

At this point, the reader should have noticed the variety
and diversity of assistive products and devices available
for disabled people. In order to complete this review, the
next section will introduce the different families of assis-
tive products and devices.

2.5. A Brief Overview of Assistive Products

This section systematically reviews the different families
of assistive products, according to the kind of disability
they are intended for.

This discussion only covers the most representative
products for each family, so the reader is encouraged to
review some other references (10,18,20–22).

2.5.1. Devices and Products for Physical Disabilities. Un-
der this category, most products and devices related to
mobility and manipulation are reviewed, except for those
related to prostheses and orthoses (as these are exten-
sively treated in other chapters of this encyclopedia). This
family of assistive resources includes devices and products
for:
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* Mobility and transport: Wheelchairs (motorized or
not), special vehicles, and adaptations for cars; lifting
platforms and cranes; standing aids, walkers, rolla-
tors, and canes.

* Hygiene and personal care: Toilet seats and stands,
bath chairs, lifts and lying supports, etc.

* Household tasks: Feeding (from spoons and nonspill
glasses to robotic arms for the severely disabled),
house cleaning and labor, etc.

* Augmentative and alternative communication
(AAC): This family includes those devices intended
for helping people with limited speech or writing
capabilities.

* Computer access: As many disabled users cannot
operate computers through standard input/output
peripherals, special devices have been designed for
this purpose. Among many others, disabled people
may use dedicated keyboards (extended, reduced, or
programmable), mouse emulators, head-mounted
gaze trackers, voice recognition systems, scanning
access systems activated by switches (from the sim-
plest electromechanical ones to those activated after
biosignal processing (e.g., EMG and EOG switches),
brain computer interfaces, and also auxiliary ele-
ments (keyboard guards, head pointers, disk inser-
tion tools, etc.).

* Autonomy enhancers: Robotic assistants, page-turn-
ers, graspers, adaptable pointers (mechanical and
lasers), and home control systems.

* Leisure time accessories.

2.5.2. Devices and Products for Psycho-Cognitive Disabil-
ities. In this field, AP may cover the different functions in
order to overcome the limitations of some individuals in
learning processes (interpretation and settling of relation-
ships among abstract concepts), execution of complex
tasks, language comprehension, and so on.

For this purpose, several APs are available, such as:

* Task sequencers: These APs (configured around PCs
or PDAs), break down complex tasks into simple
operations that the disabled person is supposed to
execute one at a time (in order to do this, a graphical
interface offers the disabled a visual cue of the task
required to be completed before receiving further
instructions for the execution of the next operation).

* Relational association devices: Built around graphi-
cal pads, these products are used within early stimu-
lation training programs, or with users of very low
cognitive resources.

* Concept communicators: Often used within the field
of AAC, these devices can help people, enabling them
to understand what is said to them and say or write
down what they want. These devices are structured
around portable communication boards or concept
pads that enable communication through ideographic
or symbolic methods (23).

2.5.3. Devices and Products for Visual Disabilities. These
products are intended for helping people with sensorial
disabilities affected by blindness or reduced vision. Among
many others, vision impaired people may use:

* Implants: These devices enable the generation of
luminous impressions directly over the brain as a
result of electrical stimulation at different levels of
the vision system (retinal or cortical electrode ar-
rays). At present, edge detection and contrast en-
hancement systems are setting the basis for the
future direct vision prosthesis.

* Complementary mobility aids: This family of devices
ranges from the simplest object detectors that work
under the principle of sensory substitution (tactile or
auditory feedback) to the more recently introduced
environment visualizers that provide a 3-D ‘‘sonic
image’’ of the environment surrounding the disabled
user.

* Reading aids: Reading aids include such devices as
screen readers and screen explorers (that transcribe
the contents and structure of the computer screen
into speech), Braille lines, screen magnifiers, optic
aids (lens and magnifying glasses), augmented rea-
lity devices, and so on.

* Writing aids: Writing aids include devices such as
typewriters, Braille keyboards, Braille printers, and
so on.

2.5.4. Devices and Products for the Hearing Impaired. A-
part from cochlear implants that turn sounds into elec-
trical impulses applied at the auditory nerve by means of
internal electrodes (which are covered in depth by other
articles in this Encyclopedia), other devices and products
(hearing aids, etc.) may be considered for these sensorial
disabled people.

* General communication tools: These devices consist
of hearing aids (mostly digital and programmable
built around Digital Signal Processors, DSPs), trans-
mitters (used in classrooms and conference halls),
light signalers (used for translating sound warnings
into visual cues appearing on the screen), and tactile
indicators for the hearing impaired (e.g., vibration
units used at mobile phones).

* Telephony: Telephony devices include telephony aids
(amplifiers, coils) and text telephones (TDD/TTY)
(composed by an alphanumeric keyboard and a small
screen that enables the composition of texts to be sent
through a modem). Text telephony relay services
enable the hearing impaired to perform calls to
standard telephony users. In these services, a spe-
cially trained communications assistant relays the
message by reading the text message to the hearing
person at the other end. Then relays the hearing
person’s spoken words by typing them back to the
TDD/TTY user. Fully automatic systems based on
speech recognition and syntheses are currently under
research.
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Finally, it should be said that, aside from the type of
disability being considered, the resources described above
may be integrated within more complex systems that
overcome the limitations of these products when operated
in a stand-alone environment (24).

2.5.5. Devices and Products for the Disabled and the
Elderly. As previously discussed, disabled and elderly
people may be affected by the same kind of deficiencies
(e.g., elderly people are usually affected by mobility re-
duction and hearing impairment). In order to overcome
these handicaps, both user groups may use similar solu-
tions such as:

* Home control systems: By means of these environ-
mental control systems, it is possible to activate,
deactivate, and adjust the operation of the electric
appliances and even the communications, comfort,
and security systems of the user’s home. These
systems include different facilities such as sensing
(light, temperature, flooding, fire, gas, surveillance,
etc.), control (door openers, blind drivers, gas and
water valves, etc.), and communications (telephony,
Internet services, etc.). In order to connect the differ-
ent components of these systems, dedicated buses
(using coaxial or twisted-pair cables), power lines
(carrier currents over 100 kHz), or wireless links
(infrared, radio frequency, Bluetooth, WiFi, etc.) are
used. This technology has evolved significantly since
its introduction back in the 1970s to the present-day
systems such as the EIB/KNX bus, although classical
systems such as the popular X-10 are still being used.
With the introduction of additional services (teleme-
dicine, telecare, and telework) and technologies (ubi-
quitous computing, intelligent sensors, and fiber-
optic networks) (25), these systems have turned to
be the most powerful tools for guaranteeing the
autonomy and the integration of the disabled and
the elderly (26). An application of home control
technologies for the disabled and the elderly may be
found in Fig. 2, which shows a prototype for a voice-
controlled motorized hospital bed that included en-
vironmental control of the patient’s room.

* Security control systems: Usually integrated within
home control systems, security control systems make
use of the existing sensors to generate the proper
alarm signals after receiving information about the
activity of the surrounding environment of the dis-
abled, such as smoke or fire presence, activation of
electric appliances, flooding detection, intrusions,
and so on.

* Remote assistance or telecare: These systems (that
may be integrated within home control systems)
provide remote assistance, which is vital for preser-
ving the autonomy of the disabled and the elderly
without affecting the security and self-care of these
people (27).

* Telemedicine: Remote monitoring of the health state
of the users (through phone, GSM, Internet, etc.) is

usually offered by health providers from private
enterprises and some government organizations.

* Telework: The possibility of working from the home
(also known as telecommuting) by means of computer
access systems and Internet-related tools (e-mail, ftp,
www, etc.) has opened a new front for the social
integration of the disabled.

* Teaching, distant, and self-paced education: The in-
troduction of e-learning systems and the advances in
telecommunications have enhanced the access to
education, the most powerful means of integration.

2.5.6. Other Devices and Products. Aside from the pro-
ducts and devices previously reviewed, APs and ADs exist
that are specially oriented for the workplace, adapted
furniture (for both work and living), adapted transport
and public facilities, and urban and architectonic accessi-
bility, which should be included as additional categories.
An example of many of the above-mentioned devices may
be seen in Fig. 3.

2.6. Assistive Product Selection

Adequate selection of technological aids and APs (from the
myriad of them commercially available) starts with a
multidisciplinary evaluation of the user that has to be
carried out by different actors such as supporting profes-
sionals (physicians, rehabilitators, psychologists, educa-
tors, and engineers), the user itself, and his/her family.
This process must begin by making an evaluation of the
disfunctionalities, limitations, and difficulties of the user,
as well as for the specific requirements imposed by his/her
habitual environment (home, work, leisure).

Once these requirements, as well as the capacities and
limitations of the subject, have been identified, the typical
methodology follows the next steps:

A. First, the different solutions offered by different
commercially available APs are analyzed in terms of
efficiency, adaptability, quality/price, and so on.

B. A trained advisor is recalled to make an initial
selection of the most appropriate technological aid.

C. The degree of adaptation of the selected product to
the user’s particularities is studied for a period of time
long enough to observe if further adaptations are required.

D. These results are then cross-compared with those
offered by the different adaptations initially selected. At
this point, the satisfaction of the end users should be a
primary concern. Once this stage is finished, the proper
technology suitable for that disabled user should be avail-
able.

On the one hand, this methodology should be adopted
from a clear understanding of the subject-environment
interrelationships (Fig. 4 illustrates the actions of the rest
of the actors involved in the process of selection and
evaluation of the proper AT resource). On the other
hand, it should not be forgotten that the basic problem
to be solved by AT will be that of getting the successful
adaptation of the user within the different tasks, (despite
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the limitations imposed by the disfunctionalities and the
resources required by these tasks).

With this last statement in mind, it is easy to under-
stand why APs should be organized in a manner that
minimizes the ‘‘load’’ induced into the user during the
operation, in order to reduce the probability of rejection or
‘‘under-exploitation’’ of these by the users. Regarding this
last idea, if this dilemma is centered within the design and
technological aspects of the APs (despite the sociological
and legal issues), the problem may be approached from the
points of view offered by engineering psychology, ergo-
nomics, or human factors in design and engineering
(28,29). In this sense, the identification and quantification
of the human factors involved in the operation of the APs
should not be forgotten when considering different AT

solutions for overcoming the limitations imposed by dif-
ferent disabilities.

From this point of view, it is usual to consider four
different areas related to the requirements or ‘‘load fac-
tors’’ imposed by the different tasks:

* Physical requirements (physical exertion, movement,
manipulation, etc.).

* Cognitive requirements (reasoning, analysis, and
memory capabilities, etc.).

* Linguistic requirements (message and signaletics
comprehension capabilities).

* Temporal requirements (time required for completing
the task).

Figure 2. Voice controlled hospital bed for the
disabled and the elderly. This prototype was
presented by the authors in the 3rd Interna-
tional Congress on Project Engineering held in
Barcelona in 1996, and awarded with the
Spanish Institute of Social Services (IM-
SERSO) Prize to the ‘‘Best Project on Disabil-
ity.’’

Figure 3. Diverse assistive products.

8 ASSISTIVE TECHNOLOGY



This set of efforts will then turn into the ‘‘negative
resources’’ required for the competition of the task that
shall be compensated by the user. Besides, the disabled
may rely on a resource element acting as an ‘‘aid factor’’
(when this is positive) that may be found in his/her desire
for completing the task. However, this motivating factor
may also act as a ‘‘negative’’ factor as a result of a prior bad
experience that may have caused the user to be demoti-
vated because of the lack of information or training or
another psychological factor. From this point of view, it is
clear that the evaluation of the expected success of the
user in the performance of a certain task should begin
with the evaluation of the requirements described above.

For this purpose, Baker (30) introduced his own equa-
tion within a classic application prepared by him for the
AAC. On his own, King adapted this first equation in order
to evaluate the success in the use of AT products and
services (31). In this sense, this major reference offers
remarkable indications for increasing the satisfaction on
the assistive technology use (SATU) by means of the
proper maximization of the motivation factor (M), while
the load factors (P, C, L, and T) are minimized accordantly:

SATU¼
M

PþCþLþT

Load Factors: P¼Physical; C¼Cognitive;

L¼Linguistic; T¼Temporal

M¼Motivation ð0� 100Þ;PþCþLþT¼100:

Aside from this approximation, other factors such as the
‘‘transparency’’ of the AP should be considered for the
estimation of the success with use. The concept of trans-
parency was initially introduced within the field of the

AAC for describing the efficiency of a certain symbol or
icon for describing a certain topic (32). When adapted for
AP evaluation, it summarizes the principle that as the AP
operation turns simpler, more evident, and intuitive, the
better this AP performs. In this sense, when principle is
applied to AT, two additional terms are derived:

* Transparency: A single AP (or a complex assistive
system) is said to be transparent (or offers transpar-
ency) when its operating logic (and the signaletics
used), as well as other ergonomic aspects related to
design, are evident and unequivocally perceptible. So
the user should not need further information, or
additional training, in order to use it properly. Under
these conditions, its operation is said to be transpar-
ent.

* Translucency: This term is reserved for those AP or
systems that do no offer a clear understanding of the
operating logic or signaletics (icon meaning, control
function, etc.) at first sight, but that will be easy to
operate once the user has received a short training
period about the criteria adopted for the design (why
some controls are on the left and others on the right,
which color stands for the maximum on a color scale,
etc.).

* Opacity: This term is reserved for those AP or sys-
tems of bad design, where the user has no option
other than memorizing the meaning of each control
and indicator (as well as the sequence of operation of
the device) in order to properly operate it, because no
way of establishing a reasonable operative principle
exists. These designs force the user to take long
training sessions, and successful use cannot be guar-
anteed in the case of cognitive disfunctionalities such
as happens with the elderly because of memory

Subject

Specialists

Companies

Disability

Necessity

Evaluation

Assistive
Technology 

Selection/new Design

Final Assistive Product

Use

Redesign

Figure 4. Actors involved in assistive product design and
selection.
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limitations. It is evident that opacity should be
avoided in order to increase the accessibility and
thus the fulfillment of an assistive product, as the
maximum transparency should be pursued at the
design stage (for both hardware and software pro-
ducts).

2.7. Classification of Assistive Technology Services

With assistive technology services, a whole range of social,
health, and education services supporting the disabled
and their families (as well as the professionals of this
sector) should be considered. Generally, these services are
offered by the governments, but also by private organiza-
tions such as associations and foundations for the support
of the disabled, that provide resources for:

* Evaluation of the disfunctionalities.
* Rehabilitation.
* Technical support.
* Information and documentation.
* Search and selection of APs.
* Education and training on the use of APs.
* Management and funding for acquisition or renting

(of equipment and services).
* Research.
* Professional training.
* Spread of knowledge and support for education.

Today, it is customary to incorporate these services within
centers for the information and documentation, databases,
web pages and Internet portals, virtual knowledge spaces,
and research centers (18,21,33–36).

Education (at any level, from kindergarten to postgrad-
uate levels at universities) should not be forgotten, as this
is the field with more potential regarding the integration
of the disabled, and it is the field where the AT resources
may be used with the greatest efficiency for the improve-
ment of the quality of life of the users.

2.8. Effects of Assistive Technology to the Users

Today, social development is growing in such a fast way
that is very difficult to chase, even for people considered
‘‘nondisabled’’ within the current social standards. To be
considered a ‘‘citizen’’ (whose rights and needs are taken
into account), it is necessary to participate in each and
every social task (work, education, transport, communica-
tion, leisure time). Such a social conceptualization is a real
handicap for disabled people. They are far from reaching
those perfection criteria.

As a consequence of their disability, these people have
functional, physical, and psychological limitations pre-
venting or shortening their participation in the different
social tasks. The present AT development is provoking the
progressive ‘‘fall down’’ of integration barriers, thanks to
the advance of the assistive product and services. If it is
analyzed from social relations and a personal growth point
of view, AT can really constitute a fundamental tool that
allows disabled people to participate in the society in

which they live. AT has allowed disabled people to over-
come the barriers imposed by their functional limitations
and to have access to activities that would otherwise be
impossible for them. The immediate consequence of such
an achievement is a greater participation in society, a
decrease of discrimination and social exclusion, which
improves personal development, a fundamental requisite
for a good interaction and adaptation to the environment.

However, apart from these ‘‘material’’ results, the
advancement in the field of technological support leads
to a parallel development of the self-concept and self-
esteem in disabled people. Personal autonomy allowed
them to be loosed from dependency and to reach freedom.
Individuality and personal sufficiency are fundamental
concepts for effective and emotional development. Social
acceptance is important, but it is no less important than
the autonomy of the subject when facing others.

Psychological equilibrium is based on a good emotional
state and living in an environment that is adapted to the
individual needs. From a human point of view, AT support
can enable the subject to develop adapted alternative
answers in order to eliminate architectonical or technolo-
gical barriers and negative and paternalist social atti-
tudes in their environment. The psychological equilibrium
also helps to overcome personal barriers converting his/
her disability in one more of his/her personal character-
istics, which can convert his/her disability into his/her
ability to participate, transforming disability into a rising
positive value for society.

In short, AT support allows disabled people to feel (and
to be in fact) his/her own life protagonist, and one citizen
more, through his/her social participation.

3. ASSISTIVE PRODUCTS AS A GUARANTEE FOR
ACCESSIBILITY

Prior to the definition of assistive technology, the so-called
technical aids (as defined as hardware devices or software
applications that allow a disabled person to access and to
use standard equipment) were born to compensate the
user’s disfunctionalities, by means of technological re-
sources.

3.1. Assistive Products as User Interfaces

As discussed before, the ability of subjects to perform
common tasks will depend on both their functional capa-
cities and the resources (tools, services, legal and econom-
ical frame, etc.) offered to them. From this point of view,
the resources offered by the society to their users will act
as operative interfaces (OI), which insert between users
and the activities or tasks that characterize this society, as
seen in Fig. 5a. These elements (users, interfaces, and
tasks) may be bundled into a set that can be configured as
a complex Man-Resources-Task (MRT) system.

Within this logic, different issues should be analyzed:

* The particular characteristics of the task to be per-
formed: These characteristics define the demand of
operational capacities and resources required for
performing the task, within a certain MRT system,

10 ASSISTIVE TECHNOLOGY



such as happens in Elemental Resource Models
(ERM) (29).

* The capabilities and skills of the user: When analyz-
ing the capability of a subject to perform a certain
task, both physiological capabilities and psychologi-
cal capabilities should be considered. It is also man-
datory to include the expected effects of therapy and
rehabilitation.

* The resources available to users: The totality of the
tools, techniques, and services that people may use in
order to perform a certain task. At this point, legal
issues and regulations as well as social aids should be
included.

If this MRT approach is followed, a disability for perform-
ing a certain task may appear because of:

* The lack of resources: In this case, a trained user
with no disfunctionalities is not able to perform a
task because of a ‘‘failure in the interface’’ to the
resources as seen in Fig. 5b.

* The lack of capacities: If the user does not have the
required physiological or psychological capabilities, a
‘‘failure in the user’’ appears, as seen in Fig. 5c. If this
happens, the existing OI should be redesigned in
order to compensate the disabilities of the user,
making him able to perform the task.

In this sense, assistive devices and products add to
operative interfaces in order to compensate the user

disabilities and assure access to the resources (see Fig.
5d). Thus, AT can be considered to act by breaking those
barriers preventing disabled users from performing cer-
tain tasks.

3.2. The Functional and Cognitive Barriers of Access

From the point of view of access, a barrier can be defined
as any handicap caused by the disabilities of the user that
prevents him/her for the manipulation of an object or the
execution of a certain task.

In the case of the physical or the sensorial disabled, a
functional barrier is said to exist (e.g., this barrier pre-
vents a tetraplegic from operating the controls of a video
monitor and a blind user from reading the text on a
screen).

When psycho-cognitive disabilities are considered, a
cognitive barrier is said to exist (e.g., this barrier prevents
a cognitive disabled user to remember a sequence of
operations required for formatting a text).

Consequently, assistive devices and products should be
designed in order to break (i.e., by augmentation of the
user’s abilities) or jump over (i.e., providing an alternative
method for executing the task) these barriers.

3.3. Evolution of Technical Aids

Although the concept of technological aids seems to be
relatively new, their main objective, expressed in terms
such as to help the user to do, technologically, and in an
efficient way, a function for which the user is not able, is as
old as the hills. In this sense, it is widely known that men
throughout history have applied the best of their techno-
logical knowledge to improve their own life conditions.
Throughout the history of society, different solutions were
given to different needs according to the available tech-
nologies.

From those tools initially developed in the Stone Age
such (e.g., stone axes and arrowheads) to those used at
present (e.g., wrenches and screwdrivers), a similar dis-
tance exists to that among the first technical aids (e.g.,
wooden prostheses and canes) and the most recently
developed ones.

In the old times, the first prostheses (new Latin, from
Greek, addition, from prostithenai to add to, from pros�
in addition to þ tithenai to put �more at) or technological
devices were introduced in order to substitute a lost
member by an artificial part. This fact is also true for
orthoses (from Greek: orthosis straightening, from
orthoun to straighten, from orthos), which are technologi-
cal devices designed to fulfill the function of a handicap
member or limited sense.

On the one hand, this way of acting at first produced
very primitive devices such as walking sticks, crutches,
hooks, and wooden or pottery dentures that would evolve
to reach more complex forms. On the other hand, the
technological development may be responsible for the
compensation or reduction in a disability, what contri-
butes to coin the need of new tasks, actions or ‘‘emerging
activities’’ whose fulfillment will not take too much time to
being considered as a standard characteristic of the inclu-
sion of the user into a fully-developed society.
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Figure 5. Assistive technology as an interface between people
and activities. (a) Man-Resource-Task system. (b) The lack of
resources inhibit the access to certain activities. (c) Effect of the
lack of capabilities. (d) Assistive technology enables the access to
the resources, and therefore to the activities.
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Accordingly, a revealing example is that of the car:
Since its early booming in the United States during the
first quarter of the last century, cars have become indis-
pensable devices for both work and leisure. People who
cannot drive cars may be considered disabled too, at
present. Other examples could be the phone, computer,
and the like.

In a few words, in all society and in all time, the right to
carry on new ‘‘emerging’’ activities may drive us to the
birth of a ‘‘new disability’’ produced by the social and
technological advance. Obviously, the solution for these
‘‘new disabilities’’ will come from the application of newer
technological methods and resources.

3.4. The Integrating Effect of New Technologies

Derived from the above-mentioned effects, it can be de-
duced that the booming of new technological resources
will contribute to guarantee that disabled and elderly
people may have new and better man-task interfaces,
which may favor their integration. At this point of the
review, it is obvious that new technologies may be adopted
in several fields of AT. In this sense, the authors have
found it useful to include a short review about the
application of these resources in different assistive pro-
ducts and services.

3.4.1. Communication. With the advancement of tech-
nology, it was possible to evolve from the early commu-
nicators (ideograms printed on cardboard cards) to
electrical communication boards (backlighted slide
holders). The introduction of personal computers made
possible the development of programmable on-screen com-
municators (fully customizable to the user’s needs) and
voice output devices (speech synthesizers) that are cur-
rently used in AAC.

3.4.2. Mobility, Transportation, and Manipulation. As in
other fields, mobility technology has taken advantage of
the development of electrical, electronic, and robotic tech-
nologies to improve the quality of life of disabled users.
This fact made it possible to build electrical-powered
wheelchairs, which were first controlled by electrical
switches, then were voice-operated, and recently, even
self-guided. A similar pathway has been followed in the
field of manipulation, where biosignal-controlled pros-
theses and robotic manipulators are being currently de-
veloped.

3.4.3. Hearing Aids. These aids evolved from the early
developed ear trumpets and auricles, which were able to
amplify sounds by means of sound resonant cavities. The
popularization of telephony and radio contributed to the
advancement of electronics, leading to the introduction of
early electronic sound amplifiers, which can be considered
the predecessors of those ones used at present. Today,
these devices offer fully programmable frequency response
(i.e., each frequency band is amplified as required by the
residual hearing capabilities of the user), embedding
dedicated digital signal processors (DSPs) for this pur-
pose. Besides, the early bone conduction devices that were

used to transmit sound vibrations through the teeth to the
skull have been replaced by cochlear implants, which
directly stimulate the acoustic nerve by means of electrical
impulses.

3.4.4. Blindness and Visual Impairment. In order to im-
prove the vision of the visually impaired, different solu-
tions have been proposed through the ages. In this sense,
as soon as optical magnifiers were introduced, so were
glasses and special lenses for the correction and augmen-
tation of the visual capabilities of the users. Today, video-
based magnifiers, screen readers (text-to-speech screen
analyzers), and optical character recognition (OCR) tech-
niques are widely used. The forthcoming solutions for the
blind will use electronic cameras and sensors for feeding
electronic circuits for the generation of electric stimuli
applied directly at either the retina or the brain cortex by
means of microelectrode arrays.

3.4.5. Independent Living, Telecare, and Telehealth. The
successive apparition of new technologies such as envir-
onmental control, mobile telephony, and Internet has lead
to the improvement of the autonomy and self-care of the
disabled and the elderly.

3.4.6. Access to Computer. It is an admitted fact that
computer systems can be used as technical aids providing
the augmentative, adaptive, or substitutive resources
required for compensating the deficiencies of some func-
tionalities. In practice, this example is one of the clearest
of how the AT can introduce a new way for the social
integration of disabled and elderly people (37). The tech-
niques currently used are derived after those experimen-
tally tested with complex computer systems during the
early 1970s. People with disabilities had to wait until the
boom of compatible personal computers (1980s) to take
advantage of these systems. The use of these techniques
was favored by the popularization of computer use, turn-
ing them into new home appliances. In short, all of these
applications cited above were made possible after the
introduction of innovative low-cost technological resources
derived after the advancements of the information and
communication technologies. This fact has lead the
authors to propose a case study related to this topic, as
an example of the innovation process in AT.

3.5. Functional and Cognitive Barriers Analysis

The first step toward the final design of an assistive
product should identify the actual access barriers imposed
by the user’s disabilities. Obviously, for this purpose,
many approaches are followed in function of the type of
disability and the different environmental conditions. As a
result of space constraints, the authors have chosen to
center this discussion on a particular case study related to
computer access systems, included in the section entitled
Computer Access for the Motor Disabled as a Case Study.

3.5.1. Analyzing Barriers on Computer Access System-
s. From the very beginning, researchers, rehabilitators,
and disabled supporting organizations came to be aware of
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the existence of an important barrier in the communica-
tions between man and computer, which has defined the
requirements to be fulfilled by Human-Computer-Inter-
faces (HCI) (38). This obstacle, also known as functional
barrier (shown in Fig. 6), lies on the idea that computer
systems have been designed for and by users who nor-
mally can use their standard input and output units
(screen, keyboards, mice, etc.), and quoting M. Battro: ‘‘If
simple actions such as reading a screen, or push a key-
board are inhibited by a motor or neurological deficiency,
can be an obstacle for the professional ability and social
integration of the person’’ (39).

Besides, in the early years, computer systems were not
considered to be used by people suffering from cognitive-
type disabilities, because of the complexity of the primitive
user interfaces used at that time (punched card inputs,
printer outputs and complex command syntax, etc.). This
situation changed at the popular level after the emerging
of graphic user interfaces, which favored the migration
from uncomfortable command line interfaces (e.g., DOS)
into friendly user interfaces (e.g., Windows). Simulta-
neously, different research teams all over the world were
betting for using computers for the early stimulation of
people with disabilities and the development of AAC
systems. At this point, some cognitive-disabled people
started to be considered as potential computer users
because they could take advantage of the usage of these
systems. This situation led to the settling of a wider
definition of the so-called access barrier, as functional
and cognitive barriers, which could be formulated starting
from these two considerations:

* For some users, simple actions such as reading on a
screen or typing on a keyboard can be inhibited by
the motor or sensorial deficiencies.

* For others, the capacity to follow an access sequence
or understand the instructions provided by a GUI can
be blocked by cognitive or memory deficiencies.

The diversity of users imposed by the different type of
disabilities (cognitive, sensorial, physical, etc.) (40,41), the
degree of affection, and the concurrency of multiple dis-
abilities leads to different situations (41,42) to be consid-
ered.

3.5.2. Sensory Barriers. In relation to computer access,
three different cases should be analyzed.

* Vision impairment: Visually impaired people can
suffer from visual loss to total blindness. In these
users, the functional barrier limits the access to
output devices (e.g., screen). In some cases, access
to input devices is also affected, as happens with
keyboards, because slight visual deficiencies may
make the identification of the characters in connec-
tion to each key difficult.

* Hearing impairment: These deficiencies, from the
medium levels of hypoacusia to complete deafness,
may cause problems with specific output units (sound
cards), when sound signaling or voice output are
provided by the software. In some occasions, pro-
blems of indirect type should be taken into account
with some input units (e.g., acoustic feedback when
hitting a key or clicking an object).

* Handicaps in the touch sense: These disabled people
have full access to computer systems but not those
using substitutive aids that rely on this sense, such
as happens with Braille input/output devices.

3.5.3. Psychological Barriers. Three cases should be
considered:

* Cognitive deficiency: Cognitive deficiencies range
from simple problems with the system operation
and the access logic to the complexity of software
and the comprehension of system messages. In these
cases, GUI may be improved up to a limit imposed by
the degree of the cognitive deficiency of the user and
the complexity of the task.

* Other deficiencies that affect the behavior (e.g., an
anxious and nervous user can hardly access to the
computer).

* Language deficiencies (of interpretative and con-
structive type): These deficiencies may introduce
some difficulties for the interpretation of the mes-
sages generated by the software being executed.

3.5.4. Physical Barriers (Type I). Within this group,
those deficiencies related to the physical elements in-
volved in speech communication should be considered.
These elements affect the phonation, the verbalization,
and the language capabilities (neither interpretative nor
constructive). These people with disabilities are only
affected when using some ‘‘special’’ input units (speech
recognition devices).
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Figure 6. The functional barrier of the disabled.
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3.5.5. Physical Barriers (Type II). This group is related
with those deficiencies affecting the motor skills of the
users. In this sense, different levels of motor disfunction-
alities should be considered from skill deficiencies (poor
accuracy of movements), limited strength, to complete
limb impairment (of the upper, lower or both limbs) or
any other kind of alternative movement. In any case, the
access barrier basically centers on the impossibility for the
manipulation, which provokes serious problems with the
input units (mouse, keyboard, and joysticks) or even with
the mechanical environment (power plugs, on/off switches,
disk handling, printer paper, etc.) (42).

3.5.6. Barriers in Concurrent or Multiple Disabilities. It
is worth mentioning that some pathologies may produce
concurrent disabilities, so that many of the above limita-
tions can appear simultaneously.

3.5.7. Barriers for the Elderly. Concurrencies of a lesser
multiplicity and with more reduced degrees of affection
are usually produced by the age, affecting elderly people
gradually suffering from hypoacusia, visual loss, reduction
of motor abilities, response speed, interpretation capabil-
ity, sequencing of operations, and so on. All of these items
will create difficulties for a group of people that, in the
next years, will need the computer to reach their auton-
omy.

Finally, aging will make all of us become affected by
some sort of disability. In this sense, the authors have
taken the license to include a reflection about a famous
quotation of a French poet of the nineteenth century (43).
According to Charles Baudelaire, ‘‘we all spend our life
making a corpse out of ourselvesy’’, but these days it
seems obvious that if we live long enough, we will all
spend our life making a disabled persony that will need
to use computers.

4. COMPUTER ACCESS FOR THE MOTOR DISABLED AS A
CASE STUDY

As a result of shortage of space, an overview (as a case
study) will be presented to illustrate the evolution of
assistive technology used for guaranteeing computer ac-
cess to the motor disabled people. The advances intro-
duced since the early adoption of hand-made aids has led
to the complex systems available today, as has happened
with some other solutions for other disabilities such as
blindness and hearing impairment.

4.1. Early Attempts

In the beginning, taking over the use of standard input
devices (keyboard and mouse) was attempted through
intuitive and very low technological solutions:

4.1.1. Start Points Concerning the Keyboard. Several
characteristics exist in a standard keyboard that are
able to build up difficulties for motor disabled people,
although they handle some functional abilities with their
upper limbs, and even their fingers and hands:

* Difficult handle of some keys (e.g., CtrlþC, Caps).
* Automatic repetition (e.g., typing ‘‘aaaa’’ instead of

‘‘a’’).
* Proximity and key-size (e.g., typing ‘‘st’’ instead of

‘‘at’’ on qwerty keyboards).

In the beginning, several low-tech devices such as reten-
tion clips (for keystroke of capital letters) and keyboard
guards were used in the early 1980s to allow some users
with imprecise control in their hands and upper limbs the
access to the computer keyboard. They basically consist of
a drilled shield (metal or plastic) placed over the keyboard,
in order to serve as guides for the fingers when typing on
the keys. When the users could not move their fingers, or
the strength was not enough to ease the activation, a hand
palm stick was used for pushing the right key and not the
wrong one.

Luckily for this kind of disabled users, adapted key-
boards with more room between keys, of, bigger size, and
with reduced force requirements were available. On the
other hand, at present, many operative systems include
their own software accessibility resources that can cut
down most of the above-mentioned problems and others in
relation to doubled push keys, automatic repetition, and so
on.

In the case of the most severe motor disabled (also
tetraplegic affected), the first solution used for computer
access relied on pointing devices, such as head-pointer
sticks, or ‘‘Licornium’’ (10,18), which substituted the hand
and palm stick into another that was on the user’s head
with a helmet mount. This device was used to push on the
keys, one after the other. The long experience on this one
(which can produce an important amount of eye-related
problems) was followed by the emerging of head-mounted
optical pointers and other more sophisticated techniques.
Furthermore, both devices, key guards and head sticks,
were also used at the same time.

The head stick (still keeps on enabling computer access
in countries and communities with low income and tech-
nological resources) presented serious deficiencies, includ-
ing:

* Slow operation.
* Need of a very good head control movement.
* Unjustified, but very real, social prejudices drawing

the other peoples’ attention (it should be remembered
that this goes against inclusion).

4.1.2. Start-Points Concerning the Mouse. As in the case
of the keyboard, several characteristics of this device may
also make access for the motor disabled difficult, although
they may have some residual functionality in their upper
limbs and even in fingers and hands. In this sense, the
following difficulties may be found:

* Need of high-precision hand and wrist movement
(especially for graphics and design software
packages).

* Need of fast operations (double-click selections).
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* Need of ‘‘simultaneous’’ operation (click-and-drag
operations).

Although, in the long run, nearly all drivers of these input
devices, and even some operative systems, include soft-
ware solutions for these problems, the initial solutions for
disabled users (with any residual control on the upper
limbs) were focused on the use of joysticks and other
adapted mice. At presents, it is possible to select among
these kinds of devices (e.g., trackballs, joysticks, touch
pads) those that best suit the special characteristics of the
disabled users.

4.2. Access Techniques for the Motor Disabled

Obviously, the fast evolution of technology soon permitted
both the development of the most sophisticated and
effective solutions as well as the definition and develop-
ment of the basic techniques in this field. In a related
manner, several techniques such as detection, general
access, acceleration, and reduction of involuntary activa-
tions were developed.

4.3. Detection Techniques

Logically, in order to assure the right efficiency of a
computer access assistive product in the worst cases, it
is necessary to have, at least, a Boolean or logical signal
(on/off, 0/1, true/false) able to control the assistive product
working as a user interface. This signal must be generated
consciously by the disabled user. Depending on the resi-
dual functionalities and their anatomic location, multiple
options will be presented (head movement, eye-lid closure,
etc.), which may justify the existence of many kinds of
switches or sensors and different detention techniques.

On the one hand, in switch-controlled computer access
processes, a closed relationship is established between the
movement accuracy of the user and the final success of the
task. In fact, not only in the AT field, but also in the
operation of all kinds of industrial home switch-activated
controls, we could be dealing with a ‘‘switching ability.’’
This ability can be developed through adequate training.

On the other hand, it is obvious that, generally, the
capacity of performing a fast movement toward a target
switch brings about the inaccuracy of these movements.
Fitts and Peterson (44) worked out a generic equation for
this and other cases of human-machine interfaces. Such
an equation can be adopted as a tool for the evaluation of
the level of computer access at the very first stages of the
AT selection for guaranteeing the operation by the dis-
abled user with switches (31).

MT¼aþ ðb � Log 2ð2D=WÞÞ;

where MT is the time required from the very start of the
movement of the limb used for the access until the target
used for switching is reached; D is the distance as far as
the target switch; W stands for the switches width (square
section of the target active area); and a and b are
empirically derived constants after population studies.

After working with this formula, other useful relation-
ships were deduced:

* When the anatomic movement speed increases, the
targeting accuracy decreases.

* The time required for hitting the target increases
when the sensitivity or the target switch resolution
decreases.

* The necessary time of targeting activation goes up
when the switch selectivity decreases.

At the same time, special attention should be taken when
selecting from different switches (45). In relation to the
different kinds of switches for this purpose, a great variety
exists, such as:

4.3.1. Contact Switches. Here, one can include all kinds
of simple switches whose action implies a real and effec-
tive anatomical contact (as long and strong as necessary):

A. Electromechanical switches: The simple use of these
switches, on-off type with a normally open (NO) or
normally closed (NC) contact set, was the earliest,
most common, and cheapest solution. This kind of
switch would be suitable whenever the disabled
user may carry on an adequate residual function-
ality (an anatomical movement of at least 0.3 to 2 cm
and a strength between 10 and 80 gr). When the
switch changes from an NO position to an NC
position, a logical signal is generated and applied
to hardware or software in use. In this case, it would
be necessary to take into account the switching
noise problems to avoid the fact that some multiple
rising edges (switch bounces) can be interpreted as
other switch activations, producing undesired mul-
tiple selections (the use of Hall-effect switches is
free of switching noises). The mistake of always
choosing the most sensitive switch should not be
made. Generally, an excessive sensibility (need of
lesser activation effort) and the selection of a more
reduced displacement length (need of a lesser ana-
tomic movement) can make easier the undesired
switch activation because of tremors and spastic
involuntary movements.

B. Pneumatic switches: In this case, the residual func-
tions to be used should be those related to breathing,
so the activation required of the user, the possibility
of taking or exhaling air through a small tube or a
mouth-tip (Puff/Sip switch). The required positive or
negative pressure can be very varied within some
H2O cms. The expertise of the professional in charge
of the training and rehabilitation reveals that,
sometimes, the disabled user and more often his or
her family (especially for very young users) can
reject this kind of switch for both hygienic and
esthetic reasons. A derivation is the blow switch
(Squeeze ball switch), in which it is not necessary to
place into the mouth.

C. Piezo-film sensors: These sensors are the most
modern contact switches and are based on piezo-
electric effects. In these sensors, the digital output
signal is noise-free. On the other hand, the piezo-
film can be acquired in rolls or big size sheets and
easily cut and conformed with a simple pair of
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scissors and a heat gun, which, together with its
flexibility, allows adapting and placing the switch on
any anatomic area of the user or any nearby equip-
ment.

D. Zero-force switches: Several kinds of switches exist
that are able to detect the simple touch on a
sensitive surface. When using these switches, no
effort or minimal movements are needed, being used
then with such small residual functions.

4.3.2. Contactless Switches. When we work with users
with scare residual functionalities, that are unable to
carry on, the necessary strength for activating the switch,
several sensors can be used, such as:

A. Proximity sensors: Proximity sensors are based on
the effect of the dielectric properties of the skin and
muscular tissues over the electric field around the sensing
element.

B. Optic detectors: Optic detectors are based on cut-off
or reflection of an infrared beam over some user’s ana-
tomic area.

C. Ultrasound detectors: They work in a similar way as
the ones above, but for an ultrasound beam instead of an
infrared one.

D. Special-type detectors: A great variety of these
detectors exist, organized as high-tech assistive products,
able to determine the eye position or the eye gaze through
different techniques (artificial vision included).

4.3.3. Biosignal Detection. The idea of using this mod-
ality is as old as the very same electromedical technology;
hence, the use of different biosignals should be taken into
account:

A. Electromyographic (EMG) signals: The EMG sig-
nals represent the currents generated by the ionic
flow, which get through the muscle cells. The mea-
sure and register of these action potentials consti-
tute the basis of the electromyographic techniques.
By nature, the EMG signal is representative for the
muscle activity and provides useful information
about the muscle tissues and nerves that activate
them. For its use in technical aids, they are used
more than generalized noninvasive methods, sur-
face EMG (sEMG) signals in the range of 0.1 mV to
5 mV with a bandwidth between 10–20 and 500 Hz
(46). In many cases for on-off applications in AT it
will be enough with the use of Ag or Ag-AgCl
electrodes, similar to those used for ECG. The
location and placement of the electrodes will be
determined depending on every user’s characteris-
tics. Generally, a training period, through biofeed-
back techniques, can develop better user control. In
some occasions, it is possible to use a technique,
which has been named, ‘‘false targeting’’ (47). This
technique consists, basically, of training the user, in
order to try to have a go with a movement with an
area of his or her anatomy in direction to the false
target location (even in the case of the user’s im-

possibility to fulfill this movement). The electrodes
should be set in another area associated to second-
ary muscles structures where there may be a re-
sponse (even involuntary or reflex modes) as a
consequence of a previous unsuccessful movement
proved. On the other hand, several authors (46,48)
have done a survey dealing with the relationship
between the sEMG signal and the related strength,
coming to the conclusion that the RMS value of this
signal has a closed relationship with the exerted
muscle strength. Otherwise, in the frequency do-
main, it is possible to check the existence of exerted
muscle strength—associated shifts, for the median
frequency in the Power Spectral Density (PSD),
which allows the implementation of low-cost detec-
tion systems (47,49), as can be seen in Fig. 7c. On
the other hand, not only the RMS value (Fig. 7a) but
also their derivate and median frequencies (in Fig.
7b) provide useful information. Besides, it is worthy
to observe (in Figs. 7a and 7b) the logical anticipa-
tive condition of the sEMG. It is easy to implement a
cheap EMG switch, starting from the RMS value (or
better its derivate); comparing it with a reference
threshold voltage (Vref), a digital signal can be
obtained. The adjusting of the reference threshold
permits an additional sensibility control (Fig. 7c).
Other more powerful solutions are also possible,
either by using EMG signals (49) or other biosignals
such as the electro-oculographic activity (EOG) and
even after using artificial vision techniques.

B. Electroencephalographic (EEG) signals: In this
case, the signal generated by the brain activity is
used. In the beginning, some trials were based on
the simple quantification of the rhythms (delta,
theta, alpha, and beta), but the characteristics of
the EEG signal (ranging from 5 to 300 mV across a
0.01–150 Hz bandwidth) and the necessary equip-
ment, postponed the advances in this field. At
present, and after a long time, the possibility of a
direct computer interface is greatly latent in suc-
cessful outcomes such as the Brain-Computer Inter-
face (BCI) of the Technological University of Graz in
Austria and others (50). Among other aspects of the
brain activity, alpha rhythm desynchronization re-
lated to movement planning or event-related desyn-
chronization (ERD) changes on the mu-rhythm;
EEG patterns from evocated potentials and pattern
recognition over the brain activity distribution re-
lated to orders have been considered. All the devel-
opment of the BCI lies on the fact that different
mind activities are associated to different neuronal
activities patterns, included in EEG potential dis-
tributions, which can be quantified and recognized.
This system permits the control of a screen cursor,
as well as the option selections in software, only by
thinking in making a movement. From here on-
ward, several devices have been developed, such
as a virtual keyboard and prosthesis controls
(51,52). Here, this information is not analyzed in
full detail, as, in several articles of this Encyclope-
dia, a more detailed analysis is provided.
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4.4. General Computer Access Techniques

Once a digital signal is voluntarily generated by the
disabled user, certain techniques should be defined with
the aim to control the computer. The highly different
characteristics of each user make necessary the availabil-
ity of more diverse computer access strategies. So,
whereas the nondisabled user can access the computer
systems using standard input interfaces, the motor dis-
abled people must do it through adapted or alternative
input interfaces (AIIs).

Furthermore, for some disabilities (e.g., blindness),
people will require the use of substitutive output inter-
faces (SOIs) such as screen talkers. Other people with
disabilities (e.g., motor disabled people) can need other
kinds of input interfaces (e.g., voice recognition, switches).
Here, the concern is with the case of the motor disabled
people, where misleading of voice recognition access can
occur (18,53).

According to the different characteristics of the users,
several options can be considered:

4.4.1. Direct Access with Standard Devices. Those peo-
ple with disabilities and some control of the upper limbs,
but with slight skill, deficiencies can have access through
simple means such as: (1) with standard devices, (but with
a low efficiency and many mistakes; (2) with standard
devices and low-tech aids (guards, sticks, etc.).

4.4.2. Direct Access by Adapted Devices. The users with
more disfunctionalities, but maintaining a certain upper
limbs control, can access through adapted devices such as
special and alternative mouse and keyboards.

4.4.3. Direct Selection Access. This level includes dis-
abled people with the capacity to operate with a conven-
tional or adapted mouse, but not with a conventional
keyboard. In this case, the answer lies in a mixed solu-
tion—direct access for the mouse and, through direct
selection, for the keyboard—using the mouse as an ele-
ment to select, directly, characters and commands on a
virtual keyboard (on-screen keyboard).

4.4.4. Encoding Access. In this case, the necessary
number of selections (in both modes, direct and scanning,
as will be seen later) shortens thanks to encoding actions
with generally two icons or digits (such as number–
number, character–character, and color–color) and their
combinations. On the other hand, the number of codes
cannot be very high because the user must memorize
them, which may be difficult for the cognitive disabled or
elderly people. (If possible, a code board can be displayed
on screen.) It is also possible to work using a ‘‘serial
coding’’ scheme such as the Morse code.

4.4.5. Switches and Scanning Access. On the one hand,
some motor disabled people have a unique and very
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Figure 7. Electromyographic signal (EMG) as switch input.
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limited functionality (e.g., head movement, open or close
eyelid, thumb movement), so this unique functionality
must be used for activating only one or two switches
(only one is common). On the other hand, from this unique
functionality, it is not possible to generate, directly, so
many different signals as those of a standard keyboard or
mouse. For this reason, the only way to guarantee the
computer access will lie on high-tech assistive devices and
products such as scanning systems, which are able to offer
the user the possibility of selecting, in a sequential way
(and because of the activation of an unique switch) a
determined option out of the many possible.

The first switch-scanning systems were set from author
or dedicated software, which read a serial port (or a mouse
button) to detect the external switch activation. The
control software, generally written in machine code, was
totally specific, both in the early personal computers,
(1977–1980: Pet 2001, Commodore; TRS-80 Tandy Radio
Shack, Apple I & II, Sinclair), and also later for the first
PC-compatibles under DOS that were unable to work in
multitasking mode (without using terminate-and-stay-
resident programming techniques). Under these condi-
tions, it was problematic to reach a simultaneous opera-
tion of standard software and the control scanning
software, which did not permit the use of a standard
word processor, databases, and educational software to
the users with disabilities. This initial situation quickly
focused the researchers on the development of external
keyboard and mouse emulators, which were able to pro-
vide to these ports the same signals as the standard
devices. In this way, and in a truly transparent mode, it
was possible to simultaneous run any standard commer-
cial software.

Finally, the evolution of the personal computers, the
generalization of PC compatibility, and above all, the
development of the operative systems such as Windows,
able to bear a multitask functioning, made possible a good
operation free of collision problems. At present, it is
possible, without any problem, to display a virtual key-
board on the screen where the scanning takes place or on
which the direct selection is done.

By nature, a typical switch-based scanning access
process (for AAC and work integration (49,53), etc.) pre-
sents an organization as that depicted in the functional
block diagram with the components that are exposed in
the following lines (Fig. 8):

* Scanning screen: This screen is only a graphic dis-
play (monitor, LEDs panel, etc.) in which the different
available options (characters, commands, etc.) are
being shown and enabled sequentially.

* Scanning generator: It consists of an internal clock
that marks the scanning speed and highlights se-
quentially, and one-to-one, the different scanning
options on the screen.

* Scanning selector: This device, with a logic structure
similar to a multiplexer, sequentially ‘‘switches’’
(clock-driven scanning) the only input coming from
the switch for different characters and code genera-
tion.

On synchronizing both (the scanning screen and the
selector), any signal introduced on the unique input (by
the switch) will lead to the exit corresponding to the
selected option on the screen. During the operation, the
user will observe the option selection menu on the scan-
ning screen. When he or she checks that the desired option
is selected (e.g., highlighted) the switch is activated (with
his or her residual functionalities), which produces a
logical signal that may be decoded by the system bringing
along the computer execution of the highlighted option.

Supposing that an orthogonal column and row scan-
ning, also known as 2-D scanning, were adopted (Fig. 9),
the scanning starts by highlighting each of the column
screen, and once one of them is selected, a new scanning
(row scanning) will let us select the chosen option. Ob-
viously a switch scan system has an inconvenience: its
slowness (although this may be the only access via for
people with these disabilities). Otherwise, its scanning
speed must be adapted to the user’s response. For this
reason, it is important to know the different techniques
that can be used:

A. Scanning techniques: The efficiency of the scanning
access that must be applied to a person with a particular
disability lies in selecting the control and organization of
the most suitable scanning to this user:

* Automatic scanning: Automatic scanning is also
called clock-driven scanning. In this case, an
internal clock enables each next option to select,
following a software established order. The timing
of an internal clock lets us use the most appro-
priate scanning rate for each user.

* Direct scanning: In this scanning, a first click of
the switch decides the direction in which the next
scanning will move, and then the next scanning
will make the selection.

* Step scanning or pseudo-scanning: In this case, an
internal clock does not exist; an isolated switch
click ‘‘moves’’ the scanning pointer to the next
programmed location. A time without selection or
one double click makes the selection with this
option.

* Inverse scanning: In this case, the scanning starts
with pushing the switch and holding it, the selec-
tion takes place when the switch is let go.

* Two-speed scanning: Here, the scanning rate is
quick or slow, whenever the scanning pointer is far
or near in relation to the target option.

B. Scanning formats: An account of the ‘‘geometrical
scanning organization’’ and the option screen distribution
can be remarked (18):

* Linear scanning: In this case, the options to select
are placed on a linear distribution (1-D scanning).

* Rotary scanning: In this scanning (1-D), the op-
tions are placed on a circular structure, so when
the latter option has been scanned, the first option
is newly scanned.

* Orthogonal scanning: File-row scanning or vice
versa: Here, the option set can be organized from a
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matrix vector 2-D. To select a specific option (i.e., a
file scanning is done), and when one of the files has
been selected, then a row scanning takes place,
until the desired individual element can be se-
lected.

* Group-item scanning: It is implemented over a 2-
D structure, where the options (items) have been
distributed, forming, at the same time, 2-D
(groups or zones). During the use, the first step
is to scan the groups, and when one of them is
selected, the file-row scanning is started in it; until
the chosen item is reached.

* Angular-radial scanning: This scanning has a
similar behavior to that of file-row scanning but
for a circular structure. In it, it is also possible to
organize here the sector-item philosophy.

* Nested-scanning or double scanning: In case of
very complex control, any of the elements (groups,
files, or rows) may contain inputs that lead to
another scanning screen. In this way, it is possible
to work out very complex structures but with the
inconvenience of the transparency loss.

C. Scanning improvement: The slow process that char-
acterizes the scanning selection technology (compared
with direct selection), strongly recommends looking for
improvement techniques for this. To ensure a quicker data
input, it is possible to make use of these basic techniques:

* Bistable keys: Here, once one option has been
selected, the remaining options alter their func-
tion as far as the initial option is reselected
(similar to capital letters operation).

* Hidden options: When using this technique, some
options are not scanned, reaching an invisible
stage on the screen because they have been dis-
abled through a previous selection.

* Interruption of the sequencing: It is possible to
spot along the scanning screen (i.e., to one-third or
one-quarter of this) exit or home return areas,
which permit the users a fast recovery from pos-
sible mistakes, preventing unnecessary scanning
cycles.

* Nonselection outputs: In the double scanning
cases or with a circular structure, automatic out-
puts ending of a subscaning (when two scanning
cycles without selections are done) must be pro-
vided.

* Optimized item distribution: Normally, when the
user has taken a selection on the screen, the
scanning pointer must be restarted automatically
home. So the scanning item distribution (keys,
mouse controls, etc.) plays an important role in
the access optimization; here, several aspects re-
lated to scanning operation, ergonomics, and la-
beling should be considered, for which the
structures of virtual keyboards and scanning
screens must be easily defined and reprogrammed.
To optimize the scanning, shortening the time
until a new selection, it is possible to place the
most frequent characters or commands in the left

#1

#2

#3

#n

#1 #2 #3 #N

Scanning clock

SWITCH

SCANNING 
GENERATOR

SCANNING DRIVER

SCANNING SCREEN

SELECTION 
SIGNAL

MULTIPLE OUTPUT
SELECTION

SINGLE
OUTPUT

LOGIC
SIGNALS

CODES

ETC

OUTPUT

CODE
SELECTOR

CODE 
TABLE

Figure 8. Elements of a scanning access sys-
tem.

(a) Column Scanning

K 2 6 7 8 9

I S D C V O

T O N U M P

B E A H L G

(b) Row Scanning

K 2 6 7 8 9

I S D C V O

T O N U M P

B E A H L G

Figure 9. 2-D or column/row scanning.

ASSISTIVE TECHNOLOGY 19



upper corner of the scanning screen (for the case of
2-D file-column scanning). The greatest difficulty
lies in identifying the items that should be used in
every case, logically, depending on the language,
the software in use (as well as how and what for
this is used).

* Scanning distribution prediction: A more ad-
vanced technique consists of analyzing, in real
time (statistics or best AI techniques), the fre-
quency when a character can appear behind the
previous one (or a pair of them). As a consequence,
the first ten positions of the left upper angle of the
on-screen scanning keyboard will come to be up-
dated, in real time, during the operation process.
In these positions, the most likely ten characters
will be placed considering their probability degree
(predictive scanning or forecasting scanning). This
technique allows a clear improvement in relation
to the task time.

* Encoding: The scanning can be simplified using
encoding techniques and two independents selec-
tion zones, one for each code digit (or even using
only one switch and a serial coding scheme such
Morse code). Encoding may not be affordable by
some cognitive disabled or elderly people.

At last, it may be necessary to handle scanning
systems able to generate the same signals (at
electric, logic, and code levels) that are made by
these standard devices. Only in this way it will be
possible to avoid the use of standard devices. In
this respect, several possibilities exist, including:

* External emulators: At first, using external inde-
pendent emulators (see Figs. 10 and 11) organized
a module with a reduced scanning screen (LEDs,
LCD, etc.) placed next to the screen computer.

* Internal emulators: After the multitasking be-
came available, the computational and screening
resources of the PC were in use. Here, the virtual
keyboards will be pointed out on the screen. These
devices can work by scanning or direct selection
access with a click of the conventional mouse. At
present, many operation systems include this as a
standard option.

4.5. Acceleration and Optimization Techniques

The most important handicap for any of these users
working with a computer access assistive product (in
scanning or selection) is its very reduced working speed,
especially in editing for word-processing and AAC tasks
(23). This problem, which was detected early on (54), can
be softened if one:

* Avoids, as much as possible, the use of scanning. A
whole-body motor impaired user can access a PC
through a switch scanning selection system, either
head-controlled or a direct selection assistive device,
with infrared or laser pointer on a glasses-frame, or
by means of a head movement mouse control or other
high-tech system such as ‘‘gaze detection’’, and so on.

* Optimizes the scanning by selecting a distribution
and set of character and commands, suitable to the
disabled user’s characteristics and the proper task
demands. Hence, reprogrammable and reconfigur-
able scanning are recommended.

Besides, it is possible to use strategies to reduce the
necessary selection numbers to finish the task, increasing
the working speed, which is especially useful in applica-
tions like word processing, AAC, and so on. For this
purpose, several acceleration techniques are available,
including:
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A. Automatic punctuation: If the software detects the
text ending (. , ; : etc.), it must automatically insert a blank
(if capital letters follow a full stop (.), an indent in the
beginning of a paragraph, etc).

B. Abbreviating: Adding an abbreviation file to the
software, as soon as an abbreviation is identified, it will
be automatically replaced by its full meaning (words or
even sentences). This method (also known as compression-
expansion) is limited by the user-handicaps to memorize a
huge number of codes.

C. Word prediction: In this case, when a word is totally
completed, the most used following word is automatically
written (with letters in different colors). If the user waits
for a short time without making any selection, the sug-
gested word disappears, restarting the scanning; other-
wise the word is inserted and the process continues.

D. Word complementation or anticipation: This techni-
que is suitable both for words and commands. In the
former, as the user writes the different characters of a
word, he or she is offered to write the full most frequent
word (or command label), with a direct and unique selec-
tion.

E. Built-in sentences: It is possible to use sentences
(previously recorded in a file) selected from a scanning.
This technique is very useful in AAC.

F. Situational adaptation: Sentences or word file sets
can be arranged or organized in relation to different
situations in use (i.e., at home, work, shopping, a business
letter). So the user must first select the situational area
where he or she must operate, discharging the correspond-
ing file load.

In order to evaluate the efficiency of these and other
methods, special techniques have been developed (55).

4.6. Involuntary Activations Minimization Techniques

Working with scan-switch techniques, both the switch
hardware interface and the specific software must provide
precise and well-defined functioning characteristics. The
first condition here is the perfect synchronization of the

very complex system user-switch-interface-software-com-
puter in order to ensure that the switch action will
provoke, in the PC, the right action and not other. Under
these work conditions, the user will be included in a servo
system with an optical and acoustic feedback system
between the switch action and the task required.

Whenever the system is synchronized and the switch is
only activated in the precise moment the computer access
is taken for granted. Unlucky and very commonly, in some
physical disabilities, such as cerebral palsy, the voluntary
movements (VM) of the muscle mass are blended together
with others of spasmodic or involuntary type movements
(IM) that can originate in the computer, mistaking selec-
tions during the scanning access (56,57).

On the other hand, one should take into account that
the different users with different switches placed on
different anatomical areas can show very different types
and rates of IMs related to very diverse pathologies and
diagnostics. In an initial classification of these perturba-
tions, those that are spastic, atetoid, ataxic, coreic, and
even PK tremors can be considered.

In general, the AMs act as artifacts during the access,
originating involuntary switch activations, which impedes
the use of these assistive products, as happens with
different kinds of tremors (58,59), as in Parkinson’s and
other pathologies. The situation produced by the IMs
corresponds to that shown in Fig. 12. As one can see
when IMs do not exist (E4), the signal produced by VM
action (E1) is synchronized with the help of the software
and optical feedback watching the scanning screen (E3).
This action brings along a corresponding signal related to
the desired option (S1). This signal, applied to the inter-
face will generate the (S2) signal (which will originate the
realization of the desired option S4), displaying the in-
formation (S3) that will act as an optical feedback (E2) on
the PC screen and reporting to the user the right execu-
tion. On the other hand, when IMs do exist, they provoke
undesired action (E4), applied to the control system out of
synchronism, originating in the PC the fortuitous execu-
tion of undesired actions. If, additionally, it is taken into
account that during the immediate correction process, it is

Figure 11. Girl with a disability using a com-
bined keyboard and mouse emulator.
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not possible to guarantee the non appearance of other
undesired actions originated by IMs, it is easy to come to
the conclusion that the presence of IMs (especially in
editing applications), can make the task time increase.
The importance of being able to identify the IMs actions is
clearly evident, rejecting them before they can be pro-
cessed by the software.

So, to solve these problems, at first empiric methods
were used based on experience rather than justified
hypothesis. Further studies developed different solutions
based on e-analysis of the fundaments of this process
(55,59–61). In this respect, the applied solutions can be
catalogued in:

* Passive: Reject: In this method, the involuntary
switch activations will be rejected, after being identi-
fied as IMs originated through switch signal analysis
or also over the muscle activity (EMG).

* Active or statically adjusted: Here, the mechanic
features of the switch are modified (in factories) so
as to make it less sensitive to the effect of IMs (having
a limited efficiency).

* Mixed or dynamically adjusted: The features of the
switch are dynamically modified in real time depend-
ing on the analysis results (haptic devices).

From these possibilities, several kinds of solutions have
been developed, such as sensibility adjustment and adap-
tive dynamic control of the switch; timing debugging and
filtering of the generated signals; as well as EMG pattern
recognition.

4.6.1. Switch Sensibility Adjustment. Some designers
thought that by increasing the switch activation strength
(hardness), or also the switch activation displacement, it
would be possible to minimize the IMs effects so that they
could not activate the switch. All of this is a little fuzzy
and has reached a poor efficiency.

4.6.2. Adaptive Dynamic Control. In this case, the de-
vice (e.g., mouse) was structured as a feedback system

with adequate sensors and actuators (magnetic brakes,
torque engines, etc.) that work in the same way as a
braking servo system, within a real-time adjustment, of
the device friction effect, in relation to the intensity and
the frequency characteristics of the user’s tremor.

4.6.3. Timing Debugging. This technique starts from
the idea that, generally, many of the involuntary actions
(IMs hold) produce ‘‘faster’’ logic signals than those volun-
tary actions VMs generated; for this, all the state changes
(in ON) that do not last a minimum time (TON) or keep (in
OFF) between them a minimal time difference (TOFF) will
come to be ignored.

This system is appealing (because of the ease of im-
plementation using a simple algorithm on the scanning
software), but the results were never adequate for extreme
cases. In 1998, a research team defined a variation in this
sense (the structure for low-cost time depuration), based
on the use of three time parameters (ON time, OFF time,
and elimination time) and two different techniques (add-
ing and eliminating) for the switch digital signal treat-
ment, which allowed improvements of nearly 13% in the
false action (VMs originated) rejection (62).

4.6.4. Filtering Techniques. The application over the
input device signals (mouse) of frequency-domain analysis
and filtering techniques shows effectiveness in the case of
Parkinson’s disease (tremors from 4 to 12 Hz). These
devices use different filtering algorithms directly over a
standard or adapted mouse. Generally, it is compulsory to
use multimodal techniques. So, band rejected filtering, BR
(for tremor in the 3–20 Hz band); Fourier Linear Combi-
nators, FLC (for high-frequency tremors); Weight Fre-
quency Linear Combinators, WFLC (for periodical
artifacts of unknown frequency and amplitude); as well
as other variations (for essential type tremors) (63,64).

4.6.5. EMG Pattern Recognition. The signals generated
by switches, joystick, or mouse correspond to the complex
function of transference of a biological system (brain,
nervous system, motor units, muscle fibers, etc.). This
system attacks another simpler electro-mechanical sys-
tem (the switch), which is why it seems logical to admit
that it will be more effective in the identification of
involuntary actions (IMs produced), directly through the
identification of patterns in the EMG activity (that is to
say in the biological system).

For the development of study in this field, the simulta-
neous and synchronized acquisition of both signals (sEMG
and switch) must be guaranteed. So, for example, for the
study of an involuntary activation to be done with one’s
foot, it is possible to use two electrodes (1 cm diameter
with inter-electrode distance of 2.5 cm, both placed over
the M. Peroneus Tertius. Moreover, a structure can be used
organized as it is shown in Fig. 13 where the computer
acts as a controller of the data acquisition and a ‘‘synchro-
nizer’’ element; originating acoustic and lightening sig-
nals (loudspeaker tones and color changes on the PC
screen) with a previously programmed cadence and last-
ing. These signals will be understood as a stimulus by the
person to be analyzed that must ‘‘respond’’ by generating
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Figure 12. Effect of the involuntary activations of the selection
switch.
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synchronized switch actions, repeating the programmed
sequence. All the signals (excitation, stimulus, switch, and
sEMG signals) are monitored by the PC (65).

As can be seen in Fig. 14, not making either ‘‘attention-
related mistakes’’ or involuntary actions, the ideal re-
sponding signal (Fig. 14b, switch action) caused by VMs,
activation (Fig. 14c, EMG ideal) must follow, in spite of the
unavoidable delays, the cadence of the stimuli signal (Fig.
14a).

When the system is used on people highly affected by
spasmodic movements, it is possible to obtain registers of
the type of those included in Fig. 14d (switch signal)
affecting involuntary activations (Fig. 14e, EMG signal).
In this analysis, several anomalies can be identified, such
as:

* Failures in ON. They have their origin when the
spasm of the user produces an undesired switch
release.

* Pulses in OFF. These pulses appear when the user’s
spasm produces an undesired switch activation.

The sEMG signal characteristic that are useful to develop
this identification correspond with:

* Transitions of the d/dt of the RMS value;
* Shifts of the median frequency (in the PSD); and
* Temporal patterns associated with the comparison of

the RMS value with a certain threshold.

Once done, the IMs identification (on the EMG) of the
activation of the switch can be rejected before they are
processed by the scanning software. Unfortunately, this
technique will have a relatively high cost (computational
and in equipment) (56).

4.7. Accessibility to Electronics Contents

Once the different techniques, used for guaranteeing
computer access, have been reviewed, the contents pro-
vided by these systems should be analyzed. In fact, this
review of AT resources would not be completed without
making reference to the web access, which, at present, is
one of the greatest resources for assistive services.

Today, the diffusion of the Internet, and of its contents
and varied use (which make it widely used to buy, sell,
learn, teach, keep relations, communicate, and inform)
clearly define a powerful application for disabled and
elderly people. So, on a web page, both text and graphical
contents must be clearly accessible. Otherwise, web acces-
sibility must tend to get an accessible design on pages and
portals not depending on the hardware and software in
use, at the same time as other requirements are fulfilled
(66,67).

On the one hand, the use of tools and methods (Bobby
(68), Taw (69), html Validator, CSS Validator), the com-
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parison of usability with ‘‘text-only’’ web browsers, and of
course the ‘‘human evaluation’’ permit one to classify the
contents of the pages organized in three levels (A, AA,
AAA) depending on the fulfillment of three accessibility
priorities; if they all are fulfilled, then it is possible to
obtain total information access.

On the other hand, the consideration of the conceptual
accessibility, especially for the people with cognitive dis-
abilities, must be highlighted. With the spread of Internet
usage, and the rise in the number of portals and online
databases, multiple projects have focused on the enhance-
ment of web accessibility (70,71).

Apart from the use of a system-independent design,
several recommendations have been made for web page
developers (72–74), including:

* Provide texts equivalent for each of the nontext
elements.

* Make explicit the meaning of the acronyms and
abbreviations to enable the synthesizer operations.

* Provide the user’s control over the changes done on
the screen.

* Make use of ‘‘work modes’’ repetitive that do not
change its logic through the www browser (especially
for people with cognitive disabilities and the elderly).

5. EVOLUTION OF ASSISTIVE TECHNOLOGY

Throughout history, the relationship of the society and
people with disabilities has greatly improved. Initially,
society adopted good-hearted, charitable, philanthropic,
and paternal attitudes toward disability (via the partici-
pation of the church, the crown, the wealthy social classes,
etc.) followed by the state actions justified by the public or
company-like deeds (war-crippled and labor handicap
people, etc.). Only later did it reach the present position,
on a whole aiming for the complete guarantee of the
natural rights of all people as members of a fair, demo-
cratic, and equal society.

Gradually, along this evolution, important landmarks
such as the following ones have taken place:

* Basic care in shelters;
* ‘‘Primitive’’ prostheses and orthoses;
* Early social rules;
* Rehabilitation of acquired disabilities (wars, labor

activities);
* Early attempts of social and labor integration;
* Start of disability prevention;
* Early education of people with disabilities;
* Beginning of the modern technical aids and the

assistive services;
* Early stimulation and rehabilitation;
* Emerging of the accessibility concept;
* Advanced technological aids;
* Autonomy concept emerges;
* New concept of accessibility (total accessibility);

* Development of the general rules for a more adequate
design of the environment;

* Development of the concept of usability; and
* Universal design or ‘‘design for all.’’

Further information may be found in the works of Ped-
rotty and Brian who have carried out an excellent review
of the different stages of the evolution of this matter along
three different periods (before 1900, 1900–1972, and 1973
to present) (18).

All this helped to make up the AT as it is known today
and also what it will be in future. Unfortunately, only two
basic concepts of the present AT are mentioned here for
space purposes.

5.1. Total Accessibility

According to this new concept (that emerges complement-
ing that of accessibility), it must be guaranteed that the
physical environment (architectonic, urban, services re-
lated, etc.), the society and legal rules, as well as the
operative environment (tools, systems, resources) must be
established permitting everybody to live equally and in
the most independent way as possible, integrating the
varied needs and rights of people (in laws) and offering
them tools and resources that can be used by everybody.
The objective of total accessibility comes to lie in the
fulfillment of a physical, legal, and operative environment
that is comfortable and safe, and that everybody can enjoy,
including people with disabilities.

At the same time, within the total accessibility concept,
and in the attempt to create a technological order able to
aim the research and development, the initial conditions
of universal design (or design for all) were established.

5.2. Universal Design

It is because of the concept of total accessibility and with
the aim of guaranteeing the right interaction with the
user and his or her environment that makes equipment,
objects, services, and tools necessary that can be devel-
oped as valid designs for most of the users (whether
disabled or not).

It must not be forgotten that the most important
belonging of a human being is his or her diversity.
Additionally, the life of the human being suffers from
changes, including the simple day-by-day passing of its
biologic and time cycle. Finally, it should also be consid-
ered that the functional capacities of the user may also
suffer extreme changes because of indirect circumstances
far from the ‘‘natural’’ evolution of its biologic life, such as
accidents, illnesses, and so on, which is (the users’ diver-
sity) what provoked the emerging of a new scope of the
design.

The universal design, as defined by Ron Mace in the
1970s, was initially referred only to the requirements for
architectural design guaranteeing a proper accessibility to
all kinds of buildings and facilities. Finally, this philoso-
phy would come to spread to all the fields of design.

5.2.1. Characteristics of Universal Design. As far as the
above-mentioned goes, it is clearly explained that the new
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sight of the design (aiming at the establishment of tech-
nology today), will not only affect the present resources of
the AT but also the most varied kinds of products, objects,
tools, systems, and services related to the production
sectors, which until now was the so-called ‘‘general’’ or
‘‘big audience.’’

To reach the above-mentioned goals, the universal de-
sign fulfills two basic principles:

* Rejecting the simplistic classification of the popula-
tion in people with and without disability.

* Resolving the technological problems related to the
total accessibility, in a general way, making use only
of special arrangements in adequate and limited
cases.

Hence, new bases (mentioned below) were born for the
design, affecting a whole spread of technological fields (75–
77):

* Products cannot be created without thinking of the
diversity of users.

* The environment must be adapted to the user’s
needs.

* It must be known that every subject, as a member of
the specie, can be very diverse according to their
physical, psychic, cultural, religious, and social char-
acteristics.

* The abilities and characteristics of every human
being are different and are modified throughout their
lives.

Within the logic of the universal design (or design for all),
the products, equipment, and assistive developed techni-
ques will have to fulfill some conditions (78–80), including:

* Indistinct and slightly differentiated (for people with
or without disabilities).

* Flexibility in the use.
* Logics of simplified and intuitive use.
* Systems tolerant to mistakes.
* Easy perception of the information (signals and

GUIs, adapted and friendly).
* Need of a low physical effort for its fulfillment.
* Setting and size that allow the nearby and use.
* Possibility of including connections for other external

interfaces.

On the other hand, the assistive products, structured
following this philosophy, must be simple, being able to
be adapted to the capacities of interaction of the users. At
the same time, they must have a ‘‘transparent’’ conception
showing at once what they are like and what they are used
for within their design, including methods for making
evidence, through a constant feedback, the relationship
between the user’s action and the reaction of the product
or service. Finally, the agents involved in the design must
assure the functioning of the equipment is adjusted to the
previous experience and the expectations of the user.

5.2.2. Agents Involved in Universal Design. The emer-
ging of the concept of universal design and for reasons of
its own operability as an integrating technological re-
source are justified not only on the capacity to encourage
research in the field of AT but also on the capacity of
stimulating the introduction of these techniques in the
general public.

To summarize, this technology will enable resolution of
the problems motivated by the early customized develop-
ment of the AT products, (76,79–82) including:

* Design of individualized and much differentiated
solutions.

* Impossibility of industrial manufacturing in batches.
* Lack of interest of the enterprises (for economical

reasons).
* Expensive solutions, of difficult maintenance and

availability.
* Lack of stimuli to the development in IþD in the

field of the assistive products.
* Lack of stimuli on the manufacturing and trade

sector of products for the AT.

Under these conditions, it is clear enough that for the
success of universal design, as it is shown in Fig. 4, will
have to involve different agents such as:

* Users (in relation to a single user or in associations);
* Researchers and designers.
* Manufacturers (both of assistive products and also of

great consumption products).
* The public administration in its different services

(not only the assistance services but also those re-
lated to disability).

On the other hand, it must be also taken into account that
the above-mentioned agents have a direct influence on the
goals of universal design in many different ways. So, the
consumers must think that the product that he or she
acquires also must fulfill their needs in the future and
outline this to the manufacturer. The designer will have to
know and consider the needs of the consumer, users, and
organizations to carry out the product design. The user, in
his or her diversity, will press so that the product design
(and the environment) bears the user’s diversity. The
enterprise will make the product possible and will have
to help the users and organizations to take part of the
stages of the design. The administration will have to be
responsible for the fulfillment of the equality in opportu-
nities (and the universal accessibility) for every member of
the society. Last but not least, they all (the organizations
of people with disabilities, as well as consumers, de-
signers, and administration) will be responsible for the
promotion and fulfillment of the use and spread of the
universal design (83).

5.3. The Future of Assistive Technology

It is possible to foresee the future evolution of assistive
technology in relation to its three main components:
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* The population of disabled people, as well as those
with integration and autonomy problems.

* The technology available to solve these limitations.
* The social structures at legislative, economic, and

social assistance levels.

If an analysis of the evolution of the interactions within
these agents is carried out, it will be possible to outline the
future evolution of the AT scenario (31,84). If the current
technological and social scenarios are analyzed in order to
detect the different factors affecting the prospective evolu-
tion of the assistive technology, several topics should be
studied in depth, with the most important ones described
below.

5.3.1. New Needs Imposed by Emerging Disabilities. Un-
der the recently introduced term of emerging disabilities,
a whole new set of deficits, alterations, and disorders not
previously considered as disabilities are included. These
‘‘new disabilities’’ are a direct result of the great socio-
economic changes introduced by the scientific and techno-
logical advances that have taken place in recent years.

As it is known, any emerging process presents some
basic difficulties, such as defining its extent and the
associated problems or adopting a concept and a denomi-
nation, that have complicated the adoption of a rigorous
classification specifying these new alterations. Consis-
tently, as happens in many other fields of science, it shall
be necessary to start from their consequences in order to
identify the causes prior to naming them. In order to set
an example, the next processes are included for being
susceptible to be included within those emerging disabil-
ities, according with what is understood this topic stands
for.

* Alterations associated and originated with the aging
process: It is well-known that the population of the
world has largely surpassed what was considered as
the life expectancy during the decade before, as it is
evident that the number of people going over 65 years
is increasing year after year and it is not uncommon
for someone to reach 80 years of age, which has lead
to the apparition of new disabling situations related
to the process of aging, thus not considered at that
moment because most people did not reach that age
before.

* Survival of people affected of prenatal and perinatal
disabilities: The number of people born with severe
disabilities (not supported by the medical care avail-
able years before) that survive to the adult age has
increased because of the advances in science and
technology at both preventive and assistive levels.

* New diseases associated with new lifestyles: Stress
and anxiety are becoming more frequent among
healthy people in the developed countries. The frantic
and competitive rhythm in which the activities of
these countries are performed drains most of the
resources of the human body (which has not appar-
ently changed when observed from the evolution time
scale) in order to get the required efficiency. This fact

has led to limit situations threatening the survival of
the individuals.

* New tasks and roles in modern times: The necessity
for performing new tasks and assuming new roles,
because of the social and technical changes intro-
duced in everyday life, may induce a new generation
of people with disabilities. Those people cannot take
advantage of the new technological developments
offered to the society.

Assistive technology should face this challenges without
forgetting that, for these people suffering from emerging
disabilities, their resources (i.e., assistive products and
services) will be the unique bridge enabling these people
to get out from exclusion, live a successful independent
life, and get the desired social insertion, turning them into
one of the most valuable elements of the society in their
time.

5.3.2. Welfare State Support. Social and economic poli-
cies developed by the different countries on a worldwide
scale justify their primary objectives for reaching great
economical development for sharing those benefits with
their citizens, giving them a better quality of life, includ-
ing the improvements of the social and health coverage
offered by the governments.

This social economy has evolved from the political
economy that has been ruling the economic policies since
the French Revolution, when the principles of liberty,
equality, and fraternity spread among all modern demo-
crat constitutions, favoring associations for the support of
the socially excluded.

Later on, as the activities carried out by the citizens put
pressure on the political powers, these political powers
became aware of the necessity for the formal regulation of
these activities and gave way to the different social
structures with the required resources for guaranteeing
the social and work inclusion of the socially excluded.

Unfortunately, most of the time, the trade-off among
the cost of these services and the tax pressure has limited
the extent of these actions. Besides, the population of the
world has experienced great changes in both size and
nature, which has led to the increase of the number of
groups that composed it as certain population categories
have increased the number of individuals, as happens
with people with disabilities and the elderly, whose inte-
gration, autonomy, and quality of life have increased
significantly. These population groups still constitute a
minority today, in fact, it is possible that in only 25 years
these groups may extend to nearly 50% of the population.

At this point, it seems obvious that any country ‘‘ad-
vanced and in progress’’ should be interested in the
necessities of this population, increasing the funding
associated to their social programs. For this purpose,
policies shall include the access to AT for these people in
order to keep them as active elements of the society for
longer periods of time.

5.3.3. Overview of the Future of Assistive Technolo-
gy. The future of assistive technology [that will have to
look forward to multidisciplinary solutions (18,31)] will
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run in parallel with the future development of science and
technology (31).

It is then possible to foresee that the new techniques on
microintegration (for both electronic and mechanical mi-
crosystems or MEMS); the advent of faster processors; the
gain in knowledge on biosignals, new materials and
sensors (including those biocompatible), nanotechnologies
and robotics, and so-called artificial intelligence; and the
advances in biomedical engineering in general (and those
in genetic engineering in particular) will significantly
influence the future of assistive technology; especially on
the development of:

* Gene therapy.
* Methods for the early detection of disabilities.
* Direct or ‘‘mind’’ control for ortheses and prostheses.
* New implants and biosystems.
* Adaptive and intelligent human control interfaces.
* Virtual environments, augmented reality.
* Intelligent task sequencers for home and work use.
* Artificial language, speech generation, and recogni-

tion.
* Control systems for autonomy, job and home, based

on intelligent environments.
* Advanced robotic systems for the mobility and envir-

onmental manipulation.
* Assistant robots for the home, work, and leisure.
* Advanced transduction technology.
* New models for user characterization.
* Intelligent assistive products, able to detect changes

(in the user and the environment) in order to auto-
matically adapt to new conditions.

From the particular point of view of computer access and
the information and communication technologies, it seems
that it will be significantly developed with the nonstop
diffusion of ubiquitous computing and communication,
wearable computers, augmented or virtual reality, and
direct access systems such as brain computer interfaces.
Most of these topics are being covered by the scientific
community, and promising results are being presented
year after year in dedicated journals and conferences
(85,86).

On the other hand, it is possible that the adoption of the
principles of universal design on a global scale will attain
the two main objectives of this movement: The usability of
most of the products will be increased so they will become
accessible for all the citizens and this adoption will impel
the research and manufacturing sectors of AT to make
developments available for the general public as standard
resources for mass-produced goods.

6. LEGISLATION

As it was previously remarked, the most important tool in
the social integration of people with disabilities is the
existence of legal rules that may assure their rights.
Hence, in this section is displayed a (unfortunately brief

and incomplete) revision of the evolution of the legal rules
related to disability.

Historically, it is illogical to make reference to interna-
tional judicial aspects about disability without mentioning
its beginnings, in the period from 1983 to 1992 of the
United Nations Organization, UNO, after the declaration
of 1981 as the International Year of the Disabled People.
This initiative was the origin to take into account the
difficulties, problems, and discriminations that people
were suffering.

In the United States, the first actions to get legislation
had their roots in the Veterans Administration, after the
end of Word War II, within the frame of urgent measures
developed for the attention of veterans. In 1973, the
Federal Rehabilitation Act was promulgated, which en-
abled the foundation of the National Institute for Handi-
capped Research and some other specialized centers in
engineering of rehabilitation that can be considered as the
root of the development of the assistive technology.

Later, the Rehab Act of 1986 was edited followed by the
Technology-Related Assistance for Individuals with Dis-
abilities Act of 1988. It is in 1990 when the U.S. Congress
enacted the Law of the North American Disabled People
(ADA-Access and Opportunities: A Guide to Disability
Awareness), on which the partial legislations have been
based that have taken place in other countries.

The United States shows the most complete and ad-
vanced legislation in this respect, going further than the
1990 legislation (ADA) and the Individuals with Disabil-
ities Education Act Amendments of 1997, and in 1998,
enacting legislation about AT (Assistive Technology Act,
ATA), taking the Law of 1988 as a base (87–89). The
application of the ATA extents from the District of Co-
lumbia to Puerto Rico and other places such as Samoa and
the Mariana Islands (Commonwealth of the Northern
Mariana).

The ATA foresees that the states should be able to
respond, with the AT resources, to the needs of the citizens
with disabilities and indicates that the states, within the
following ten years, could develop AT programs devoted to
cover these needs.

As far as the European Union (EU) goes, through the
Amsterdam Treaty, article 13 about discrimination, which
certain groups of people do not have to suffer, was included
in the Treaty of the European Union (90). In spite of all
this, some countries in the EU have a specific legislation
about nondiscrimination with disability. Only some coun-
tries have a partial legislation to this respect, such as: The
United Kingdom (Disability Discrimination Act (1995),
Part III, Access to Goods and Services) (91), Ireland,
Sweden (together with that of the British act, they both
mention in their legislation the nondiscrimination of
people with disabilities considering the lack of equipment
or adaptation of overcoming barriers of all kinds). France
and Italy also changed their laws that discriminated to
people with disabilities. In the constitutions of Germany,
Finland, Greece, and Spain, specific references about
nondiscrimination of disabled people do not exist.

In particular, in Spain, the Spanish Constitution of
1978, in article 49, remarks the specific fulfillment for
forces in office to carry along policies of integration for
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people with disabilities, and in its article 9.2 focuses on the
‘‘promotion of the conditions so that the freedom and
equality of the people and groups where they are inte-
grated, come to be real and effective.’’ It is also foreseen, in
article 53, the judicial care that these people must have,
when infringing their rights so as not to be discriminated
for their disability; hence, they can call for them both at
the Ordinary Court and the Constitutional Court. On the
other hand, Italy and Holland, in their respective consti-
tutions, at the beginning only mentioned the integration
as a duty and a right but without specifying or including
these people.

Other countries have made laws about nondiscrimina-
tion to improve the lifestyle of the people with disabilities,
such as Canada, Australia, New Zealand, and South
Africa.

At present, many international institutions and coun-
tries, following the previous examples, are proceeding to
update their legal rules.
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ATOMIC FORCE MICROSCOPY
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1. INTRODUCTION – THE BIOENGINEERING CONTEXT

Atomic force microscopy (AFM) (1) is now the most widely
used member of a large family of related techniques
known as Scanning probe microscopy (SPM)—the acro-
nyms will be taken to refer to the technique, microscopy,
as well as the instrument, microscope. During the last
decade, SPM has arguably been the main contributor to
the dramatic increase in knowledge about surfaces and
interfaces on the nano- and meso-scale. Thus, SPM is not
only becoming a tool of the trade in surface science and
technology in the research laboratory, but also in the
industrial setting. Two other trends have played coinci-
dent and synergistic roles with that of SPM. Advances in
the life sciences, in depth and breadth, have increasingly
been based on interrogation and manipulation of biosys-
tems at the molecular level. Also, nanotechnology has
joined biotechnology at the emergent scientific and tech-
nological frontier, and as the likely driver of future post-
industrial economies. In the near term, it is likely that the
first breakthroughs will take place at the nano-at-bio
intersection, with SPM and numerically intensive compu-
tation as principal ingredients in the enabling technolo-
gies.

The Scanning tunneling microscope (STM) was the first
member of the family. The STM was invented at the IBM
Rüschlikon Laboratory by Binnig et al. in 1982 (2), and
earned the discoverers the Nobel Prize for physics. The
unequivocal demonstration of single-atom resolution in
images obtained from the 7� 7 reconstructed Si (111)
surface was a defining moment in the history of STM,
and indeed in surface science. The excitement surround-
ing those developments is reflected in papers in two issues
of the IBM J. Res. Develop. (3). After the arrival of the
AFM in 1986, many other members of the increasingly
large SPM family were demonstrated, based on sensing of
various tip-to-surface interactions, and many novel opera-
tional modes were developed and described for each
member of the family. First-generation commercial instru-
ments came on the market in the late 1980s. Second-
generation general purpose multimode, multitechnique
modular instruments became available in the early
1990s. More recently, manufacturers have begun to cater
to niche markets with instruments that are optimized for
particular classes of applications. For instance, the major
manufacturers now offer instruments that are intended
principally for analysis of biosystems in biocompatible
fluids.

The essential elements of an SPM system are shown
schematically in Fig. 1. They consist of a sharp tip and a
surface or interface, where the tip and the surface are
connected by an interaction having strength and range.
Both tip and surface have geometrical and physicochem-
ical attributes. Extent of localization of a measurement

will depend on the sharpness of the tip and on the range of
the interaction(s). In the case of STM, the sharpness is
defined by a single atom at the tip apex whereas the
characteristic range of the interaction is determined by
the spatial decay of an atomic wavefunction (o0.1 nm) (2).
In the case of the AFM, on the other hand, the effective
radius of curvature of the tip is rarely much less than a
few nm, and the net interaction is usually dominated by
the van der Waals force (1–2 nm range). Thus, single
molecule resolution can be obtained with the AFM only
in favorable cases. When the interaction is dominated by
the longer-range electrostatic or magnetic interactions,
then the localization is correspondingly degraded.

Another measure of the merit of an analytical technol-
ogy is that of the characteristic ‘‘interaction volume’’ (i.e.,
the volume of space from which the information is ob-
tained). The interaction volumes of STM and AFM can be
thought of as being those of a single atom (o10� 30 m3)
and of a single molecule (o10� 28 m3), respectively (4).
However, if the specimen surface is ‘‘soft,’’ as in the case of
biomaterials, then the tip-to-surface interaction will cause
deformation and the interaction volume may be rather
greater. Nevertheless, SPM allows interrogation with
truly exceptional spatial resolution.

The AFM began life as a meso-scale imaging tool, with
lateral and vertical spatial resolution in the low nm range.
A particular merit is that image quality is essentially
independent of surface conductivity (as distinct from the

TIP 
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SURFACE Geometry INTERACTION 
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Figure 1. Schematic of the essential elements of the SPM
system. The schematic suggests that if adequate knowledge exists
about any two of the three elements, then the third element can
be subjected to investigation. Accordingly, the system is far richer
than what is implied by its name. Conversely, it will be clear that
the output is a ‘‘convolution’’ of the geometries and properties of
the three elements.
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STM). As well, unlike the electron-optical and photon-
optical imaging methods, image quality does not depend
on pretreatment of the specimen in order to enhance the
contrast. On the other hand, the AFM does not offer
analytical compositional information. As described more
fully below, the AFM in its various operational modes,
aside from topographical imaging, has turned out to be a
rich and varied source of information about those attri-
butes of surfaces and interfaces that cannot readily be
obtained with ‘‘conventional’’ microscopy techniques. The
functionality of the AFM is substantially unaffected by
operation in air or a fluid environment. Thus ‘‘living’’
biosystems can be probed nondestructively in vitro in
biocompatible fluids. Therein is the principal attraction
of AFM in a biomolecular and biomedical context.

2. INSTRUMENTAL ESSENTIALS

Detailed accounts of the technicalities of AFM instrumen-
tation can be found in the literature (4,5). The basic
elements of a generic current-generation AFM are shown
in Fig. 2. The probe is at the heart of the system. It
consists of a force-sensing/imposing lever and an integral
tip at the free end of the lever. The interaction between tip
and surface causes deformation of the lever. That defor-
mation is ‘‘sensed’’ by an optical lever system where a
collimated beam from a laser diode is incident on the top
surface of the lever at the location of the tip. The optical
beam is reflected and then detected by a quad-segment
position-sensitive photodiode (PSPD). If the deformation
is that of simple deflection, analogous to that of a diving
board, arising from out-of-plane force components, then
the deflected light beam will be detected by the top-bottom
segments. If, on the other hand, the lever undergoes
torsional deformation in response to in-plane force compo-

nents acting at the apex of the tip, then the deflected light
beam will be detected by left-right segments of the PSPD.
The angular sensitivity of the detection system is in the
range 10�6–10� 7 radians. As the deflection of the canti-
lever, in terms of z-displacement at its free end, is propor-
tional to the angular change, then the top-bottom PSPD
signal is a measure of the z-excursion of the tip from an
arbitrary set-point. As the tip is rigidly attached to the
lever, then the z-excursion of the tip will translate to an
equal bending of the lever. The system is quasistatic, and
the net force acting between tip and surface will be
balanced by the force imposed by the lever.

Most AFM instruments have adopted the scheme
whereby the specimen is translated while the probe is
held stationary. Localization and translation in x-y-z space
is effected by a stage consisting of piezo-electric elements.
(A piezo-electric material has the property that direct
correspondence exists between an applied electric field
and dimensional change. The field derives from applica-
tion of a voltage. Typical figures of merit for a piezo-
electric stage range from a few to several hundred nm of
dimensional change per volt applied to the stage element).
A high-resolution stage may have a maximum x-y field of
view of less than 1�1 mm2, whereas other stages may
have fields of view of more than 100� 100mm2; the latter
capability is useful when a large area needs to be sur-
veyed, but extreme resolution is not required. A raster is
generated by application of ramp or sawtooth signals to
the x-y elements of the scanning stage. The resolution for
a particular stage is generally on the order of 10� 5 times
the field of view. Thus, the smallest raster increment
ranges from less than 0.1 to more than 10 nm, depending
on the stage and on the number of pixels in the image. The
z-range of a stage is generally about one-tenth of the
maximum field of view, and defines the ‘‘depth of focus,’’

Figure 2. Schematic of AFM system. The seg-
ments of the photodetector are labeled A through
D. The respective signals can be manipulated so as
to detect either simple bending or torsional defor-
mation of the lever. The piezo-electric driver can be
activated in order to engage the tapping mode. The
specimen is translated in x-y-z space by the piezo-
electric scanner.
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whereas the resolution along the z-direction is correspond-
ingly better (typically 0.01 nm) than in the x-y plane.

The signals from the quad segments are conditioned
(i.e., buffered, amplified, and filtered). The top-bottom
difference signal is compared against a set-point, when
the instrument is operated in the constant force mode (in
actuality, the mode is maintaining constant lever deflec-
tion). Any deviation from the set-point, deriving from a
change in z-height at a particular location on the surface
will then generate a feedback signal. That signal is
managed by an electronic feedback loop, the output from
which is used to control the height of the z-stage so as to
take the deviation back to zero. The change in z-stage
height required to maintain constant force constitutes the
information that is used to generate a contour map of the
surface (in this case, a map where the contours correspond
to the z-stage extension required to maintain constant
lever force). The implicit assumption for the interpreta-
tion of the resultant topographic image is that the surface
is much stiffer than the lever (i.e., the lever is the only
compliant element). If the surface is relatively flat, such as
in the case of a cleaved crystalline face, then the feedback
loop can be turned off, and the z-height information is
obtained directly from the difference signal from the top-
bottom segments (the image is then obtained in the
constant height mode).

System control and data acquisition, processing, and
handling is almost entirely software driven in current-
generation instruments. First-generation instruments
were highly susceptible to acoustic and mechanical vibra-
tional noise, thermal drift, and electronic noise. A great
deal of clever engineering has substantially overcome
those problems in current-generation instruments. Like-
wise, rates of data acquisition are now much higher, and
software packages are more user-friendly and incorporate
powerful image and data processing tools.

3. THE PROBE

The tip is the primary sensor of interactions with the
surface and defines the location of the measurement,
whereas the lever is the force transducer. The quality of
the probe is defined by a number of parameters including:

* Radius of curvature at the tip apex, Rtip, (rarely less
than 2 nm, and up to 50 nm for a ‘‘standard’’ probe).

* The aspect ratio of the tip, Ar, usually taken as the
ratio of tip height to half width, defines the steepest
gradient of surface features that can be traced (spe-
cially ‘‘sharpened’’ tips may have an aspect ratio of
10, whereas routine tips may have a figure of near
unity).

* Tip height, h, will affect the range of height varia-
tions that can be probed reliably; it will also affect the
sensitivity to torsional forces (tip height may range
from o3 to 415 mm).

* Lever stiffness arises from its geometry and the
elastic modulus of the material, will determine its
response to forces being sensed and will affect the
range of forces being imposed by the tip on the
surface (the normal force constant, kN, ranges from
0.001 to 100 N/m, whereas the torsional force con-
stant, kT, tends to be higher by factors of 10–100).

The relationship between force sensed/imposed by the
lever and displacement, d, of the tip, with respect to the
z-axis, is given by

Force ½in nN� ¼k ½in N=m� �d ½in nm�:

Thus, a lever with a force constant of 1 N/m will impose/
sense a force of 1 nN, if a z-deflection of 1 nm exists. One
might think that a soft lever in combination with a z-
resolution of 0.01 nm would allow force sensitivity in the
sub-pN range. Unfortunately, thermal fluctuations impose
a limit of 1–10 pN on resolution. A generic lever has
dimensions of ca. 200mm long, by 30 mm wide, by 2 mm
thick. SEM images of a beam-shaped probe with a shar-
pened conical tip are shown in Fig. 3.

The probe is microfabricated from doped Si or from
nominally stoichiometric Si3N4. A V-shaped two-beam
geometry is generally adopted when torsional rigidity is
required, whereas a single-beam ‘‘diving board’’ configura-
tion is preferable when quantitative lateral force measure-
ments are to be obtained. In many cases, especially when
biosystems are probed, the surface chemistry of the tip
will be an important factor. Clean Si or Si3N4 will be
coated by a thin native oxide and will thus present a
hydrophilic surface (thus, the tip can be functionalized by
biochemical agents that will couple to an oxide). However,
probes stored in air are generally hydrophobic because of
adsorbed hydrocarbon contamination. Special purpose
probes are now available for particular applications (e.g.,

10 µm

50 µm Figure 3. SEM images of a beam-shaped AFM
probe and of the tip.
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Au coatings are preferred for thiol coupling, a nanotube or
graphite spike can be grown on the tip apex in cases where
extreme tip sharpness and high aspect ratio are required).

The choice of probe depends on the type of measure-
ment (e.g., contact mode imaging requires a soft lever,
whereas intermittent contact mode imaging is commonly
carried out with a stiffer lever), the roughness and hard-
ness of the sample, and the desired resolution (hard and
flat specimens are suitable for short and sharp tips and
stiff levers). Biomaterials are ‘‘soft’’ objects in the context
of AFM analysis (the plasma membrane of a live cell has
an effective Young’s Modulus of less than 1 MPa). Accord-
ingly, it is necessary to work with a lever with kN in the
range 0.001–0.1 N/m in order to avoid excessive tip in-
dentation. As-received probes will come with the manu-
facturer’s nominal figures of merit. In many cases, it is
necessary to determine the characteristics of particular
probes. The actual parameters for a particular probe can
be calibrated/measured by one of several methods de-
scribed in the literature (6). The probe is a consumable
item, because of wear, contamination, or accidental da-
mage. The cost ranges from a few dollars/probe for the
‘‘standard’’ varieties to more than $100 for a special
purpose probe.

4. OPERATIONAL MODES

4.1. Contact Mode Imaging

Short-range interatomic interactions at the point of tip-to-
surface contact are now balanced by the quasistatic bend-
ing of the lever. As the force constants of lattice potentials
are in the range of 102–103 N/m, whereas that of the lever
is typically 0.01–1 N/m, the compliance of the system is
principally confined to that of the lever. However, bioma-
terials are ‘‘soft’’ with effective force constants comparable
with that of the lever. Thus, the surface will become
deformed by force imposed by the tip, leading to an
extended area of contact and a corresponding degradation
of lateral resolution.

4.2. Intermittent Contact Mode Imaging

The lever is now stimulated by excitation of a piezoelectric
actuator at the anchor point to oscillate at, or near, its
free-running resonance frequency (from o10 to ca.
500 khz depending on the stiffness of the lever). The tip
is then located in the z-direction with respect to the
surface so that the tip enters the short-range force field
of the surface at the point of closest approach. The effect is
to turn the probe into a damped and driven oscillator. The
damping causes a decrement in amplitude of oscillation
and a change in phase with respect to the phase of the
driving signal and the free-running amplitude of the
probe. Those changes depend on the strength of the
short-range interactions at ‘‘contact’’; the respective decre-
ment and shift constitute variables that can be compared
against a set-point. In many cases, the intermittent-con-
tact AC mode (also known as ‘‘tapping modeTM’’) will
result in better image quality for ‘‘soft’’ specimens. The
mode has two distinct advantages. The effect of lateral

forces is substantially eliminated (important because bio-
materials tend to have low resistance to shear stress).
Also, because the interaction now derives from an impulse
action at one extreme of the oscillatory motion of the tip,
then the inertia of the sample will resist deformation.
However, the resolution of AC mode imaging depends on
the stiffness of the lever (related to the free-running
frequency) and the width of the resonance envelope. The
latter is severely degraded in water, and soft levers are
preferred for analysis of live cells. Although AC mode
imaging has many advantages, in vitro imaging of cells is
generally carried out in the contact mode (7–10).

4.3. Lateral Force Imaging/Analysis

In-plane as well as out-of-plane force components will act
on the tip at the point of contact with the surface. The
former will exert a friction force on the tip in the direction
of travel. If the fast-scan raster direction is perpendicular
to the long axis of the lever, then the lateral friction force
will cause a torsional deformation of the lever that can be
sensed by the signal on the left-right PSPD segments. To a
first approximation, the effect is similar to that of macro-
scopic friction between two objects in sliding contact (the
lateral force is independent of relative speed, and inde-
pendent of the ‘‘contact’’ area). The relationship between
lateral force, FL, being sensed, and normal force, FN, being
imposed by the lever, is given by:

FL¼ mðFNþFAÞ;

where m is the coefficient of friction and FA is the force of
adhesion between tip and surface. In the single asperity
regime, when a sharp tip is sliding across a hard surface,
the relationship is more complex (11,12). A surface may be
laterally differentiated by virtue of variation in surface
chemistry (the differentiation may not manifest itself in
the topographical contrast). A chemical contrast will
result from chemical differentiation that manifests itself
as change in adhesive force. Hence, the mode is often
called chemical force microscopy [or friction force micro-
scopy (FFM)] (13). The LFM mode is particularly useful
for delineating phase-separated polymer surfaces, as
shown in Fig. 4 (14).

4.4. Force Versus Distance (F-d) Analysis

Quasistatic F-d analysis can be undertaken by holding the
tip at a particular x-y location far away from the surface.
The sample is then driven toward the tip at a rate that is
slow in comparison with the mechanical response of the
system. The net force is sensed during the approach,
contact, and retraction parts of the cycle. Two idealized
response curves are shown in Fig. 5, with stage travel and
lever deflection plotted on the horizontal and vertical axes,
respectively. The vertical units can be converted into force
sensed/applied by the lever by the simple expediency of
multiplying the deflection by kN. The curve in Fig. 5a
represents the case when both tip and surface are incom-
pressible, and when the surface is covered with a thin
adsorbed aqueous film. The various segments represent:

Approach half-cycle:
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* AB - tip and surface are well-separated, no interac-
tion;

* BC - the tip senses the attractive interaction from the
meniscus layer, the force constant of interaction
exceeds kN, and the tip snaps into contact with the
‘‘hard’’ surface. A regime of instability exists because
of the force constant of interaction being greater than
that of the lever;

* CD - tip and surface are incompressible, and the
stage travel distance must therefore be equal to the
lever deflection.

Retract half-cycle:

* DE - the system retraces itself because all deforma-
tions/deflections are elastic;

* EF - the meniscus interaction has increased because
of capillary action, and a greater lift-off instability/
discontinuity will occur (than for the snap-on);

* FA - return to large separation and no interaction.

This kind of curve is representative of events for an air-
ambient instrument because of adsorbed moisture. The
meniscus interaction is generally a nuisance feature in
that it will mask other surface mechanical effects. The
meniscus can be eliminated by carrying out F-d analysis
under water (or some other fluid ambient). Alternatively,
in the case of an instrument operated within a vacuum
envelope the aqueous phase will be pumped away. The
‘‘hard’’ surface F-d curve is used to calibrate the detection
system so that a measurable detector response can be
related accurately to the lever deflection. Applications of
F-d analysis in cellular biology, biomolecular interactions,
and protein folding are now well-established. Several
reports have described current state of the art (7,13,15).

The schematic curve in Fig. 5b shows lever deflection as
a function of tip indentation of the specimen surface, or
separation from the surface (i.e., the difference between
stage travel and lever deflection), and thus illustrates
other surface mechanical aspects of the system that are
accessible to F-d analysis. The shape of the curve assumes
that at no stage is the force constant of interaction greater
than kN (hence, instabilities at snap-on and lift-off are
suppressed). The information content of the generic F-d
curve in Fig. 5b may be summarized as follows:

* The force constant of interaction, ki, is simply the
slope of the curve, kNzL/|zd � zL|, where zd and zL

refer to stage travel and lever deflection, respectively.
* The forces at ‘‘contact’’ on approach and retract, FA

and FR, may be defined at the inflection points where
the force constants of interaction are the greatest.

* The snap-on and lift-off forces, FSO and FLO, are
measured at the points of greatest net attraction.
The latter is generally taken to be the force of
adhesion.

* The distances zRO and zLO are measures of the elastic
recovery and the plastic indentation, both at zero
lever loading.

* The extent of hysteresis in the system is given by the
area enclosed by the approach and retract curves.

The parameters defined above cannot readily be related to
the familiar macroscopic definitions of mechanical proper-
ties (e.g., hardness, adhesion, Young’s modulus, tensile
strength, flexural strength, etc.) unless the system can be
specified further (e.g., tip shape, contact area, surface free
energy of tip, etc.) and unless additional assumptions are
made (homogeneity, isotropy, surface topography, etc.).

A consequence of the discussion above is the need to
match the force constant of the lever to that of the
interaction being investigated in order to extract max-
imum information. If a mismatch exists, then either the
lever will be the only compliant element, and no informa-
tion is obtained about the surface, or the surface will be
the only compliant element, and the deflection of the lever
is not measurable.

Figure 4. Topographic (a) and lateral force (b) image of a phase-
separated polymer blend film (PMA/PMMA at 95:5 nominal
weight fraction). The images show that the phase structure is
more clearly delineated in the LFM than in the topographic
imaging mode (14).
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4.5. Colloidal Probe Analysis

Some AFM-based work on biomolecular interactions has
been carried out by sensing forces in the sub-nN range
versus distance (i.e., standard F-d analysis), between a
functionalized Si or Si3N4 tip and a functionalized surface.
More often, however, a microbead is attached at the
location of the tip, so as to produce a ‘‘colloidal’’ probe;
that arrangement has a number of merits for investiga-
tions of intermediate- and short-range interactions (16).
The geometry of the probe is then known with greater
relative certainty than in the case of the tip. Likewise, the
surface chemistry of a bead can be prepared with greater
flexibility and reliability than in the case of a tip; a wide
range of functionalized microspheres/beads can be ob-
tained from several suppliers. Also, the much greater
surface area will effectively amplify the strength of inter-
action and thus improve the signal-to-noise ratio. On the
other hand, greater uncertainty as to the number of
interacting species will occur, and lateral spatial resolu-
tion is substantially degraded in comparison with a sharp
probe tip. In the case of a functionalized tip, with a radius
of curvature less than 50 nm, the number of interacting
species may be less than ten, thus allowing single-event-
binding forces to be estimated from a histogram of the
data (17–19).

5. ELEMENTS OF METHODOLOGY

5.1. Probe Functionalization

Two main generic coupling schemes exist. The more
popular scheme is based on formation of a thiol self-
assembled monolayer on an Au-coated substrate [e.g.,
Ulman (20)]. The modified substrate is stable chemically
and relatively robust mechanically. Thiols with a great
variety of terminal functionalities are available commer-

cially. Silane coupling is the main alternative route [e.g.,
Sigueira Petri et al. (21)]. The surface is now prepared
with silanol groups, which act as sites of attachment for
any one of a great variety of silane-coupling agents with
different terminal functionalities. A variation on the thiol
theme involves attachment of an amine-terminated poly-
ethylene glycol spacer to the probe, followed by attach-
ment of an antibody to the amine group (22).

5.2. Ambient Conditions

Cleanliness and control of ambient conditions are impor-
tant issues for any surface-specific analytical technique.
When the surface is extremely reactive or susceptible to
contamination, then UHV is the only acceptable environ-
ment for specimen preparation and analysis. However, in
less demanding circumstances, or when the specimen is
incompatible with UHV (such as live cells in vitro), then
analysis in air, in an inert gaseous envelope, or in a fluid
environment is common practice. Indeed, the overwhelm-
ing majority of AFM instruments are intended for, and
used in, air or fluid ambient environments. In the case of
analysis of biomaterials, then the ability to have full
functionality in a biocompatible fluid is one of its unique
strengths.

5.3. Static Conditions

The principal variables requiring control are those of
temperature and fluid volume. If the fluid cell consists of
a trapped droplet, then frequent replenishment of the
reservoir is required. Thus, imaging conditions will need
to be re-established at regular intervals (typically
30 mins), but then opportunity also exists to re-establish
optimum temperature. A larger fluid cell, such as a
culture dish, with a volume of some 5 ml or more, will
have a longer life-time with respect to evaporative losses,
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Figure 5. Generic outcomes of F-d analysis. (a) The system consists of an incompressible tip and a
surface, with the surface being covered by an adsorbed aqueous film. (b) The surface is compliant so
that the tip indents the surface. The surface undergoes deformation in response to the force being
applied by the lever, in combination with partial elastic recovery.
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and the greater thermal inertia will promote temperature
stability. Long-term stability over some hours will require
replenishment, however. The optimum temperature can
then be re-established by total replacement of the media.
Although flow-through replacement from an external
reservoir is another option, the imaging conditions are
likely then to be affected by fluid convection when a ‘‘soft’’
lever is being used. Another alternative is that of contin-
uous heating of the cell by a hot stage; the disadvantages
then being associated with thermal contraction/expansion
and with thermal convection currents in the fluid.

5.4. Injection of Reactants for Dynamic Studies

In the case of slow dynamics being investigated, reactants
may be introduced when replenishment or replacement of
media occurs. More rapid injection and mixing is required
if fast dynamics is being investigated. Access to the fluid
cell is generally restricted by the compact design of most
instruments. Accordingly a flow-through cell arrangement
may be the better choice when interruption to the imaging
conditions cannot be tolerated, or when a particular field
of view needs to be tracked continuously.

6. CELLS

Interrogation of systems that consist of live cells in vitro
has traditionally been based on the mature photon optical
techniques. Spatial resolution has, until recently, been
limited by diffraction and aperture effects, but the avail-
ability of spectroscopic information has continued to add
value to the methodologies. Moreover, the advent of laser
illumination has given us optical tweezers and scissors,
thus providing the means for microscale manipulation of
cells. Likewise, high-quantum-yield solid-state detection
of photons and digitization of images have added new
dimensions to data acquisition and processing. More
recently, it has been demonstrated that the diffraction
limit can be beaten, and near-field imaging [near-field
scanning optical microscopy (NSOM), also known as
SNOM] can offer optical resolution of 30–50 nm.

The electron-optical techniques offer considerably
greater lateral spatial resolution, o10 nm for the current
generation of field-emission low-voltage scanning electron
microscopes (FESEM), and sub-nm point-to-point resolu-
tion for high-resolution transmission electron microscopes
[(HR)TEM]. Both families provide analytical information
in various operational modes, whereas the TEM offers
structural information from electron diffraction. However,
the electron-optical techniques are incompatible with a
cell being in a biocompatible environment and remaining
viable.

Although AaFM is a relatively recent entry into the
field of cellular biology, it has gained increasing impor-
tance as a complementary tool for visualization and
characterization of cells and their dynamics. The pioneer-
ing work was carried out in the early 1990s by Henderson
et al. (23,24). The current state of the art can be illustrated
by some examples from the literature.

6.1. Fixed or Dehydrated Cells

When a cell is fixed, through cross-linking of the plasma
membrane, or dehydrated, it becomes a ‘‘hard’’ object.
Consequently, it can be imaged in air by routine AFM
procedures; a typical contact mode image of a fixed cell is
shown in Fig. 6a (25). However, SEM/TEM methodologies
are then richer sources of information, and are generally
to be preferred.

6.2. Live Cells InVitro

Live cells on untreated cover slips in a biofluid rarely
produce acceptable contact mode images, because of poor
adherence to the substrate, gross fouling of the tip, and
destructive tip-to-membrane interactions. On the other
hand, cells grown on surface-treated culture dishes offer
greatly improved imaging conditions. Continuous scan-
ning at linear scan speeds of 150 mm/s and at force load-
ings in the low nN range can now be carried out over
several hours without any apparent damage to viable
cells. A typical example of a contact mode image of a
lamellipodial region of a fibroblast is shown in Fig. 6b; the

20 µm

(a) (b)

Figure 6. Contact mode images of fixed (a) and
live (b) human fibroblasts. The contour line
illustrates the resolution available routinely
with a large field of view scanner. The locations
‘‘a’’ and ‘‘b’’ refer to F-d analysis of the mechan-
ical properties [adapted from Bushell et al. (25)].
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contour line reveals intracellular structure with a z-
resolution in the low nm range.

6.3. Cell Dynamics (Slow)

The AFM is uniquely capable of meso-scale visualization
of the temporal evolution of systems consisting of living
cells in a biocompatible fluid. Distinctly different meth-
odologies exists for ‘‘slow’’ (410 min) and ‘‘fast’’ (o10 min)
dynamics. The acquisition of an image takes typically 1–
3 min. Thus, sequential imaging over a particular field of
view can track cell dynamics in vitro on the time scale of
some minutes. A soft lever (kNo0.01 N/m) in combination
with a low applied force (o1 nN) will enhance information
obtained from the ‘‘softer’’ elements of the cell, whereas a
stiffer lever and greater applied force will deform the
plasma membrane and enhance visualization of the less
compressible cytoskeletal and intracellular structures.
The more informative studies have exploited the latter
strategy in order to gain insight into cytoskeletal dy-
namics (24–27). Tapping mode imaging has proven to be
particularly useful for probing the internal structure of
living cells (8). An example of investigations of slow

intracellular dynamics is shown in a sequence of images
in Fig. 7 (25), where the intracellular nucleation and
growth over a period of 3 h of formazan crystals is appar-
ent. The crystals derive from enzymatic conversion of a
tetrazolium salt during the MTT assay of viable cells.

6.4. Cell Dynamics (Fast)

Biological activity on the subsecond time scale can be
observed and analyzed by AFM by monitoring the deflec-
tion of a lever held stationary in the x-y plane and sensed
in the constant height mode (i.e., where the time constant
of the feedback loop is longer than that of the biological
response mechanism). The tip is simply landed at an
appropriate location predetermined from an image. The
x-y scan function is deactivated, and the dynamic response
is monitored through the z-deflection of the lever. A soft
lever is most appropriate, because the probe is ideally a
passive participant in the temporal evolution. The method
has been deployed with considerable success in the case of
cardiomyocytes (28,29). Figure 8 (29) illustrates fast dy-
namics of spontaneously beating cardiomyocyte cells. In
principle, dynamic data can be acquired at rates that

30 min

90 min

180 min

50.06 µm
25.03 µm

0 µm
0 µm

25.03 µm

50.06 µm
0 nm

2303 nm

4606 nm

Figure 7. A sequence of contact mode images
obtained with a soft lever over 3 h showing
intracellular nucleation and growth of forma-
zan crystals within a living cell (deriving from
application of the MTT assay) [Adapted from
Bushell et al. (25)].
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approach the lowest mechanical or electronic frequency
modes of the system, say 10 khz.

6.5. F-d Measurements

The interaction between a tip and a surface is a function of
the force imposed by the lever, and manifests itself as a
force acting on the tip and being sensed by the lever. The
system consists of two compliant elements—the lever and
the surface—whereas all other components of the system
are assumed to be rigid. The forces will cause bending of
the lever and indentation of the surface by the tip. If the
shape of the tip, the spring constant of the lever, the
applied force, and the depth of indentation are known,
then an effective Young’s Modulus for the surface can be
calculated. The details of the procedure have been de-
scribed elsewhere (25,30,31). Adhesion between tip and
surface manifests itself as an attractive force causing
deflection of the lever at the point of ‘‘lift-off ’’ in the F-d
curve. As the strength of adhesion is a reflection of the

local surface chemistry, then mapping of the surface
adhesion of living cells and other biomaterials may pro-
vide valuable additional information (32).

The effective Young’s Modulus of a supported section of
the plasma membrane is in the range of 1–10 kPa,
whereas the corresponding value for a membrane more
strongly supported by the cytoskeletal structure is in the
range of 15–50 kPa. The effective modulus of fixed cells is
higher by an order of magnitude or more. The results in
Fig. 9 (25) illustrate typical outcomes of F-d analysis
carried out in vitro on living fibroblasts. A standard probe
with kN¼ 0.03 N/m and a pyramidal tip shape, nominal
radius of curvature of 40 nm, and an aspect ratio of 0.7,
was used for those measurements. The data illustrate tip
indentation and reveal differences in stiffness measured at
different locations (‘‘a’’ and ‘‘b’’) on the plasma membrane.
The horizontal axis refers to z-stage travel, whereas the
vertical axis shows lever deflection in the z-direction.
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Figure 8. The trace in the upper panel illus-
trates irregular beat of a live cardiomyocyte.
The image and traces in the lower panel de-
monstrate that both amplitude and frequency
depend on the location within a single cell
[Adapted from Domke et al. (29)].

ATOMIC FORCE MICROSCOPY 9



7. DNA IMAGING

Controlling and manipulating DNA molecules are poten-
tially important enabling nano-scale technologies [e.g.,
DNA-based molecular computation (33) and conductive
molecular wires (34)]. DNA-based crystalline structures or
networks derive from self-assembly in response to func-
tionalization or by tailoring of the aqueous chemical
environment. The outcomes are essentially two-dimen-
sional structures supported on flat substrates (e.g., mica,
polymer films, or glass).

Single DNA molecules can be stretched by several
methods, and thus made more accessible to detailed
analysis of structure and functionality. Figure 10 shows
AFM tapping mode images of stained lambda-phage DNA
stretched by a spin-coating method (35). In combination
with fluorescence analysis by an attached SNOM stage
(Scanning near-field microscopy), the method has the
merit of discriminating between features that are specific
to an intact DNA molecule and those that develop from
debris. In a variation on that theme, DNA in suspension is
deposited on a polymer film, whereupon stretching is
effected by directional micro-pipetting (36). The air/water
interface will thus constitute the mobile anchor point. The
results of AFM tapping mode imaging and height contour
analysis are shown in Fig. 11 (36).

Double-crossover (DX) DNA molecules can form rela-
tively rigid structures; such structures could, in principle,
provide the skeleton for assembly of bio-organic periodic
structures. Moreover, the assembly of two-dimensional
DX-based crystals resemble that of a tiling sequence,
which has attributes common with those of a Turing
Machine. Accordingly, the self-assembly process and out-
come have relevance for the design of molecular proces-
sing devices. Contact mode images obtained in isopropanol
of two-dimensional DNA crystals deposited onto cleaved
mica are shown in Fig. 12 (33).

The electrical properties of aperiodic self-assembled
DNA networks have been investigated recently. The
images in Fig. 13 show the topographical features of a
network, as well as an electrical conductivity map (34).
The latter is obtained in the contact mode with a conduct-
ing probe acting as a traveling electrode [also known as

Figure 9. F-d analysis of fibroblasts [adapted from Bushell et al. (25)]. The solid line constitutes a
calibration of the system where the tip is interacting with the incompressible substrate. Thus,
lever deflection is then equal to z-stage displacement. The curves in the middle diagram show lever
response at two different locations, ‘‘a’’ and ‘‘b’’ in Fig. 6b, corresponding to locations where,
respectively, the plasma membrane is supported by submembrane cytoskeletal structure, and a
location without cytoskeletal support. The broken curve in the diagram on the right illustrates
compression of an unsupported part of the cell between the tip and the hard substrate.

5 µm

1 µm

(a)

(b)

Figure 10. Topographic images of lambda-phage DNA. Top im-
age shows stretched DNA on an Mg2þ treated mica substrate.
The stretching was the outcome of the sample, at a dilution of
4.5 mg/ml, being spun at 4700 rpm for 20 s. The lower high-resolu-
tion image shows two kinds of features. Correlation with a SNOM
image allows adventitious debris (bright arrows) to be discrimi-
nated from stretched DNA (dark arrows) [Adapted from Yoshino
et al. (35)].
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ECM (electrical conductivity microscopy)]. The current
flow between the tip and a gold electrode at the edge of
the network is sensed as a function of location; the bright
contrast in the image represents high conductivity.

8. BIOMOLECULAR BINDING AND RECOGNITION

Measurement of biomolecular interactions by AFM is
straightforward in principle. Thus, the holy grail of gain-
ing detailed and specific insight into molecular recognition
at the level of the single event should be within our grasp.
The apex of the tip is functionalized with a particular
molecular species (e.g., biotin), whereas a countermolecule
(e.g., avidin) is attached to a substrate. The AFM is then
operated in the F-d mode whereby the two species are
brought into contact, causing recognition to take place.
The probe is then retracted and the force of ‘‘adhesionv,’’
corresponding to rupture of the bond, is inferred from the
deflection of the lever. Typical rupture forces are in the
range of 10–200 pN (17–19,22,37), which is well within the
resolution of the instrument, when a soft lever is being
used. The in-principle arrangement is illustrated schema-
tically in Fig. 14.

In practice, a great deal more is behind biomolecular
interactions, not only at the conceptual level, but also with
regard to methodological issues. The highlights will be
summarized below, and additional details are in the
literature (17–19,22,37). The idea of a biomolecular ‘‘inter-
action’’ must be given additional consideration (38), as
described below in summary form.

8.1. Biomolecular ‘‘Interactions’’

8.1.1. Van der Waals Interaction. This interaction will
always be present for all systems. It is short-range, 1–
2 nm; the effective force constant of interaction will be
greater than that of a ‘‘soft’’ lever, causing snap-on to
occur. The functional dependence, strength, and range can
be inferred from the F-d approach curve.

8.1.2. Capillary Meniscus Force. Moisture will condense
on surfaces exposed to humid air; the layer of moisture
will interact with the tip and give rise to a capillary force.
The strength of that force will depend on the thickness of
adsorbed layer, the surface chemistry of the tip, and the
geometry of the tip. In most cases, the capillary force is
much greater than any other contribution to adhesive
interaction. However, the capillary force is eliminated if
F-d analysis is carried out under water.

8.1.3. Double-Layer Interaction. Biospecies in solution
will present a positive or negative surface charge depend-
ing on solution pH with respect to the iso-electric point
(IEP). Counterions or coions will cause partial screening
and result in the formation of a diffuse double-layer.
Accordingly, electrostatic interaction will occur with a
characteristic range of 10–30 nm. The functional depen-
dence, range, and strength of the interaction can be
determined from features in the approach curve and
then used to infer characteristics of the system in the
context of one or more descriptions of colloid interaction,
such as the DLVO model (39,40).

8.1.4. Hydrophobic/Hydrophilic Interactions. Features
in the F-d curves are often encountered that cannot read-

Figure 11. Tapping mode topographic image
of straightened lambda-phage DNA fixed on a
polymer substrate (left). The scale bar repre-
sents 100 nm. The contour line (right) shows an
apparent diameter of ca. 0.9 nm at point A,
consistent with the diameter of a single double-
stranded DNA molecule [Adapted from Nakao
et al. (36)].

Figure 12. Two-dimensional DNA DX crystal
structures. DOA-E and DAE-O structures are
shown in left and right images, respectively;
see Ref. 33 for detailed description. The scale
bars are 300 nm.
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ily be explained by the conventional descriptions of bio-
colloids in solution or through known short-range inter-
actions. Forces of intermediate range caused by
hydrophobicity/philicity have been proposed, although
their theoretical justification is less than satisfactory.

8.1.5. Solvation Force. Ordering will take place in the
fluid phase when it is constrained between two surfaces in
close proximity. During approach, such ordering may give
rise to oscillations in the force being sensed by the tip.

8.1.6. Adhesion. Adhesion is conventionally taken as
the force required to separate the tip from the surface
during probe retraction. Strength of adhesion will depend
on the net strength of short-range interactions. It will also
depend on the contact area, and thus on the extent of
indentation by the tip. When ‘‘soft’’ objects (i.e., functio-
nalized surfaces) come into contact, then compression,
deformation, and structural rearrangement will occur,
which are synergistically dependent on short-range inter-
actions (16). Accordingly, no satisfactory method exists for
determining adhesion per unit area from analysis of F-d
data.

8.1.7. Effects of Loading Rate. It has been demonstrated
that the force corresponding to bond disruption depends
on the loading rate (41). Such a dependence is thought to
derive from the probability of thermal rupture being

described by one or more Boltzmann-type factors, which
are describing a dissociation process that is proceeding
through multiple potential minima, and where the dis-
sociative pathway, therefore, will be dependent on the rate
of force loading. Accordingly, a unique measurement of
bond rupture may require an accurate description of the
loading rate. A related effect would develop from the
kinetics of molecular conformational change that is gen-
erally taking place during bond disruption. At the present
time, such effects cannot be satisfactorily accounted for.

One of the defining experiments is shown in Fig. 15
(22). An amine-terminated polyethylene glycol spacer is
first attached to the functionalized probe, followed by
attachment of an antibody to the amine group. The anti-
body can then be ‘‘towed’’ across a substrate that has been
functionalized sparsely with the antigen. Simultaneous
measurement of the lateral force component acting on the
lever will then allow localization in the x-y plane of single
recognition events.

9. PROTEIN (UN)FOLDING

Each long-chain molecule has its own unique folded native
structure; the structure will depend on the environment
and on the location of the biomolecule in its functional life
cycle. As a result of the enormous number of degrees of
freedom, it is a daunting task to calculate its minimum
energy configuration. Nevertheless, a polypeptide chain
will find its folded global minimum energy configuration
in a remarkably short time (Levinthal’s paradox) (42,43).
Currently favored explanations revolve around there
being an identifiable directed pathway through the multi-
dimensional potential landscape. One possible approach to

250 nm

250 nm

Figure 13. Self-assembled DNA networks on a mica substrate
(poly(dG) �poly(dC)/5U where 1U¼50 ng/ml). Topography is re-
vealed by tapping mode imaging (upper image), whereas the
electrical conductivity is revealed by contact mode ECM (lower
image) [Adapted from Cai et al. (34)].

Figure 14. Schematic illustration of AFM-based measurement of
biomolecular interactions. Tip and substrate are functionalized
via silane coupling. A particular biomolecule is then attached to
the tip, whereas a countermolecule is attached to the substrate.
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gaining insight into the problem is to reverse-engineer the
folding process, namely to induce unfolding.

It has recently been demonstrated that an AFM oper-
ated in the F-d mode can shed considerable light on the
problem (44). A folded protein is attached to a substrate
without being denatured. The probe tip, possibly functio-
nalized, is then attached to a reactive site through trial
and error. The probe is then withdrawn and a force is
applied, causing extension initially, and then subse-
quently to cause a sequence of unfolding stages. A typical
outcome is shown in Fig. 16 (44).

10. BIOSENSING BASED ON THE AFM PLATFORM

Biosensing based on molecular recognition has attracted
attention and resources because of the potential high
specificity and sensitivity. Few of the traditional technol-
ogies have proven to be compatible with the requirements
of molecularly specific sensing. Thus, novel principles and
technologies, such as those that are AFM-based, are being
explored. However, cost, lack of stability, and degraded
performance in the nonlaboratory environment have so
far hampered commercialization (45).

The force-sensing lever is at the heart of the SPM
system. It responds to external quasistatic forces through
deflection, which can be detected routinely with a resolu-
tion of 10� 6–10� 7 rad. Alternatively, it may respond to
mass-loading through a change in its characteristic me-
chanical vibrational mode(s). Therein are the principal
ingredients for a class of novel biosensors based on SPM
technologies.

10.1. Lever as a Femtogram Microbalance Sensor

A stiff microfabricated lever will have an as-received
lowest order resonance frequency of 105–106 Hz. Following
functionalization on both sides, it will present specific
receptor surface sites to species in solution. Selective
biomolecular adsorption from solution will then add
mass to the lever, causing a shift in the resonance
frequency, detectable by phase-sensitive methods, and is
given by

Dm¼
k

4p2

1

f 2
1

�
1

f 2
2

� �

;

where k is the spring constant and f1 and f2 refer to the
resonance frequency before and after addition of mass.
The arrangement is illustrated in Fig. 17a. The response
is quantifiable, and information on the kinetics of adsorp-
tion can be obtained. The system has been demonstrated
as a humidity sensor (46).

5

5 6

6

7

4

4

3

3

2

2

1

1

10 nm

0.2 nN

7

Figure 15. The schematic sequence shows (1-5) approach of the
antibody and attachment to the antigen, followed by (6) retraction
of the probe and stretching of the tether and bond. Finally, the
antibody-antigen bond is ruptured at (7) because of the lever-
imposed force of ca. 200 pN. Actual data in the form of an F-d
curve are shown below [Adapted from Hinterdorfer et al. (22)].
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Figure 16. A force versus extension graph of an
octameric TI 127 polyprotein being pulled by an
AFM probe. The curve represents a sequence of
continuous extension curves (rising portions of
the trace) and sudden unfolding events [Adapted
from Best and Clarke (44)].
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10.2. Lever as a Detector of Shear Stress Deriving from
Biomolecular Adsorption

The microfabricated lever is now functionalized on only
one side. Thus, differential biomolecular adsorption from
solution will occur on the side that presents the preferred
receptor sites. The adsorbed species will generate a differ-
ential shear stress, causing bending of the lever. The
change in shear stress is given by

Ds¼
Et2Dd

3ð1� nÞL2
;

where E is Young’s modulus, t is lever thickness, Dd is
lever deflection, n is Poisson’s ratio, and L is lever length.
The angular deflection, as a function of concentration of
adsorbed species, can readily be measured with an optical
lever method (as in the case of the AFM). The inferred
sensitivity is on the order of a few hundred adsorption
events. The arrangement is shown schematically in Fig.
17b. Several devices have been demonstrated, including
an artificial nose (47) and a hydrogen/mercury array
sensor (48).

10.3. Force-Sensing through Magnetic Dipole-Dipole
Interaction

Sensor specificity and sensitivity can be obtained by
reconfiguring the AFaM for detection of magnetic forces.
The relevant biospecies are now attached to a functiona-
lized super-paramagnetic microbead. The biomolecular
recognition takes place at receptor sites on a functiona-
lized substrate, where the species in solution have been
adsorbed and immobilized by specific binding. The sub-
strate is then imaged at a distance by a force-sensing lever
with a ferromagnetic particle attached to its free end. The
strength of magnetic dipole-dipole interaction depends on
the separation of the imaging and stationary beads and
manifests itself as a deflection of the lever. When the
strength of magnetic interaction exceeds that of biomole-
cular binding, the bead will be removed from the sub-
strate, and will disappear from the magnetic image. Thus,
the arrangement makes available single-event sensitivity
as well as quantitative measurement of the binding force.
The system has been demonstrated in two recent studies

(49,50). The arrangement is illustrated schematically in
Fig. 17c.

11. ANALYSIS AND MANIPULATION OF NATURAL
NANO-STRUCTURES

Naturally occurring nanostructures have so far not at-
tracted much attention, but are rich sources of products
that meet specifications imposed by natural selection.
Although the pharmaceutical industry has long recog-
nized the value of natural compounds, the emerging
industries based on nanotechnology have so far made
little use of ‘‘free’’ technology that has been ‘‘invented’’
over evolutionary time-scales in response to the impera-
tives of species adaption and survival. Characteristics of
naturally occurring nanostructured arrays, produced by
natural selection, ought to be of great scientific and
technological relevance as these may provide ideal models
or templates for manmade technologies and devices. Stu-
dies of this kind go back to the work of Bernhard et al.
some 40 years ago (51). They observed that certain insects
exhibited ordered hexagonal close-packed nm-size pro-
tuberances on their corneal surfaces. The authors sug-
gested that these ‘‘corneal nipple arrays’’ had an
antireflective function for light in the visible spectrum.
The optical properties were thought to act as a survival
mechanism whereby insects could evade predators
through improved camouflage. With the ready availability
of high-resolution imaging techniques, such as the AFM,
the field is now ready for exploitation.

An AFM contact mode image of a regular array of
nanostructures on the dorsal and ventral wing sections
of a cicada (Psaltoda claripennis) is shown in Fig. 18. The
structures exhibit close-packed hexagonal structure with
a spacing of ca. 225 nm, and a comparable peak-to-valley
depth. The hypothetical function as an antireflection coat-
ing was tested by progressive removal of the structures.
The AFM was then operated as a nanomachining tool
whereby a stiff probe was rastered over a particular field of
view at a force loading of ca. 1mN. The effect was to remove
the structures in a controlled manner. The change in
reflectivity was monitored by measuring in situ the in-
tensity of transmitted white light. The results are shown
in Figs. 19 and 20 (52).

(a) (b) (c)

Figure 17. Schematic illustrations of SPM-
based biosensor devices. The concepts are
based on (a) adsorption of species in solution
onto functionalized lever; (b) adsorption of
species in solution onto one side of functiona-
lized lever; (c) the use of magnetic interaction
to image and selectively remove adsorbed spe-
cies from a substrate, where the strength of
magnetic force can be ‘‘tuned’’ to that of a
particular binding force.
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Evolution is an efficient process in the sense that
particular survival attributes can sometimes meet more
than one requirement. In the case of the arrays on the
wings on cicadas, good evidence exists, from F-d analysis,
for the surfaces being hydrophobic. Hydrophobicity, in
combination with the geometry of the array, has the effect
of producing a dirt-repellent surface, as well as being an
example of natural stealth technology (52).

12. FUTURE PROSPECTS

Current SPM instrumentation is a great deal more versa-
tile and user-friendly than in the past. Nevertheless,
effective and efficient exploitation of the technique and of
the methodologies requires considerable hands-on com-
mitment and investment by the user. Although SPM has
unique and impressive strengths, especially as a tool for
nonintrusive interrogation of biosystems, it also has lim-

itations and weaknesses. Future prospects are very much
conditioned by the desire to build on those strengths while
circumventing the limitations.

The dynamic response of current-generation instru-
ments is essentially limited by the mechanical response
of the lever. The principal resonance mode ranges from
less than 10 khz (soft levers for contact mode imaging and
F-d analysis) to ca. 500 khz (for noncontact and intermit-
tent contact modes). Therein lies the limitation on rates of
data acquisition. Moreover, the electronic and mechanical
platform has been designed with that limitation in mind.
It is likely that next-generation instruments will be based
on levers with smaller physical dimensions, and thus
higher resonance modes, and with matching characteris-
tics for the mechanical and electronic platform. Thus,
faster data acquisition rates will be available, allowing
for better dynamical response and better noise rejection.

Most SPM instruments are currently stand-alone facil-
ities (although UHV instruments are often integrated
with related surface analytical techniques within a com-
mon envelope). Greater capability for integration of SPM
with related and complementary techniques is undoubt-
edly a future trend. Indeed low-grade AFM stages are now
available for attachment as a screw-on ‘‘objective lens’’ for
standard optical microscopy, and most biological SPM
instruments are now purposefully designed for being
mated to an inverted optical microscope. Increasing use
of spectroscopic fingerprinting, as well as use of quantita-
tive analysis, will most likely see a trend toward its
integration with SPM methods, in particular with near-
field scanning optical microscopy.

Nano/meso-scale interrogation of biosystems in vitro
will place greater demand on control of the ambient
environment. Although a great deal of work has been
carried out on the design of special-purpose fluid cells and
their integration with SPM, much remains to be done in
order to improve the flexibility of such platforms.

Most of the mainstream instruments come with well-
developed software for instrument control, data acquisi-
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Figure 18. An AFM contact mode image shows a regular array of
close-packed structures on the wings of a cicada. The spacing is
ca. 250 nm.
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tion, and image processing. However, additional develop-
ment of software packages for data processing, especially
for lateral force and F-d analysis, will enhance and facil-
itate interpretation of primary data.

In conclusion, it is clear that SPM has contributed
greatly to our understanding of nano- and meso-scale
structure, chemistry, and processes relevant to surface
and interface science and technology. In comparison with
instrumentation that was available at the beginning of the
1990s, we have come a long way. SPM is no longer an
esoteric technique for a few dedicated specialists, but
rather a mainstream tool-of-the-trade for thousands of
practitioners around the world. The exponential growth
phase for SPM is most likely nearing the end, but one can
confidently predict that a steep linear growth curve will
take us into the future.
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1. ATRIAL FIBRILLATION AND FLUTTER

Normal heart activation is characterized by regular alter-
nation between depolarization/repolarization and rest. Ac-
tivation originates in the right atrium, around the sinus
node area, and spreads until the atria are completely ac-
tivated. Once activation is complete, atrial tissue is re-
fractory and a period of rest necessarily precedes the next
activation cycle. This sequence is caused by pacemaker
cells with discharge rates that respond to neural and
humoral stimuli, thus allowing adaptation of heart func-
tion to physiologic demands. However, this normal se-
quence is not so simple to sustain, as demonstrated by the
frequent appearance of reentrant tachycardias. Rapid,
complete, uniform activation of all atrial tissue is impor-
tant for rhythm stability. Preferential conduction path-
ways have been long recognized in the atria, despite the
absence of bundles of specialized conduction like the His–
Purkinje network of the ventricles.

An electrocardiogram (EKG) is the electrical represen-
tation of the depolarization/repolarization of the myocar-
dial cells, that is to say of the mechanical process of
contraction of the chambers of the heart. Electrocardio-
graphically, a cardiac cycle begins in the sinoatrial node,
spreads to the auricles (wave P in the EKG), and finally
crosses the atrioventricular node and goes on to the ven-
tricles (complex QRS in the EKG). Sinus rhythm is the
normal physiological rhythm of the heart (Fig. 1). Ar-
rhythmia is any heart rhythm that is not the sinus
rhythm. Arrhythmias can originate in the atria (supra-
ventricular arrhythmias) or in the ventricles of the heart
(ventricular arrhythmias). Atrial fibrillation and atrial
flutter are two types of supraventricular arrhythmia
very frequent in clinical practice. All arrhythmias are di-
agnosed by means of EKG, attending to morphological and
regularity criteria. An EKG can be obtained from the skin
of the patient or from inside the heart by means of cath-
eters (electrograms).

2. ATRIAL FIBRILLATION

Atrial fibrillation (AF) is the most frequent arrhythmia,
affecting more than 5 million people in the United States,
Europe, and Japan, including more than 2 million in the
United States alone (1). Its medical management and
treatment are still unsatisfactory, which explains the in-
creased interest and numerous clinical investigations at
present. AF is one of the potentially large cardiovascular
markets for which medical devices and drugs that provide
effective cures or treatment still do not exist.

2.1. Concept

AF is a type of atrial arrhythmia that is defined electro-
cardiographically as a fast atrial rhythm (between 400
and 700 beats/min) that is chaotic and disorganized, with-
out the capacity to generate effective atrial contractions.
AF is easily recognizable in a conventional EKG as an ir-
regular ventricular rhythm, with an electric baseline in
which it is difficult to distinguish electrical atrial activity
(Fig. 2). AF is characterized electrocardiographically by
two criteria:

1. The presence of f waves that replace the P sinoatrial
wave, and

2. Irregular ventricular rhythm, because of the differ-
ent degrees of penetration of the f waves in the
atrioventricular node. All f waves do not cross the
atrioventricular node; most of them are blocked in
different ways.

2.2. Prevalence

In the general population, AF frequency increases slightly
with age. Its prevalence is less than 0.5% up to 50 years of
age, reaches 3% at 75, and affects up to 9% of the popu-
lation over 80 years old (2–4). It has been demonstrated
that 4% of the cardiac disorders and 40% of the patients
with heart failure have AF. On the other hand, it is very
common in patients with mitral valve stenosis, with a
prevalence of up to 80% in people over 60 years old (5). It is
also frequent in patients with Wolf–Parkinson–White syn-
drome (preexcitation syndrome).

P

I

QRS QRS

P P

II

II Figure 1. Normal sinus rhythm record in EKG leads I-II-II,
with P waves and QRS ventricular complexes.
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2.3. Pathogenic Mechanism—Electrophysiological Substrate

The mechanisms of AF have been the subject of specula-
tion for many years. Two theories or mechanisms have
been classically proposed: (1) increase of automatism, in-
volving one or more fast discharging automatic focuses,
and (2) a reentry mechanism, involving one or more cir-
cuits in the atria. Recently, other possible mechanisms
have been described as the source of AF, such as rotors,
which are a spiral wave turning without a central obsta-
cle, but on the basis of excitability gradients that make
activation advance slower in the center than at the pe-
riphery of the rotor (6). Anatomic or functional reentry
mechanisms, ectopic atrial triggers, and possibly new vor-
tex concepts also integrate ideas of 3D activation. At pres-
ent, it is understood that AF could respond to different
mechanisms simultaneously, and these mechanisms are
not necessarily mutually exclusive. Atrial mapping of AF
in experimental models and in studies on human using
cartography systems are fundamental for understanding
the pathophysiological mechanism of this arrhythmia.

2.4. Reentry Mechanism—The Multiple Wavelet Theory

Reentry is the mechanism of tachycardia in supraventric-
ular tachycardias, such as AF and atrial flutter. A fixed
anatomic obstacle can support the reentrant circuit but is
not an essential requirement for all forms of reentries. In

functionally determined reentry, propagation occurs
through relatively refractory tissue without predeter-
mined circuit and an absence of a fully excitable gap ex-
ists. Several requirements exist for the initiation and
maintenance of this type of reentry. Initiation of a circu-
lar movement tachycardia requires a unidirectional con-
duction block in one limb of a circuit. Unidirectional block
may occur as a result of acceleration of the heart rate or
block of a premature impulse that impinges on the refrac-
tory period of the pathway. Slow conduction is usually re-
quired for both initiation and maintenance of a circus
movement tachycardia.

In 1959, Moe and Abildskov proposed the multiple
wavelet theory that the perpetuation of AF depends on
the continuous and random propagation of various indi-
vidual wavelets through the atria (7). The grossly irregu-
lar wavefront becomes fractionated as it divides about
islets or strands of refractory tissue, and each of the
daughter wavelets may now be considered as independent
offspring. Such a wavelet may accelerate or decelerate as
it encounters tissue in a more or less advanced state of
recovery. It may become extinguished as it encounters re-
fractory tissue; it may divide again or combine with a
neighbor; it may be expected to fluctuate in size and
change in direction. Its course, although determined by
excitability or refractoriness of surrounding tissue, would
appear to be as random as Brownian motion. Fully devel-
oped fibrillation would then be a state in which many such
randomly wandering wavelets coexist (7). A few years la-
ter, Moe et al. (8) confirmed this hypothesis using a com-
puter model, and noted the importance of a critical atrial
mass and a short refractory period in the sustainability of
this arrhythmia.

Later, an experimental study in dogs by Allessie et al.
(9) provided evidence of the reentrant nature of AF, with
the estimation that a critical number of three-six simul-
taneous wavelets was required to maintain this ar-
rhythmia. In 1991, Cox et al. (10), using high-density
epicardial mapping of the free wall of the right atrium in
patients with Wolff–Parkinson–White syndrome, con-
firmed the presence during AF of multiple wavelets fleet-
ing in appearance and location. Microreentry or focal
automaticity was not observed. The importance of multi-
ple wandering wavelets in perpetuation of AF was con-
firmed by the successful development of a surgical
treatment of AF, named Maze procedure (11). In fact, mul-
tiple atrial incisions, dividing the atria into smaller seg-
ments, interrupt all possible reentrant wavelets.

The wavelength concept is defined as the product of
refractory period and conduction velocity. Therefore, it ex-
presses the distance traveled by the depolarization wave
during the refractory period. Allessie et al. (9) confirmed
this concept by using epicardial electrodes in dogs, dem-
onstrating that the slower the conduction velocity and the
shorter the refractory period, the more likely it is that re-
entry will occur, and very short wavelengths facilitate
more complex forms of reentry, such as fibrillation versus
flutter. As for AF a critical number of wandering wavelets
are required, the wavelength is important for perpetua-
tion of fibrillation. If the wavelength is relatively long, a
fewer number of waves can circulate through the atria,

V6

V5

V4

QRS

V3

V2
f f

f f

V1

Figure 2. Representative example of EKG recordings during
atrial fibrillation epicardial (heart surface) and surface electro-
grams. At the top, two recordings of epicardial electrograms ob-
tained directly from heart surface; auricular rate is between 330
and 315 beats/min. The rest of the leads correspond with electro-
grams recorded from surface of the patient, with ventricular rate
between 58 and 100 beats/min. Electrical activity of the atrium is
detected electrocardiographically as small irregular baseline un-
dulations of variable amplitude and morphology, called f waves, at
a rate of 350 to 600 beats/min. The ventricular response is grossly
irregular.
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and AF tends to terminate spontaneously. Conversely,
short tissue wavelength tends to favor the onset and per-
petuation of AF and may be caused by fibrosis and inflam-
mation (decreasing conduction velocity), increased
parasympathetic activity and thyrotoxicosis (shortening
the refractory period), ischemia (decreasing both), and
stretch, which in some experimental studies has been
shown to shorten refractoriness.

Garrey hypothesized almost a century ago that a crit-
ical mass existed, above which AF was sustained and be-
low which it could be prevented (12). In 2005, Byrd et al.
supports this hypothesis (13), increasing tissue surface
area correlating significantly with the probability of sus-
taining AF. The concept of critical mass expresses that for
maintenance of AF, a critical mass of myocardial tissue is
required, as larger tissue masses allow a greater space
available for the wavelets to circulate. Direct proof that
perpetuation of AF is dependent on a critical mass is pro-
vided by the fact that in different animal species larger
hearts fibrillate longer than small hearts (14) and that, in
a given animal, AF is less stable than ventricular fibrilla-
tion. In humans, atrial size has long been known to be
critical in the ability to generate AF, and it has been
shown to correlate with increased vulnerability. The im-
portance of atrial enlargement may explain the propensity
for AF to occur in valvular disease and cardiac failure.

In patients with AF, an increased dispersion of refrac-
toriness has been observed (15). This heterogeneity of re-
fractoriness may provide the setting for unidirectional
block when an extrasystole developing in a zone with
short refractory periods fails to excite an area with long
refractory periods. This increased dispersion of refractor-
iness may be the substrate for the enhanced inducibility
and spontaneous occurrence of AF.

All these concepts must be integrated together, and the
probability of sustained AF depends of the increasing tis-
sue area, width, and weight and decreasing effective re-
fractory periods and wavelengths.

2.5. AF Because of a Rapidly Firing Focus

Recently, clinical and experimental studies (16–19) have
shed light on the electrophysiological mechanisms respon-
sible for the onset of AF. To date, on the basis of the results
of these studies, one can schematically distinguish three
different types of AF initiation. First, AF can occur in pa-
tients who have other forms of supraventricular tachy-
cardia. The disappearance of AF in most patients after
radio-frequency ablation of these tachycardias confirms
their role in AF onset (tachycardia-induced tachycardia).
The mechanism involved may be related to the increase in
atrial pressure caused by the occurrence of atrial systole
during tachycardia when the atrioventricular valves are
closed or at least not fully open. The augmentation of atri-
al pressure causes atrial stretch, which prolongs atrial
refractoriness (15) and, more importantly, increases atrial
dispersion of refractoriness (20). A second interesting
mode of AF initiation (focal AF) has recently been identi-
fied by the Bordeaux group (18,21). In this group of pa-
tients, the initiation and maintenance of AF is because, as
confirmed by radio-frequency ablation, of a rapidly dis-

charging focal tachycardia that is underlying and appar-
ently driving the AF. Patients with focal AF are typically
younger, without structural heart disease, with frequent
runs of atrial tachycardia that may degenerate in episodes
of AF. The pulmonary veins, particularly the left and right
superior veins, are the source of these focal drivers in the
majority of cases (22). The predominant distribution of foci
in the superior veins matches the prevalent extension of
myocardial sleeves over the orifices of these structures.
The mechanism underlying the focal arrhythmia may be
abnormal automaticity or triggered activity because this
type of arrhythmia could not be induced by programmed
electrical stimulation. These clinical observations seem to
confirm the original hypothesis by Sherf (23) that AF may
result from a single focus firing at such a rapid rate that
the remainder of the atria cannot follow synchronously.
The third and, probably, the most frequent mode of onset
of AF is caused by single or multiple extrasystoles, more
often particularly earlier (P wave on T wave) or developing
in critical areas. Haissaguerre et al. (21) showed that in
most patients the pulmonary veins are the source of the
premature beats triggering AF. Thus, in the pulmonary
veins may be present either a focal driver, continually fir-
ing during a paroxysm of AF so that when firing stops, AF
ceases, or a focal trigger, with single or multiple extrasys-
toles favoring reentrant beats and thus the onset of AF. In
a minority of patients, the ectopic beats initiating AF were
found in the right atrium along the crista terminalis and
close to the coronary sinus ostium (18,21).

2.6. Spiral Wave Theory

The development of the spiral wave theory has provided a
new model for the fundamental properties of cardiac re-
entry (6). According to this theory, reentry is maintained
through the ability of circulating spiral waves to perpet-
uate in media with sufficient excitability to support the
angle of spiral curvature. Evidence has been provided for a
nonactivated, excitable core at the center of reentry cir-
cuits during AF in contrast to the constantly excited and
refractory tissue predicted by leading circle theory.

2.7. Computer Modeling of AF

Theoretical models are a powerful tool for studying and
predicting electrophysiological aspects of the AF, created
by different designs under different tissue characteristics
or environment conditions (24–27).

Several computer models of electrical propagation in
the atria have been developed recently (28–30). These
models differ in the accuracy of the representation of elect-
rophysiologic and anatomic details. To simulate signals
with sufficient duration for appropriate analysis, a com-
puter model of the human atria was developed by Virag et
al. in which the geometry, derived from magnetic reso-
nance imaging data, was represented by a 3D monolayer
(28). Other work using a 2D computer model of AF is
based on realistic cellular ionic properties and reproduces
atrial electrical dysfunction that provides a favorable sub-
strate for the arrhythmias (31).

Models of cardiac ablation have been proposed and
some experimentally validated (24,26). The finite element
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method specifically allows the calculation of the temper-
ature distribution by solving the bioheat equation. This
method has been previously used to study, for example,
the heating pattern of long electrodes (32), the effect of the
dispersive electrode location during a radio-frequency car-
diac ablation (33), to investigate the thermal-electrical be-
havior of atrial tissue during radio-frequency heating (25),
and to understand the evolution of temperature distribu-
tions in the esophagus during percutaneous catheter ab-
lation (34).

2.8. Etiology

AF can appear in almost all cardiac disorders, with rheu-
matic valvulophaty, especially in mitral stenosis (it repre-
sents 20–30% of the total AF); atherosclerotic cardiopathy
(30–40% of total AF); systemic arterial hypertension (10%
of the total); and hyperthyroidism (3% of the total) as the
most frequent. On occasions, the arrhythmia is a short
crisis of paroxysmal AF, generally in the absence of or-
ganic cardiac disease in relation with dysfunctions of the
autonomous vague system or sympathicotonie, ingestion
of alcoholic drinks, extreme physical effort, or as a conse-
quence of a paroxysmal supraventricular tachycardia.

2.9. Clinical

The symptoms are those of fast and irregular heart
rhythm. Besides the sensation of palpitations, it can
show precordial pain (angina), paroxysmal dyspnea, or
signs of low cerebral output. The undesirable effects of AF
are in relation with: (1) fast and irregular heart rhythm
that can originate precordial pain, signs of low output, and
restoration or aggravation of heart failure; (2) absence of
atrial contraction, which may be serious in patients with
diastolic ventricular dysfunction, and (3) presentation of
embolisms, especially systemic, more often in valvular pa-
tients than in other etiologies.

2.10. Classification

AF appears in many clinical and electrocardiographic
forms, and happens in the presence or absence of cardiac
disease. It is therefore difficult to establish an agreed ter-
minology to classify it.

AF appears in three clinical forms:

* Sporadic. This form occurs in cases of isolated and
autolimited AF, unleashed by an intermittent cause,
generally extracardiac (alcohol, vagotonia, hype-
rthyroidism, etc.), generally in patients without car-
diac diseases, and corresponds to approximately 10%
of AF cases.

* Paroxysmal. This form occurs in approximately 25%
of cases. It includes patients with recurrent parox-
ysms of AF (sometimes several daily episodes) with or
without cardiac diseases, and can be present for
many years. Cases of AF related to dysfunctions of
the autonomous system are included in this form. In
those of vagal origin, the crisis begins coinciding with
a slowing heart rate and normally appears during the
night, after a period of rest or during digestion. In

75% of cases, AF alternates with atrial flutter. In
cases of sympathicotonie origin, the episodes coincide
with an acceleration of the heart rate and normally
appear by day, during physical exercise, or when ex-
periencing emotions, but not during rest. In these
cases, AF alternates more with atrial tachycardias
than with atrial flutter. According to Gotfredsen’s re-
port (35), a third of the paroxysmal AF cases turn into
chronic AF in 27 years of follow-up.

* Chronic. This form consists of 65% of AF cases. Nor-
mally, this type occurs in valvular and atherosclerotic
patients, although on occasion in the absence of ap-
parent cardiac diseases, especially in the elderly.

Sopher and Camm (17) have proposed a classification of
AF, by the name of ‘‘the three P,’’ based on the time of its
evolution and stability: Paroxysmal AF when the duration
is short (generally less than two days) and the arrhythmia
disappears spontaneously or after administration of a
drug; Persistent AF when it lasts more than two days,
and in general a solution is obtained more by electrical
cardioversion than with medication; and Permanent or
chronic AF when the attempts to reestablish sinoatrial
rhythm have failed and the patient is considered to be a
chronic case.

The most recent classification of the American College
of Cardiology/American Heart Association/European Soci-
ety of Cardiology defined AF as permanent or chronic
when the arrhythmia is considered to be irreversible and
the habitual measures have failed to achieve cardiover-
sion (36). A period of 7 days is proposed to differentiate the
paroxysmal form (o7 days) from the permanent (47
days) (37). Therefore, paroxysmal AF is defined as ar-
rhythmia in episodes of less than 7 days duration that in-
cludes periods of sinus rhythm. Persistent AF is
arrhythmia that needs specific intervention to reestablish
sinus rhythm. Paroxysmal and persistent AF can be re-
current in time, until the form of continuous or permanent
AF is reached.

Electrophysiological atrial mapping has been used by
different authors to differentiate types of AF. Wells (38,39)
identified four types with the help of bipolar atrial elect-
rograms:

* In type I AF, the atrial wall was activated by a single
wavefront propagating uniformity without signifi-
cant conduction delay.

* During type II AF, the activation patterns were char-
acterized either by a single wavefront associated with
areas of slow conduction or multiple lines of block of
conduction, or by the presence of two wavelets.

* In type III AF, the atrial wall was activated by three
or more wavelets associated with areas of slow con-
duction and multiple lines of conduction block.

* In type IV, electrogram alters fragments type II and
III.
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2.11. Electrocardiographic Diagnosis

AF is characterized by two principal factors: the presence
of f wave that replace the P sinus wave, and irregular
ventricular response, because of the different degrees of
penetration of the f waves in the atrioventricular node
(Fig. 2). The f waves, whose frequency ranges between 400
and 700 per min, have changeable amplitude and mor-
phology, being more visible in V1 and V2. Cases with small
f waves (o1 mm of height) are fundamentally because of
atrial fibrosis; in some cases with severe fibrosis, the f
waves can completely disappear. When the atrial activa-
tion is organized but irregular, it corresponds to an inter-
mediate situation between flutter and fibrillation (fibrillo-
flutter or coarse fibrillation).

2.11.1. QRS Complex and Types of Ventricular Re-
sponse. The morphology of the QRS complexes of the
driven f waves is usually similar to that which exists in
sinoatrial rhythm. The frequency of spontaneous ventric-
ular rate is usually high (from 120 to 160 per min) under
normal conditions. Low frequencies are shown in patients
that take drugs.

2.12. Treatment of AF

In treating patients with AF, decision-making is compli-
cated by the wide spectrum of clinical presentation of the
arrhythmia and the tremendous heterogeneity of the af-
flicted population. Currently, pharmacologic treatment is
the first line of therapy. Drugs with a negative cronotropic
response on the atrioventricular node are used for ven-
tricular rate control; cardioversion or antiarrhythmic
agents are used for restoration or maintenance of sinus
rhythm. Whether it is preferable to treat patients with AF
with rate control alone vs repeated attempts to restore and
maintain sinus rhythm remains controversial (40). Drug
treatment involves medications that restore normal sinus
rhythm (including procainamide, quinidine, disopyr-
amide, and amiodarone); drugs that control the ventricu-
lar pace, which is associated with the rapid beating felt by
some patients (including beta blockers, calcium channel
blockers, and digoxin); and anticoagulants with warfarin
and antiplatelet to reduce the risk of blood clot formation
and stroke associated with AF. Patient responses to these
drug regimens vary widely and several of the medications
carry significant side effects, whereas none cure the un-
derlying problem. Given these shortcomings of pharmaco-
logic therapy, major interest exists in developing
nonpharmacologic treatment options for the management
of AF.

Ablative therapy for the management of arrhythmias is
based on the observation that most arrhythmias develop
from a focal origin or are critically dependent on conduc-
tion through a defined anatomic structure. If those critical
regions are irreversibly damaged or destroyed, then the
arrhythmia should no longer occur spontaneously or with
provocation. Focal endocardial injury could be achieved by
a controlled delivery of destructive energy through a cath-
eter. Ablation generally involves an electrophysiologist
using a mapping procedure to identify certain problem-
atic electrical points or foci that are causing the ar-

rhythmia. Then the physician directs energy (generally
radio-frequency generated) through catheters to destroy
the tissue that is the source of the arrhythmia.

The only current effective method of curing AF is a
surgical procedure called the Maze procedure. It was de-
veloped approximately 10 years ago and involves resecting
the atria. The concept is to prevent a critical mass of con-
tiguous atrial tissue to sustain the AF. Strategic place-
ment of incisions in both atria, as a ‘‘maze,’’ stops the
formation and conduction of reentrant circuits or ectopic
electrical impulses, and channels the normal electrical
impulse in one direction from the sinus node to the atrio-
ventricular node. Scar tissue generated by the incisions
permanently blocks the abnormal paths that cause the AF,
thus eradicating the arrhythmia. However, Maze proce-
dure is so lengthy, complex, and traumatic for patients
that few of the procedures are performed.

Different alternative therapies can be used in the clin-
ical practice.

2.13. Therapies for Ventricular Rate Control

The goal of nonpharmacologic therapies designed to slow
the ventricular rate during AF is to modify normal atrio-
ventricular conduction by targeting the His bundle, the
atrioventricular node, or the inputs to the atrioventricular
node. They may be considered in individuals with chronic
AF who fail to respond to or cannot tolerate standard
pharmacologic atrioventricular node blockade. Until data
from a randomized trial directly comparing medical ther-
apy vs atrioventricular node ablation with pacemaker im-
plantation vs atrioventricular node modification become
available, all nonpharmacologic treatment approaches
should be considered as a second-line therapy for rate
control in AF, reserved for cases refractory to drug ther-
apy. Ablating the atrioventricular node essentially discon-
nects the electrical pathway and therefore requires
placement of a permanent pacemaker at the time of the
procedure to provide a steady heartbeat. Although these
procedures often diminish the symptoms of AF, it does not
cure the condition (in fact, the atria continue to fibrillate)
nor does it diminish the increased risk of stroke.

2.13.1. Atrioventricular Node Ablation. Catheter abla-
tion of the atrioventricular node using radio-frequency
energy, with the goal of producing complete atrioventric-
ular block, was introduced in 1987 (41). With the use of
large-tip (4-mm length) ablation catheters, a success rate
of 90% has been achieved using a right-sided heart trans-
venous approach. Following successful atrioventricular
node ablation, the patient is rendered pacemaker-depen-
dent. Anticoagulation should continue if the atrium re-
mains in permanent AF.

2.13.2. Atrioventricular Node Modification. The most
important disadvantage of atrioventricular node ablation
is the need for permanent pacing after a successful pro-
cedure. A technique that could slow atrioventricular con-
duction without creating high-degree atrioventricular
block would be attractive (42). However, because induc-
tion of high-grade atrioventricular block can occur in up to
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20% of treated patients, it seems appropriate currently to
limit this procedure to symptomatic patients who would be
otherwise considered for atrioventricular node ablation
and pacemaker implantation (43).

2.14. Therapies for Conversion of AF to Sinus Rhythm—
Cardioversion

In patients with apparent chronic AF in whom pharma-
cologic rate control and anticoagulation are usually ap-
plied, it may be reasonable to attempt restoring sinus
rhythm with cardioversion at least once. Three different
types exist.

2.14.1. High-Energy, External. The technique for this
routine procedure has been thoroughly reviewed else-
where (44). The overall success rate with synchronized
direct current cardioversion exceeds 80%. Factors that de-
crease transthoracic impedance, thereby increasing cur-
rent flow and probability of successful cardioversion,
include the following: large paddle diameter (8 to 12 cm);
use of a saline solution containing a cutaneous coupling
agent; firm contact pressure; and possibly repeated at-
tempts. Success is decreased by long duration of AF and
the use of antiarrhythmic agents that increase defibrilla-
tion threshold (i.e., amiodarone). Major complications
from external cardioversion are rare, although ventricu-
lar arrhythmias, systemic embolism, and depression of left
ventricular contractility have been reported.

2.14.2. High-Energy, Internal. This technique may be
considered when conversion of AF to sinus rhythm is de-
sirable, but external cardioversion has failed. Energy was
delivered between a quadripolar catheter in to the mid-
right atrium and a backplate or cutaneous patch.

2.14.3. Low-Energy, Internal: the Implantable Atrial
Defibrillator. Intracardiac energy delivery can result in
effective cardioversion using only a small fraction of the
energy required for external cardioversion (45), which is
possible because only 4% of the current from an external
shock traverses the myocardium, the remainder following
extracardiac pathways through the chest. After early an-
imal studies demonstrated the feasibility of intracardiac
low-energy (o5 J) cardioversion of AF, three major ad-
vances have increased the applicability of this technique
to humans: use of large surface area electrodes; use of a
defibrillation vector to encompass both atria (vector from
the right atrium to the distal coronary sinus); and biphasic
waveform shocks. Implantable atrial defibrillators are
currently undergoing testing in preliminary clinical trials
examining efficacy, safety, and tolerability.

2.15. Therapies to Prevent AF Recurrences/Maintain Sinus
Rhythm

2.15.1. Atrial Pacing in the Prevention of AF. Current
understanding of the role of pacing in the prevention of AF
derives primarily from patients with sick sinus syndrome,
a population with a high prevalence of this arrhythmia. In
patients with symptomatic sick sinus syndrome, a lower
rate of progression to chronic AF has been demonstrated

when atrial-based pacing (AAI or DDD mode) rather than
single-chamber ventricular pacing (VVI mode) is used.
Over a follow-up period of 3 to 5 years, four of the largest
retrospective studies of pacing in sick sinus syndrome de-
termined the incidence of AF to be between 4% and 13%
with AAI/DDD pacing as compared with 18–47% with VVI
pacing (46,47). The results of these studies, however, need
to be interpreted with caution as several of them were
fraught with potential bias that tended to favor the out-
come of the AAI or DDD group.

2.15.2. Catheter Ablation for AF. The impressive suc-
cess of catheter ablation of supraventricular tachycardia
has precipitated considerable interest in the development
of a similar curative technique for AF. Symptomatic pa-
tients with chronic AF as well as patients with intractable
paroxysmal AF who have failed to respond to medical
therapy would be candidates for this procedure. Most at-
tempts thus far have been focused in creating linear endo-
cardial lesions in the atria, similar to the surgical Maze
procedure, via catheter radio-frequency ablation. Encour-
aging preliminary results have been reported (22,48–50).
A successful result will probably require ablation of both
atria. However, there have been reports of successful AF
ablation in which radio-frequency energy lesions were
created only in the right atrium. Some of the current con-
cerns with this investigational procedure include the as-
sociated high level of radiation exposure and the
thromboembolic potential after extensive ablation in the
left atrium. Successful results with catheter ablation have
also been reported in patients with paroxysmal AF appar-
ently triggered by or coexisting with other ‘‘primary’’ atri-
al arrhythmias (such as atrial tachycardia and flutter)
(50). In these cases, ablation of the primary arrhythmia
substrate seemed to eliminate recurrences of AF, at least
in the short term. However, uncertainty remains concern-
ing the requisite number of lesions, their optimal location,
and the need for continuous lines. Indeed, focal ablation
has been proposed as an alternative approach on the basis
of the demonstration that ectopic beats originating within
or at the ostium of the pulmonary veins may be the source
of paroxysmal and even persistent AF (19,21). Despite
high acute success rates, the feasibility of this technique is
limited by the difficulty in mapping the focus if the patient
is in AF or has no consistent firing, the frequent existence
of multiple foci causing high recurrence rates, and an in-
cidence of pulmonary veins narrowing as high as 42% (19).
A recent article by Doll et al. (51) documents a 1% inci-
dence of esophageal perforation with intraoperative radio-
frequency ablation of AF. The esophageal injuries resulted
from the application of a heat-based energy source to the
left atrial endocardium. In each case, the esophagus,
which courses posterior to the left atrium, suffered a
burn with resulting esophageal perforation. They note
that this complication has occurred with unipolar radio
frequency and microwave energies. It is likely that collat-
eral damage in general and esophageal injury in particu-
lar will occur occasionally with any heatbased.

2.15.3. Surgical therapy. Diverse surgical procedures
have been described for the treatment of the AF. The left
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atrial isolation (52) and the Corridor procedure (53) isolate
electrically the ventricles of the atria to reach a regular
rhythm. Their main limitation is that the atria follow in
AF, maintaining the stroke risk. The only effective method
of curing AF is the Maze procedure, described in 1991 by
Cox et al. (11). Development of this surgical technique was
based on the evidence supporting wavelet reentry as the
pathogenetic mechanism of AF and the requirement of a
critical mass of contiguous atrial tissue for perpetuation
and maintenance of the arrhythmia. Precisely placed atri-
al incisions can create linear barriers to electrical conduc-
tion. These barriers can prevent propagation of the
reentrant wavelets in the atrial tissue and theoretically
should inhibit arrhythmia recurrence in patients with
paroxysmal AF or interrupt chronic AF. The Maze proce-
dure interrupts all potential reentrant circuits in the
atria, maintaining atrioventricular synchrony and pre-
serving atrial transport function. A series of incisions
were performed in the atria. Both atrial appendages
were removed and the pulmonary veins were isolated.
As a critical relationship exists between the size of the
macroreentrant circuits, the distance between the Maze
suture lines, and the effectiveness of the procedure in cur-
ing AF, this same concept explains why the Maze proce-
dure fails when performed in extremely large atria. In
large atria, it is recommended that we use atrial muscle
resection. Other authors have report isolated atrial size
reduction procedure with variables results (54,55).

Long experience indicated that the Maze operation is
highly successful in restoring sinus rhythm, 90%. The late
recurrence of AF has been under 7%. However, postoper-
atively, 9% of the patients required permanent pacing for
sinus node dysfunction (56,57). Although effective, this
long operation is rather complex and causes severe dam-
age to the atria. Recently, an intraoperative catheter ab-
lation technique mimicking the Maze procedure has been
proposed (58,59). Creating the Maze pattern with energy
ablation rather than incisions has simplified the proce-
dure and increased its application (60–63). The goals of
these new alternative energy sources are to provide a less
invasive approach, shorten the operating time, and sim-
plify the operation. Significant economic resources are be-
ing spent on research and development for alternative
energy sources to perform Maze procedures. These energy
sources include cryogens, radio frequency (unipolar and
bipolar), microwave, ultrasonic, and laser (60,64–69). All
result in damage to the myocardial tissue, hopefully caus-
ing a transmural scar, which does not conduct electricity.
Traditional cryotherapy systems used nitrogen for cooling
(� 701C) (70,71), but newer instruments use argon or he-
lium, which allows lower temperatures to be reached
(� 1861C) (72–74). Radio frequency may be unipolar or bi-
polar, with bipolar probes having a reduced risk of dam-
aging adjacent structures such as the esophagus
(68,75,76). Irrigated radio-frequency probes have greater
efficiency because the cooling effect on the surface of the
tissue drives the focus of energy deeper into the tissue and
prevents char accumulation on the surface (77,78). Micro-
wave energy creates deeper lesions than does radio-fre-
quency energy in a similar length of time and may have
more potential for epicardial application (79). Laser and

ultrasound energy are still relatively new energy sources,
but both may produce transmural lesions even through
epicardial fat (65,80–82). A plethora of devices exist that
have been developed and even more lesion patterns exist.
Provided the ablation creates transmural lesions and com-
plete conduction block, little difference probably exists be-
tween the types of energy used. Several shortcomings
exist compared with the standard cut-and-sew Maze.
The cost is high because most of the probes are dispos-
able. For example, the cost of a bipolar radio-frequency
ablation probe is about $2,000 US dollars compared with
$50 US dollar cost of the suture required for the cut-and-
sew Maze and the cryoprobes are reusable. Local and re-
gional tissue damage exist, which can be wider and deeper
than the standard cut-and-sew method, particularly with
unipolar radio-frequency devices that rely on time of ap-
plication to control the depth of the lesion.

3. ATRIAL FLUTTER

Atrial flutter has long been considered a reentrant ar-
rhythmia, but it is only recently that the full structure of
the right atrial circuit was understood (83). Today, flutter
is considered a type of macroreentrant atrial tachycardia.

3.1. Concept

Concept is an organized and regular fast atrial rhythm
(between 200 and 300 beats/min) that originates atrial
waves with no isoelectric baseline among them (F waves of
flutter). These waves are fundamentally of two mo-
rphologies, Figs. 3 and 4: negative in DII, DIII, and aVF
(common flutter) and positive in DII, DIII, and aVF (atyp-
ical flutter). Differentiation between atrial flutter and atri-
al tachycardia depends on a rate cut-off around 240–250
beats/min and the presence of an isoelectric baseline be-
tween atrial deflections in atrial tachycardia but not in
atrial flutter.

3.2. Classification

Electrophysiological studies have shown that the simple
EKG definition includes tachycardias using a variety of
reentry circuits. The reentry circuits often occupy large
areas of the atrium and are referred to as macroreentrant.
The precise type of flutter and, in particular, dependence
on a defined isthmus is an important consideration for
catheter ablation but does not alter the initial approach to
management. The atrial flutter is classified as:

1. Isthmus-dependent atrial flutter refers to circuits in
which the arrhythmia involves the cava-tricuspid
isthmus (CTI). The most common patterns include a
tachycardia showing a counterclockwise rotation
around the tricuspid valve denominated typical or
type I flutter. A less common pattern involves clock-
wise rotation around the tricuspid annulus (i.e., re-
verse typical flutter). Typical atrial flutter is the
most common type of macroreentrant atrial tachy-
cardia. It is defined as flutter with an atrial fre-
quency between 240–340 beats/min. In this atrial
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flutter, activation of the right atrium is reentrant,
bounded anteriorly by the tricuspid orifice, and pos-
teriorly by a combination of anatomical obstacles
(orifices of the superior and inferior vena cava and
the Eustachian bridge) and functional barriers (the
region of the crista terminalis). Transverse block
may be fixed in some patients and of a functional

nature in others, and it occurs in the region between
the vena cava, possibly because of anisotropy. The
direction of activation in the circuit is in descent in
the case of anterior and lateral walls and in ascent
in the septal and posterior walls of the right atrium
(counterclockwise reentry). The superior pivot point
is not well defined (84). Current data suggest that in
most cases it includes the right atrial roof anterior to
the superior vena cava orifice, including the initial
portions of Bachmann’s bundle. The inferior pivot
point is the inferior CTI area, bounded anteriorly by
the inferior part of the tricuspid orifice and posteri-
orly by the inferior vena cava orifice and its contin-
uation in the Eustachian bridge. This area has been
also called the subeustachian isthmus, inferior isth-
mus, or simply flutter isthmus. Complete transec-
tion or ablation of this isthmus interrupts and
prevents typical atrial flutter (85,86).

Other flutter types do not have any direction. The
opposite direction of activation, descending the sep-
tum and ascending the anterior (clockwise reentry),
occurs in 10% of clinical cases and characterizes re-
verse typical atrial flutter (87). Other CTI-depen-
dent flutter circuits are flutters that may also occur
as double-wave or lower-loop reentry. Double-wave
reentry is defined as a circuit in which two flutter
waves simultaneously occupy the usual flutter path-
way. Lower-loop reentry is defined as a flutter circuit
in which the reentry wavefront circulates around
the inferior vena cava because of conduction across
the crista terminalis.

2. Noncavotricuspid isthmus-dependent atrial flutters
caused by macroreentry circuits that do not use the
CTI are less common than CTI-dependent atrial
flutter (88). They are another type of atrial flutter

I

II

II

aVR

aVL

F F F F

aVF Figure 3. Typical atrial flutter with a rate of 300 beats/min,
and the ratio of flutter waves to conducted ventricular com-
plexes is 4:1. Observe the typical morphology in ‘‘sawtooth,’’
negative in DII, DIII, and aVF.

I aVR

aVL

aVF

II

III

II

Figure 4. Atypical atrial flutter with an atrial rate of 240 beats/
min and a variable ratio of flutter waves to conducted ventricular
complexes, alternating between 2:1 and 3:1 atrioventricular con-
duction. Morphology of the F waves is positive in DIII, DIII, and
aVF.
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that does not have the atrial frequency of the typical
flutter or the localization in the right atrium. As
they do not complete a reentry mechanism, in them
the treatment is not very established. Most are re-
lated to an atrial scar that creates a conduction
block and a central obstacle for reentry. Prior car-
diac surgery involving the atrium, such as repair of
congenital heart disease, mitral valve surgery, or the
atrial Maze procedure, is a common cause. The re-
sulting arrhythmias are referred to as lesion-related
macroreentrant atrial tachycardias.

3.3. Pathogenic Mechanism—Electrophysiological Substrate

It is possible that all types of flutter begin with a prema-
ture atrial extrasystole, which on finding a zone of the
auricles with unidirectional blockade initiates a circular
movement (reentry). When the conduction velocity is slow
or the circuit is long, it is easier for the arrhythmia to be
perpetuated. Lewis and Rosenblueth believed that it was
necessary for an anatomic obstacle (cava or pulmonary
veins) to exist, around which the circular movement was
perpetuated (89,90). The recent works of Allesie et al. have
demonstrated that an anatomical obstacle is not necessary
and that the circuit can either be exclusively in the left
auricle or in the right. In some cases, it is possible that the
maintenance of the arrhythmia is caused by the same
mechanism involved in its initiation or by an ectopic focus
that discharges around 300 impulses per minute.

Typical flutter has been better defined as a right atrial
macroreentrant tachycardia using a circuit bound anteri-
orly by the tricuspid ring and posteriorly by a mixed ob-
stacle made by the superior and inferior vena cava orifices
and a line of functional block related to the terminal crest
(91). The flutter circuit has an anatomical isthmus be-
tween the inferior vena cava and the low tricuspid ring
that is probably also the most sensitive target for treat-
ment action.

Understanding of the myocardial abnormalities under-
lying atrial flutter and fibrillation will be necessary to im-
prove this long-term outlook.

3.4. Prevalence

Prevalence is much less frequent than AF (relationship 1
to 10), and normally it is a temporal autolimited ar-
rhythmia.

3.5. Etiology

Etiology is because of practically the same reasons that
can cause AF.

3.6. Clinical Manifestations

Patients with atrial flutter commonly present acute symp-
toms of palpitations, dyspnea, fatigue, or chest pain. How-
ever, this arrhythmia may also be presented with more
insidious symptoms or conditions, such as exercise-in-
duced fatigue, worsening heart failure, or pulmonary dis-
ease. The atrial flutter shows up clinically in three
different forms: (1) temporal or sporadic flutter, at a cer-

tain frequency the atrial flutter is a temporal arrhythmia
before the development of AF; (2) paroxysmal flutter,
which is a more infrequent form than paroxysmal AF, al-
though still relatively frequent—flutter and fibrillation
often alternate in the same patient when the paroxysmal
arrhythmia is of vagal origin, but atrial flutter is infre-
quent in a state of excess stimulus of the simpathicotonie
tone; and (3) chronic flutter; which is not very frequent.
With time, it can change to AF or to sinoatrial rhythm. The
F-wave flutter causes mechanical contractile activity; the
possibility of embolism is rare. The poor clinical tolerance
depends fundamentally on the high ventricular rate.

3.7. Electrocardiographic Diagnosis

3.7.1. F waves of flutter. Typical atrial flutter (counter-
clockwise) shows a characteristic EKG ‘‘sawtooth’’ pattern
present in leads II, III, or a VF, which consists of a down-
sloping segment, followed by a sharper negative deflec-
tion, then a sharp positive deflection with a positive
‘‘overshoot’’ leading to the next downsloping plateau. The
relative size of each component can vary markedly. Lead
V1 often shows a positive deflection, but biphasic or neg-
ative deflections can be seen in some cases. Leads I and
aVL characteristically show low-voltage deflections. Re-
verse typical atrial flutter (clockwise reentry) can be rec-
ognized with a high degree of reliability in the presence of
broad, positive deflections in the inferior leads, although
morphologies similar to that of typical atrial flutter have
been reported. Wide negative deflections in V1 may be the
most specific diagnostic sign. Reverse typical atrial flutter
can produce other atypical patterns that need atrial map-
ping for precise diagnosis of the mechanism. In some
cases, discrete P waves are difficult to identify, possibly
because of extensive atrial scar. Definitive diagnosis re-
quires intracardiac mapping.

3.7.2. Ventricular response and morphology of the
QRS. In the typical flutter, often up to 300/min, one of ev-
ery two F waves is usually stopped in the atrioventricular
node, so that the ventricular response is regular and
around 150/min. Nevertheless, they can find different de-
grees of blockade, 3 � 1 (rarely), 4 � 1, 6 � 1, or more,
and often different types of variable blockade with We-
nckebach’s phenomenon, especially with the effect of cer-
tain drug depressors of the atrioventricular conduction.
The morphology of QRS is usually narrow, similar to the
normal sinus rhythm. When it is wide, it is because of
conduction aberrancy or conduction by an anomalous path
(image of intraventricular blocking).

3.8. Treatment of Flutter

In approximately 60% of patients, atrial flutter occurs as
part of an acute disease process, such as exacerbation of
pulmonary disease, postoperative cardiac or pulmonary
surgery, or during acute myocardial infarction. If the pa-
tient survives the underlying disease process, then
chronic therapy for the arrhythmia is usually not required
after sinus rhythm is restored. The acute treatment of
atrial flutter might include the initial use of electrical
pacing, direct current or chemical cardioversion, or atrio-
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ventricular nodal-blocking agents (sotalol, ibutilide, am-
iodarone, etc.). Acute therapy for patients with atrial flut-
ter depends on clinical presentation.

3.9. External Direct Current Cardioversion

If the patient presents with acute hemodynamic collapse
or congestive heart failure, then emergent direct current-
synchronized shock is indicated. The success rate for ex-
ternal direct current cardioversion for patients with flut-
ter is between 95% and 100%. Conversion can often be
achieved with relatively small amounts of energy (i.e., 5 to
50 J), especially when biphasic wave forms are used.

3.10. Atrial Overdrive Pacing

The use and efficacy of rapid atrial pacing to terminate
atrial flutter has been long established, and a comprehen-
sive review showed a cumulative success rate of 82%
(range from 55% to 100%) (92). It is important to recog-
nize that atrial overdrive pacing may result in the induc-
tion of sustained AF.

3.11. Catheter Ablation of the Flutter

Successful ablation is dependent on identifying a critical
portion of the reentry circuit where it can be interrupted
with either one or a line of radio-frequency applications.

3.11.1. Catheter Ablation of the Cavotricuspid Isthmus for
Isthmus-Dependent Flutter. This isthmus, a relatively nar-
row part of the circuit between the tricuspid annulus and
the inferior vena cava, has become the established target
for typical flutter ablation. A technique for placing lesions
at the isthmus to block the atrial flutter circuit and cure
patients with atrial flutter is available (83,86,93). Com-
plete bidirectional isthmus block is the final goal of flutter
ablation, which has to be assessed, after flutter interrup-
tion, by pacing both sides of the ablation line while re-
cording electrogram sequences from the opposite right
atrial wall and the isthmus itself. Radio-frequency abla-
tion after a mean follow-up of 21 months showed only 36%
of patients treated with drugs compared with 80% of those
treated with catheter ablation remained in sinus rhythm
(94). Success is great in terms of prevention of flutter re-
currence; however, a 30% incidence of AF during follow-up
casts a large shadow on long-term prognosis (95). The in-
cidence of AF after successful ablation of the CTI flutter
circuit varies, depending on the presence of AF before ab-
lation. For patients with a history of only atrial flutter, the
occurrence of AF over a follow-up of 18 months was only
8%, whereas AF recurred in 86% of those in whom AF
predominated prior to ablation.

3.11.2. Catheter Ablation and Mapping of Noncavotricus-
pid Isthmus-Dependent Flutter. Ablation of nonCTI-depen-
dent flutter can be substantially more difficult than for
CTI-dependent flutter.

3.11.3. Ablation of the Atrioventricular Node. In the
cases with severe deterioration, bad hemodynamic toler-
ance, or unsuccessful ablation procedure, one should con-

sider the ablation of the atrioventricular node with radio
frequency and to implant a permanent transvenous pace-
maker.
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1. INTRODUCTION

Any physical quantity that varies with time is a signal.
Examples from physiology are: an electrocardiogram
(ECG), an electroencephalogram (EEG), an arterial pres-
sure waveform, and a variation of someone’s blood glucose
concentration along time. In Fig. 1, one can see examples
of two signals: an electromyogram (EMG) in (a) and the
corresponding force in (b). When a muscle contracts, it
generates a force or torque while it generates an electrical
signal that is the EMG (1). The experiment to obtain these
two signals is simple. The subject is seated with one foot
strapped to a pedal coupled to a force or torque meter.
Electrodes are attached to a calf muscle of the strapped
foot (m. soleus), and the signal is amplified. The subject is
instructed to produce an alternating pressure on the
pedal, starting after an initial rest period of about 2.5 s.
During this initial period, the foot stays relaxed on the
pedal, which corresponds to practically no EMG signal
and a small force because of the foot resting on the pedal.

When the subject controls voluntarily the alternating con-
tractions, the random-looking EMG has waxing and wan-
ing modulations in its amplitude while the force also
exhibits an oscillating pattern (Fig. 1).

Biological signals vary as time goes on, but when they
are measured, for example, by a computerized system, the
measures are usually only taken at pre-specified times,
usually at equal time intervals. In a more formal jargon, it
is said that although the original biological signal is de-
fined in continuous time, the measured biological signal is
defined in discrete time. For continuous-time signals,
the time variable t takes values either from�1 to þ1 (in
theory) or in an interval between t1 and t2 (a subset of the
real numbers, t1 indicating the time when the signal
started being observed in the experiment and t2 the final
time of observation). Such signals are indicated as y(t),
x(t), w(t), and so on. On the other hand, a discrete-time
signal is a set of measurements taken sequentially in
time (e.g., at every millisecond). Each measurement point
is usually called a sample, and a discrete-time signal is
indicated by y(n), x(n), or w(n), where the index n is an
integer that points to the order of the measurements in
the sequence. Note that the time interval T between two
adjacent samples is not shown explicitly in the y(n) rep-
resentation, but this information is used whenever an in-
terpretation is required based on continuous-time units
(e.g., seconds). As a result of the low price of computers
and microprocessors, almost any equipment used today in
medicine or biomedical research uses digital signal pro-
cessing, which means that the signals are functions of
discrete time.

From basic probability and statistics theory, it is known
that in the analysis of a random variable (e.g., the height
of a population of human subjects), the mean and the
variance are very useful quantifiers (2). When studying
the linear relationship between two random variables
(e.g., the height and the weight of individuals in a popu-
lation), the correlation coefficient is an extremely useful
quantifier (2). The correlation coefficient between N mea-
surements of pairs of random variables, such as the
weight w and height h of human subjects, may be esti-
mated by

r¼
1
N

PN�1
i¼0 ðwðiÞ � �wÞ � ðhðiÞ � �hÞ
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where ½wðiÞ;hðiÞ�, i¼ 0; 1; 2; . . . ;N � 1 are the N pairs of
measurements (e.g., from subject number 0 up to subject
number N� 1); �w and �h are the mean values computed
from the N values of w(i) and h(i), respectively. Sometimes
r is called the linear correlation coefficient to emphasize
that it quantifies the degree of linear relation between two
variables. If the correlation coefficient between the two
variables w and h is near the maximum value 1, it is said
that the variables have a strong positive linear correla-
tion, and the measurements will gather around a line with
positive slope when one variable is plotted against the
other. On the contrary, if the correlation coefficient is near
the minimum attainable value of � 1, it is said that the
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Figure 1. Two signals obtained from an experiment involving a
human pressing a pedal with his right foot. (a) The EMG of the
right soleus muscle and (b) the force or torque applied to the pedal
are represented. The abscissae are in seconds and the ordinates
are in arbitrary units. The ordinate calibration is not important
here because in the computation of the correlation a division by
the standard deviation of each signal exists. Only the first 20 s of
the data are shown here. A 30 s data record was used to compute
the graphs of Figs. 2 and 3.
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two variables have a strong negative linear correlation. In
this case, the measured points will gather around a neg-
atively sloped line. If the correlation coefficient is near the
value 0, the two variables are not linearly correlated and
the plot of the measured points will show a spread that
does not follow any specific straight line. Here, it may be
important to note that two variables may have a strong
nonlinear correlation and yet have almost zero value for
the linear correlation coefficient r. For example, 100 nor-
mally distributed random samples were generated by
computer for a variable h, whereas variable w was com-
puted according to the quadratic relation
w¼ 300 � ðh� hÞ2þ 50. A plot of the pairs of points ðw;hÞ
will show that the samples follow a parabola, which means
that they are strongly correlated along such a parabola.
On the other hand, the value of r was 0.0373. Statistical
analysis suggests that such a low value of linear correla-
tion is not significantly different to zero. Therefore, a near
zero value of r does not necessarily mean the two variables
are not associated with one another, it could mean that
they are nonlinearly associated (see Section 7 on Exten-
sions and Further Applications).

On the other hand, a random signal is a broadening of
the concept of a random variable by the introduction of
variations along time and is part of the theory of random
processes. Many biological signals vary in a random way
in time (e.g., the EMG in Fig. 1a) and hence their math-
ematical characterization has to rely on probabilistic con-
cepts (3–5). For a random signal, the mean and the
autocorrelation are useful quantifiers, the first indicating
the constant level about which the signal varies and the
second indicating the statistical dependencies between the
values of two samples taken at given time intervals. The
time relationship between two random signals may be an-
alyzed by the cross-correlation, which is very often used in
biomedical research.

Let us analyze briefly the problem of studying quanti-
tatively the time relationship between the two signals
shown in Fig. 1. Although the EMG in Fig. 1a looks er-
ratic, its amplitude modulations seem to have some peri-
odicity. Such slow amplitude modulations are sometimes
called the ‘‘envelope’’ of the signal, which may be esti-
mated by smoothing the absolute value of the signal. The
force in Fig. 1b is much less erratic and exhibits a clearer
oscillation. Questions that may develop regarding such
signals (the EMG envelope and the force) include: what
periodicities are involved in the two signals? Are they the
same in the two signals? If so, is there a delay between the
two oscillations? What are the physiological interpreta-
tions? To answer the questions on the periodicities of each
signal, one may analyze their respective autocorrelation
functions, as shown in Fig. 2. The autocorrelation of the
absolute value of the EMG (a simple estimate of the en-
velope) shown in Fig. 2a has low-amplitude oscillations,
those of the force (Fig. 2b) are large, but both have the
same periodicity. The much lower amplitude oscillations
in the autocorrelation function of the absolute value of the
EMG when compared with that of the force autocorrela-
tion function reflects the fact that the periodicity in the
EMG amplitude modulations is masked to a good degree
by a random activity, which is not the case for the force

signal. To analyze the time relationship between the EMG
envelope and the force, their cross-correlation is shown in
Fig. 3a. The cross-correlation function in this figure has
the same period of oscillation as that of the random sig-
nals. In the more refined view of Fig. 3b, it can be seen that
the peak occurring closer to zero time shift does so at a
negative delay, meaning the EMG precedes the soleus
muscle force. Many factors, experimental and physiologic,
contribute to such a delay between the electrical activity of
the muscle and the torque exerted by the foot.

Signal processing tools such as the autocorrelation and
the cross-correlation have been used with much success in
a number of biomedical research projects. A few examples
will be cited for illustrative purposes. In a study of absence
epileptic seizures in animals, the cross-correlation be-
tween waves obtained from the cortex and a brain region
called the subthalamic nucleus was a key tool to show that
the two regions have their activities synchronized by a
specific corticothalamic network (6). The cross-correlation
function was used in Ref. 7 to show that insulin secretion
by the pancreas is an important determinant of insulin
clearance by the liver. In a study of preterm neonates, it
was shown in Ref. 8 that the correlation between the heart
rate variability (HRV) and the respiratory rhythm was
similar to that found in the fetus. The same authors also
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Figure 2. Autocorrelation functions of the signals shown in Fig.
1. (a) shows the autocorrelation function of the absolute value of
the EMG and (b) shows the autocorrelation function of the force.
These autocorrelation functions were computed based on the cor-
relation coefficient, as explained in the text. The abscissae are in
seconds and the ordinates are dimensionless, ranging from �1 to
1. For these computations, the initial transients from 0 to 5 s in
both signals were discarded.
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employed the correlation analysis to compare the effects of
two types of artificial ventilation equipment on the HRV-
respiration interrelation.

After an interpretation is drawn from a cross-correla-
tion study, this signal processing tool may be potentially
useful for diagnostic purposes. For example, in healthy
subjects, the cross-correlation between arterial blood pres-
sure and intracranial blood flow showed a negative peak
at positive delays, differently from patients with a mal-
functioning cerebrovascular system (9).

Next, the step-by-step computations of an autocorrela-
tion function will be shown based on the known concept of
correlation coefficient of statistics. Actually, different, but
related, definitions of autocorrelation and cross-correla-
tion exists in the literature. Some are normalized versions
of others, for example. The definition to be given in this
section is not the one usually studied in undergraduate
engineering courses, but is being presented here first be-
cause it is probably easier to understand by readers from
other backgrounds. Other definitions will be presented in
later sections and the links between them will be readily
apparent. In this section, the single term autocorrelation
shall be used for simplicity and, later (see Basic Defini-
tions), more precise names will be presented that have
been associated with the definition presented here (10,11).

The approach of defining an autocorrelation function
based on the cross-correlation coefficient should help in
the understanding of what the autocorrelation function
tells us about a random signal. Assume that we are given
a random signal x(n), with n being the counting variable:
n¼ 0; 1; 2; . . . ;N � 1. For example, the samples of x(n) may

have been measured at every 1 ms, there being a total of N
samples.

The mean or average of signal x(n) is the value �x given
by

�x¼
1

N

X

N�1

n¼ 0

xðnÞ; ð2Þ

and gives an estimate of the value about which the signal
varies. As an example, in Fig. 4a, the signal x(n) has a
mean that is approximately equal to 0. In addition to the
mean, another function is needed to characterize how x(n)
varies in time. In this example in Fig. 4a, one can see that
x(n) has some periodicity, oscillating with positive and
negative peaks repeating approximately at every 10 sam-
ples. The new function to be defined is the autocorrelation
rxxðkÞ of x(n), which will quantify how much a given signal
is similar to time-shifted versions of itself (5). One way to
compute it is by using the following formula based on the
definition (Equation 1)

rxxðkÞ¼
1
N

PN�1
n¼ 0 ðxðn� kÞ � �xÞ � ðxðnÞ � �xÞ

1
N

PN�1
n¼ 0 ðxðnÞ � �xÞ2

; ð3Þ

where x(n) is supposed to have N samples. Any sample
outside the range ½0;N � 1� is taken to be zero in the com-
putation of rxxðkÞ.

The computation steps are as follows:

* Compute the correlation coefficient between the N
samples of x(n) paired with the N samples of x(n) and

(a)
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time shift (s)

peak at - 170 ms

Figure 3. Cross-correlation between the absolute value
of the EMG and the force signal shown in Fig. 1. (a)
shows the full cross-correlation and (b) shows an en-
larged view around abscissa 0. The abscissae are in sec-
onds and the ordinates are dimensionless, ranging from
�1 to 1. For this computation, the initial transients
from 0 to 5 s in both signals were discarded.
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call it rxxð0Þ. The value of rxxð0Þ is equal to 1 because
any pair is formed by two equal values [e.g.,
½xð0Þ; xð0Þ�, ½xð1Þ; xð1Þ�; . . . ; ½xðN � 1Þ; xðN � 1Þ�] as seen
in the scatter plot of the samples of x(n) with those of
x(n) in Fig. 5a. The points are all along the diagonal,
which means the correlation coefficient is unity.

* Next, shift x(n) by one sample to the right, obtaining
xðn� 1Þ, and then determine the correlation coeffi-
cient between the samples of x(n) and xðn� 1Þ (i.e.,
for n¼ 1, take the pair of samples ½xð1Þ; xð0Þ�, for n¼ 2
take the pair ½xð2Þ; xð1Þ� and so on, until the pair
½xðN � 1Þ; xðN � 2Þ�). The correlation coefficient of
these pairs of points is denoted rxxð1Þ.

* Repeat for a two-sample shift and compute rxxð2Þ, for
a three-sample shift and compute rxxð3Þ, and so on.
When x(n) is shifted by 3 samples to the right (Fig.
4b), the resulting signal xðn� 3Þ has its peaks and
valleys still repeating at approximately 10 samples,
but these are no longer aligned with those of x(n).
When the scatter plot of the pairs [x(3), x(0)], [x(4),
x(1)], etc is drawn (Fig. 5b), it seems that their cor-
relation coefficient is near zero, so we should have
rxxð3Þ � 0. Note that as xðn� 3Þ is equal to x(n) de-
layed by 3 samples, the need exists to define what the
values of xðn� 3Þ are for n¼ 0; 1;2. As x(n) is known
only from n¼ 0 onwards, we make the three initial

samples of xðn� 3Þ equal to 0, which has sometimes
been called in the engineering literature as zero pad-
ding.

* Shifting x(n) by 5 samples to the right (Fig. 4c), gen-
erates a signal xðn� 5Þ still with the same periodicity
as the original x(n), but with peaks aligned with the
valleys in x(n). The corresponding scatter plot (Fig.
5c) indicates a negative correlation coefficient.

* Finally, shifting x(n) by a number of samples equal to
the approximate period gives xðn� 10Þ, which has its
peaks (valleys) approximately aligned with the peaks
(valleys) of xðnÞ, as can be seen in Fig. 4d. The corre-
sponding scatter plot (Fig. 5d) indicates a positive
correlation coefficient. If x(n) is shifted by multiples of
10, there will again be coincidences between its peaks
and those of x(n), and again the correlation coefficient
of their samples will be positive.

Collecting the values of the correlation coefficients for
the different pairs x(n) and xðn� kÞ and assigning them to
rxxðkÞ, for positive and negative shift values k, the auto-
correlation shown in Fig. 6 is obtained. In this and other
figures, the hat ‘‘^’’over a symbol is used to indicate esti-
mations from data, to differentiate from the theoretical
quantities, for example, as defined in Equations 14 and 15.
Indeed, the values for k¼0, k¼ 3, k¼ 5 and k¼ 10 confirm
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Figure 4. Random discrete-time signal x(n) in
(a) is used as a basis to explain the concept of
autocorrelation. In (b)–(d), the samples of x(n)
were delayed by 3, 5, and 10 samples, respec-
tively. The two vertical lines were drawn to help
visualize the temporal relations between the
samples of the reference signal at the top and
the three time-shifted versions below.
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the analyses based on the scatter plots of Fig. 5. The au-
tocorrelation function is symmetric with respect to k¼ 0
because the correlation between samples of x(n) and xðn�
kÞ is the same as the correlation between x(n) and xðnþ kÞ,
where n and k are integers. This example suggests that
the autocorrelation of a periodic signal will exhibit peaks
(and valleys) repeating with the same period as the sig-
nal’s. The decrease in subsequent peak values away from
time shift k¼ 0 is because of the finite duration of the sig-

nal, which requires the use of zero-padding in the compu-
tation of the autocorrelation (this issue will be dealt with
in section 6.1 later in this chapter). In conclusion, the au-
tocorrelation gives an idea of the similarity between a
given signal and time-shifted replicas of itself. A different
viewpoint is associated with the following question: Does
the knowledge of the value of a sample of the signal x(n) at
an arbitrary time n¼L, say xðLÞ¼ 5:2, give some ‘‘infor-
mation’’ as to the value of a future sample, say at
n¼Lþ3? Intuitively, if the random signal varies ‘‘slowly,’’
then the answer is yes, but if it varies ‘‘fast,’’ then the an-
swer is no. The autocorrelation is the right tool to quantify
the signal variability or the degree of ‘‘information’’ be-
tween nearby samples. If the autocorrelation decays
slowly from value 1 at k¼ 0 (e.g., its value is still near 1
for k¼ 3), then a sample value 5.2 of the given signal at
n¼L tells us that at n¼Lþ 3 the value of the signal will
be ‘‘near’’ the sample value 5.2, with high probability. On
the contrary, if the autocorrelation for k¼ 3 is already
near 0, then the value of the signal at n¼Lþ 3 has little or
no relation to the value 5.2 attained three units of time
earlier. In a loose sense, one could say that the signal has
more memory in the former situation than in the latter.
The autocorrelation depends on the independent variable
k, which is called ‘‘lag’’, ‘‘delay’’, or ‘‘time shift’’ in the lit-
erature. The autocorrelation definition given above was
based on a discrete-time case, but a similar procedure is
followed for a continuous-time signal, where the autocor-
relation rxxðtÞ will depend on a continuous-time variable t.

Real-life signals are often less well-behaved than the
signal shown in Fig 4a, or even those in Fig. 1. Two signals
x(t) and y(t) shown in Fig. 7a and 7b, respectively, are more
representative of the difficulties one usually encounters in
extracting useful information from random signals. A vi-
sual analysis suggests that the two signals are indeed dif-
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Figure 5. Scatter plots of samples of the signals shown
in Fig. 4: (a) x(n) and x(n), (b) x(n) in the abscissa and
x(n�3) in the ordinate, (c) x(n) in the abscissa and
x(n�5) in the ordinate, (d) x(n) in the abscissa and
x(n�10) in the ordinate. The computed values of the
correlation coefficient from (a)–(d) were 1, �0.19, �0.79,
and 0.66, respectively.
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ferent in their ‘‘randomness,’’ but it is certainly not easy to
pinpoint in what aspects they are different. The respective
autocorrelations, shown in Fig. 8a and 8b, are monotonic
for the first signal and oscillatory for the second. Such an
oscillatory autocorrelation function would mean that two

amplitude values in y(t) taken 6 ms apart (or a time inter-
val between about 5 ms and 10 ms) (see Fig. 8b) would
have a negative correlation, meaning that if the first am-
plitude value is positive, the other will probably be nega-
tive and vice-versa (note that in Equation 3 the mean
value of the signal is subtracted). The explanation of the
monotonic autocorrelation will require some mathemati-
cal considerations, which will be presented later in this
chapter in section 3. An understanding of the ways differ-
ent autocorrelation functions may occur could be impor-
tant in discriminating between the behaviors of a
biological system subjected to two different experimental
conditions, or between normal and pathological cases. In
addition, the autocorrelation is able to uncover a periodic
signal masked by noise (e.g., Fig. 1a and Fig. 2a), which is
relevant in the biomedical setting because many times the
biologically interesting signal is masked by other ongoing
biological signals or by measurement noise. Finally, when
validating a stochastic model of a biological system such as
a neuron, autocorrelation functions obtained from the sto-
chastic model may be compared with autocorrelations
computed from experimental data, see, for example,
Kohn (12).

When two signals x and y are measured simultaneously
in a given experiment, as in the example of Fig. 1, one may
be interested in knowing if the two signals are entirely
independent from each other, or if some correlation exists
between them. In the simplest case, there could be a delay
between one signal and the other. The cross-correlation is
a frequently used tool when studying the dependency be-
tween two random signals. A (normalized) cross-correla-
tion rxyðkÞ may be defined and explained in the same way
as we did for the autocorrelation in Figs. 4–6 (i.e., by com-
puting the correlation coefficients between the samples of
one of the signals, x(n), and those of the other signal time-
shifted by k, yðn� kÞ) (5). The formula is the following:

rxyðkÞ¼
1
N

PN�1
n¼ 0 ðxðnÞ � �xÞ � ðyðn� kÞ � �yÞ

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1
N

PN�1
n¼ 0 ðxðnÞ � �xÞ2

� �

� 1
N

PN�1
n¼ 0 ðyðnÞ � �yÞ2

� �

r ;

ð4Þ

where both signals are supposed to have N samples each.
Any sample of either signal outside the range ½0;N � 1� is
taken to be zero in the computation of rxxðkÞ (zero pad-
ding).

It should be clear that if one signal is a delayed version
of the other, the cross-correlation at a time shift value
equal to the delay between the two signals will be equal to
1. In the example of Fig. 1, the force signal at the bottom is
a delayed version of the EMG envelope at the top, as in-
dicated by the cross-correlation in Fig. 3.

The emphasis in this chapter is to present the main
concepts on the auto and cross-correlation functions,
which are necessary to pursue research projects in bio-
medical engineering.
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Figure 7. Two random signals measured from two different sys-
tems. They seem to behave differently, but it is difficult to char-
acterize the differences based only on a visual analysis. The
abscissae are in miliseconds.
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2. AUTOCORRELATION OF A STATIONARY RANDOM
PROCESS

2.1. Introduction

Initially, some concepts from random process theory shall
be reviewed briefly, as covered in undergraduate courses
in electrical or biomedical engineering, see, for example,
Peebles (3) or Papoulis and Pillai (10). A random process
is an infinite collection or ensemble of functions of time
(continuous or discrete time), called sample functions or
realizations (e.g., segments of EEG recordings). In contin-
uous time, one could indicate the random process as X(t)
and in discrete time as X(n). Each sample function is as-
sociated with the outcome of an experiment that has a
given probabilistic description and may be indicated by
x(t) or x(n), for continuous or discrete time, respectively.
When the ensemble of sample functions is viewed at any
single time, say t1 for a continuous time process, a random
variable is obtained whose probability distribution func-
tion is FX;t1 ða1Þ¼P½Xðt1Þ � a1�, for a1 2 R, and where P½:�
stands for probability. If the process is viewed at two times
t1 and t2, a bivariate distribution function is needed to
describe the pair of resulting random variables Xðt1Þ and
Xðt2Þ: FX;t1 ;t2 ða1; a2Þ¼P½Xðt1Þ � a1;Xðt2Þ � a2�, for a1,
a2 2 R. The random process is fully described by the joint
distribution functions of any N random variables defined
at arbitrary times t1; t2; . . . ;N, for arbitrary integer num-
ber N

P½Xðt1Þ � a1;Xðt2Þ � a2; . . . ;XðtNÞ � aN �;

for a1; a2; . . . ; aN 2 R:
ð5Þ

In many applications, the properties of the random pro-
cess may be assumed to be independent of the specific
values t1; t2; . . . ; tN, in the sense that if a fixed time shift T
is given to all instants ti i¼ 1; . . . ;N, the probability dis-
tribution function does not change:

P½Xðt1þTÞ � a1;Xðt2þTÞ � a2; . . . ;XðtN þTÞ � aN �

¼P½Xðt1Þ � a1;Xðt2Þ � a2; . . . ;XðtNÞ � aN �:
ð6Þ

If Equation 6 holds for all possible values of ti, T and N,
the process is called strictsense stationary (3). This
class of random processes has interesting properties, such
as:

E½XðtÞ� ¼ m¼ constant; for8t ð7Þ

E½Xðtþ tÞ � XðtÞ� ¼ functionðtÞ ð8Þ

The first result (Equation 7) means that the mean value
of the random process is a constant value for any time t.
The second result (Equation 8) means that the second-or-
der moment defined on the process at times t2¼ tþ t and
t1¼ t, depends only on the time difference t¼ t2 � t1 and is
independent of the time parameter t. These two relations
(Equations 7 and 8) are so important in practical applica-
tions that whenever they are true, the random process is

said to be wide-sense stationary. This definition of sta-
tionarity is feasible to be tested in practice, and many
times a random process that satisfies Equations 7, 8 is
simply called ‘‘stationary’’ and otherwise it is simply called
‘‘nonstationary.’’ The autocorrelation and cross-correlation
analyses developed in this chapter are especially useful for
such stationary random processes.

In real-life applications, the wide-sense stationarity as-
sumption is usually valid only approximately and only for
a limited time interval. This interval must usually be es-
timated experimentally (4) or be adopted from previous
research reported in the literature. This assumption cer-
tainly simplifies both the theory as well as the signal pro-
cessing methods. All random processes considered in this
chapter will be wide-sense stationary. Another fundamen-
tal property that shall be assumed is that the random
process is ergodic, meaning that any appropriate time
average computed from a given sample function converges
to a corresponding expected value defined over the ran-
dom process (10). Thus, for example, for an ergodic process
Equation 2 would give useful estimates of the expected
value of the random process (Equation 7), for sufficiently
large values of N. Ergodicity assumes that a finite set of
physiological recordings obtained under a certain experi-
mental condition should yield useful estimates of the gen-
eral random behavior of the physiological system (under
the same experimental conditions and in the same phys-
iological state). Ergodicity is of utmost importance be-
cause in practice all we have is a sample function and from
it one has to estimate and infer things related to the ran-
dom process that generated that sample function.

A random signal may be defined as a sample function
or realization of a random process. Many signals mea-
sured from humans or animals exhibit some degree of un-
predicatibility, and may be considered as random. The
sources of unpredictability in biological signals may be
associated with (1) a large number of uncontrolled and
unmeasured internal mechanisms, (2) intrinsically ran-
dom internal physicochemical mechanisms, and (3) a fluc-
tuating environment. When measuring randomly varying
phenomena from humans or animals, only one or a few
sample functions of a given random process are obtained.
Under the ergodic property, appropriate processing of a
random signal may permit the estimation of characteris-
tics of the random process, which is why random signal
processing techniques (such as auto and cross-correlation)
are so important in practice.

The complete probabilistic description of a random pro-
cess (Equation 5) is impossible to obtain in practical terms.
Instead, first and second moments are very often em-
ployed in real-life applications, such as the mean, the
auto correlation, and cross-correlation functions (13),
which are the main topics of this chapter, and the auto
and cross-spectra. The auto-spectrum and the cross-spec-
trum are functions of frequency, being related to the auto
and cross-correlation functions via the Fourier transform.

Knowledge of the basic theory of random processes is a
pre-requisite for a correct interpretation of results ob-
tained from the processing of random signals. Also, the
algorithms used to compute estimates of parameters or
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functions associated with random processes are all based
on the underlying random process theory.

All signals in this chapter will be assumed to be real
and originating from a wide-sense stationary random pro-
cess.

2.2. Basic Definitions

The mean or expected value of a continuous-time random
process X(t) is defined as

mx¼E½XðtÞ�; ð9Þ

where the time variable t is defined on a subset of the real
numbers and E½ � is the expected value operation. The
mean is a constant value because all random processes are
assumed to be wide-sense stationary. The definition above
is a mean calculated over all sample functions of the ran-
dom process.

The autocorrelation of a continuous-time random pro-
cess X(t) is defined as

RxxðtÞ¼E½Xðtþ tÞ � XðtÞ�; ð10Þ

where the time variables t and t are defined on a subset of
the real numbers. As was mentioned before, the nomen-
clature varies somewhat in the literature. The definition
of autocorrelation given in Equation 10 is the one typically
found in engineering books and papers. The value
Rxxð0Þ¼E½X2ðtÞ� is sometimes called the average total
power of the signal and its square root is the ‘‘root mean
square’’ (RMS) value, employed frequently to characterize
the ‘‘amplitude’’ of a biological random signal such as the
EMG (1).

An equally important and related second moment is the
autocovariance, defined for continuous time as

CxxðtÞ¼E½ðXðtþ tÞ � mxÞ � ðXðtÞ � mxÞ� ¼RxxðtÞ � m2
x ð11Þ

The autocovariance at t¼ 0 is equal to the variance of
the process and is sometimes called the average ac power
(the average total power minus the square of the dc value):

Cxxð0Þ¼ s2
x ¼E½ðXðtÞ � mxÞ

2
� ¼E½X2ðtÞ� � m2

x ð12Þ

For a stationary random process, the mean, average to-
tal power and variance are constant values, independent
of time.

The autocorrelation for a discrete-time random process
is

RxxðkÞ¼E½Xðnþ kÞ � XðnÞ� ¼E½Xðn� kÞ � XðnÞ�; ð13Þ

where n and k are integer numbers. Any of the two ex-
pressions may be used, either with Xðnþ kÞ � XðnÞ or with
Xðn� kÞ � XðnÞ. In what follows, preference shall be given
to the first expression to keep consistency with the defi-
nition of cross-correlation to be given later.

For discrete-time processes, an analogous definition of
autocovariance follows:

CxxðkÞ¼E½ðXðnþ kÞ � mxÞ � ðXðnÞ � mx� ¼RxxðkÞ � m2
x ; ð14Þ

where again Cxxð0Þ¼ s2
x ¼E½ðXðkÞ � mxÞ

2
� is the constant

variance of the stationary random process X(k). Also
mx¼E½XðnÞ�, a constant, is its expected value. In many
applications, the interest is in studying the variations of a
random process about its mean, which is what the auto-
covariance represents. For example, to characterize the
variability of the muscle force exerted by a human subject
in a certain test, the interest is in quantifying how the
force varies randomly around the mean value, and hence
the autocovariance is more interesting than the autocor-
relation.

The independent variable t or k in Equations 10, 11, 13
or 14 may be called, interchangeably, time shift, lag, or
delay.

It should be mentioned that some books and papers,
mainly those on time series analysis (5,11), define the au-
tocorrelation function of a random process as (for discrete
time):

rxxðkÞ¼
CxxðkÞ

s2
x

¼
CxxðkÞ

Cxxð0Þ
ð15Þ

(i.e., the autocovariance divided by the variance of the
process). It should be noticed that rxxð0Þ¼ 1. Actually, this
definition was used in the Introduction of this chapter.
The definition in Equation 15 differs from that in Equation
13 in two respects: The mean of the signal is subtracted
and a normalization exists so that at k¼ 0 the value is 1.
To avoid confusion with the standard engineering nomen-
clature, the definition in Equation 15 may be called the
normalized autocovariance, the correlation coefficient
function, or still the autocorrelation coefficient. In the
text that follows, preference is given to the term normal-
ized autocovariance.

2.3. Basic Properties

From their definitions, the autocorrelation and autoco-
variance (normalized or not) are even functions of the
time shift parameter, because, Xðtþ tÞ � XðtÞ ¼Xðt� tÞ �
XðtÞ and XðnþkÞ � XðnÞ¼Xðn� kÞ � XðnÞ for continuous-
and discrete-time processes respectively. The property is
indicated below only for the discrete-time case (for contin-
uous-time, replace k by t):

RxxðkÞ¼Rxxð�kÞ; ð16Þ

and

CxxðkÞ¼Cxxð�kÞ; ð17Þ

as well as for the normalized autocovariance:

rxxðkÞ¼ rxxð�kÞ: ð18Þ

Three important inequalities may be derived (10) for
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both continuous-time and discrete-time random processes.
Only the result for the discrete-time case is shown below
(for continuous-time, replace k by t):

jRxxðkÞj � Rxxð0Þ¼ s2
x þ m2

x 8k 2 Z ð19Þ

jCxxðkÞj � Cxxð0Þ¼ s2
x 8k 2 Z; ð20Þ

and

jrxxðkÞj � 1 8k 2 Z; ð21Þ

with rxxð0Þ¼ 1.
These relations say that the maximum of either the

autocorrelation or autocovariance occurs at lag 0.
Any discrete-time ergodic random process without a

periodic component will satisfy the following limits:

lim
jkj!1

RxxðkÞ¼ m2
x ð22Þ

and

lim
jkj!1

CxxðkÞ¼ 0 ð23Þ

and similarly for continuous-time processes by changing k
for t. These relations mean that two random variables de-
fined in X(n) at two different times n1 and n1þ k will tend
to be uncorrelated as they are farther apart (i.e., the
‘‘memory’’ decays when the time interval k increases).

A final, more subtle, property of the autocorrelation is
that it is positive semi-definite (10,14), expressed here
only for the discrete-time case:

X

K

i¼ 1

X

K

j¼ 1

aiajRxxðki � kjÞ � 0 for 8K 2 Zþ ; ð24Þ

where a1; a2; . . . ; aK are arbitrary real numbers and
k1; k2; . . . ; kK 2 Z are any set of discrete-time points. This
same result is valid for the autocovariance (normalized or
not). This property means that not all functions that sat-
isfy Equations 16 and 19 can be autocorrelation functions
of some random process, they also have to be positive
semi-definite.

2.4. Fourier Transform of the Autocorrelation

A very useful frequency-domain function related to the
correlation/covariance functions is the power spectrum Sxx

of the random process X (continuous or discrete-time), de-
fined as the Fourier transform of the autocorrelation func-
tion (10,15). For continuous time, we have

SxxðjoÞ¼Fourier transform ½RxxðtÞ�; ð25Þ

where the angular frequency o is in rad/s. The average
power Pxx of the random process X(t) is

Pxx¼
1

2p

Z 1

�1

SxxðjoÞdo¼Rxxð0Þ: ð26Þ

If the average power in a given frequency band ½o1;o2�

is needed, it can be computed by

Pxx½w1 ;w2 �
¼

1

p

Z o2

o1

SxxðjoÞdo: ð27Þ

For discrete time

Sxxðe
jOÞ¼Discrete timeFourier transform ½RxxðkÞ�; ð28Þ

where O is the normalized angular frequency given in rad
(O¼o � T, where T is the sampling interval). In Equation
28 the power spectrum is periodic in O, with a period equal
to 2p. The average power Pxx of the random process X(n) is

Pxx¼
1

2p

Z p

�p
Sxxðe

jOÞdO¼Rxxð0Þ: ð29Þ

Other common names for the power spectrum are power
spectral density and autospectrum. The power spectrum is
a real non-negative and even function of frequency (10,15),
which requires a positive semi-definite autocorrelation
function (10). Therefore, not all functions that satisfy
Equations 16 and 19 are valid autocorrelation functions
because the corresponding power spectrum could have
negative values for some frequency ranges, which is ab-
surd.

The power spectrum should be used instead of the au-
tocorrelation function in situations such as: (1) when the
objective is to study the bandwidth occupied by a random
signal, and (2) when one wants to discover if there are
several periodic signals masked by noise (for a single pe-
riodic signal masked by noise the autocorrelation may be
useful too).

2.5. White Noise

Continuous-time white noise is characterized by an auto-
covariance that is proportional to the Dirac impulse func-
tion:

CxxðtÞ¼C � dðtÞ; ð30Þ

where C is a positive constant and the Dirac impulse is
defined as

dðtÞ¼ 0 for tO0 ð31Þ

dðtÞ¼1 for t¼ 0; ð32Þ

and

Z 1

�1

dðtÞdt¼ 1: ð33Þ

The autocorrelation of continuous-time white noise is:

RxxðtÞ¼C � dðtÞþ m2
x ; ð34Þ

where mx is the mean of the process.
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From Equations 12 and 30 it follows that the variance
of the continuous-time white process is infinite (14), which
indicates that it is not physically realizable. From Equa-
tion 30 we conclude that, for any time shift value t, no
matter how small ðtO0Þ, the correlation coefficient be-
tween any value in X(t) and the value at Xðtþ tÞ would be
equal to zero, which is certainly impossible to satisfy in
practice because of the finite risetimes of the outputs of
any physical system. From Equation 25 it follows that the
power spectrum of continuous-time white noise (with
mx¼ 0) has a constant value equal to C at all frequencies.
The name white noise comes from an extension of the
concept of ‘‘white light,’’ which similarly has constant
power over the range of frequencies in the visible spec-
trum. White noise is non-realizable, because it would have
to be generated by a system with infinite bandwidth.

Engineering texts circumvent the difficulties with the
continuous-time white noise by defining a band-limited
white noise (3,13). The corresponding power spectral
density is constant up to very high frequencies ðocÞ, and
is zero elsewhere, which makes the variance finite. The
maximum spectral frequency oc is taken to be much
higher than the bandwidth of the system to which the
noise is applied. Therefore, in approximation, the power
spectrum is taken to be constant at all frequencies, the
autocovariance is a Dirac delta function, and yet a finite
variance is defined for the random process.

The utility of the concept of white noise develops when
it is applied at the input of a finite bandwidth system, be-
cause the corresponding output is a well-defined random
process with physical significance (see next section).

In discrete time, the white-noise process has an auto-
covariance proportional to the unit sample sequence:

CxxðkÞ¼C � dðkÞ; ð35Þ

where C is a finite positive real value, and

RxxðkÞ¼C � dðkÞþ m2
x ; ð36Þ

where dðkÞ¼ 1 for k¼0 and dðkÞ¼ 0 for k 6¼ 0. The discrete-
time white noise has a finite variance, s2¼C in Equation
35, is realizable and it may be synthesized by taking a se-
quence of independent random numbers from an arbitrary
probability distribution. Sequences that have independent
samples with identical probability distributions are usu-
ally called i.i.d. (independent identically distributed).
Computer-generated ‘‘random’’ (pseudo-random) se-
quences are usually very good approximations to a
white-noise discrete-time random signal, being usually
of zero mean and unit variance for a normal or Gaussian
distribution. To achieve desired values of C in Equation 35
and m2

x in Equation 36 one should multiply the (zero mean,
unit variance) values of the computer-generated white se-
quence by

ffiffiffiffi

C
p

and sum to each resulting value the con-
stant value mx.

3. AUTOCORRELATION OF THE OUTPUT OF A LINEAR
SYSTEM WITH RANDOM INPUT

In relation to the examples presented in Section 1, may
ask how may two random processes develop such differ-
ences in the autocorrelation as seen in Fig. 8. How may
one autocorrelation be monotonically decreasing (for in-
creasing positive t) while the other exhibits oscillations?
For this purpose it is important to study how the autocor-
relation of a signal changes when it is passed through a
time-invariant linear system.

If a continuous-time linear system has an impulse re-
sponse h(t) and a random process X(t) with an autocorre-
lation RxxðtÞ is applied at its input the resultant output y(t)
will have an autocorrelation given by the following convo-
lutions (10):

RyyðtÞ¼hðtÞ � hð�tÞ � RxxðtÞ: ð37Þ

Note that hðtÞ � hð�tÞ may be viewed as an autocorrela-
tion of hðtÞ with itself and, hence, is an even function.

Taking the Fourier transform of Equation 37, it is con-
cluded that the output power spectrum SyyðjoÞ is the ab-
solute value squared of the frequency response function
HðjoÞ times the input power spectrum SxxðjoÞ:

SyyðjoÞ¼ jHðjoÞj2 � SxxðjoÞ; ð38Þ

where HðjoÞ is the Fourier transform of h(t), SxxðjoÞ is the
Fourier transform of RxxðtÞ, and SyyðjoÞ is the Fourier
transform of RyyðtÞ.

The corresponding expressions for the autocorrelation
and power spectrum for the output signal from a discrete-
time system are (15)

RyyðkÞ¼hðkÞ � hð�kÞ � RxxðkÞ ð39Þ

and

Syyðe
jOÞ¼ jHðejOÞj2 � Sxxðe

jOÞ; ð40Þ

where h(k) is the impulse (or unit sample) response of the
system, HðejOÞ is the frequency response function of the
system, and Sxxðe

jOÞ and Syyðe
jOÞ are the discrete-time Fou-

rier transforms of RxxðkÞ and RyyðkÞ, respectively. Sxxðe
jOÞ

and Syyðe
jOÞ are the input and output power spectra, re-

spectively. As an example, suppose that
yðnÞ¼ ½xðnÞþ xðn� 1Þ�=2 is the difference equation that de-
fines a given system. This is an example of a finite impulse
response (FIR) system (16) with impulse response equal to
0.5 for n¼ 0;1 and 0 for other values of n. If the input is
discrete-time white noise with unit variance, then from
Equation 39 the output autocorrelation is a triangular se-
quence centered at k¼ 0, with amplitude 0.5 at k¼ 0, am-
plitude 0.25 at k¼ � 1 and 0 elsewhere.

If two new random processes are defined as U¼X � mx
and Q¼Y � my, it follows from the definitions of autocor-
relation and autocovariance that Ruu¼Cxx and Rqq¼Cyy.
Therefore, applying Equation 37 or Equation 39 to a sys-
tem with input U and output Y, similar expressions to
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Equations 37 and 39 are obtained relating the input and
output autocovariances, shown below only for the discrete-
time case:

CyyðkÞ¼hðkÞ � hð�kÞ � CxxðkÞ: ð41Þ

Furthermore, if U¼ ðX � mxÞ=sx and Q¼ ðY � myÞ=sy are
new random processes, we have Ruu¼ rxx and Rqq¼ ryy.
From Equations 37 or 39 similar relations between the
normalized autocovariance functions of the output and the
input of the linear system are obtained shown below only
for the discrete-time case (for the continuous-time, use t
instead of k):

ryyðkÞ¼hðkÞ � hð�kÞ � rxxðkÞ: ð42Þ

A monotonically decreasing autocorrelation or autoco-
variance may be obtained (e.g., Fig. 8a), when, for exam-
ple, a white noise is applied at the input of a system that
has a monotonically decreasing impulse response (e.g., of a
first-order system or a second-order overdamped system).
As an example, apply a zero-mean white noise to a system
that has an impulse response equal to e�at

‘

ðtÞ, where
‘

ðtÞ
is the Heaviside step function (

‘

ðtÞ¼ 1, t � 0 and
‘

ðtÞ¼ 0,
to0). From Equation 37 this system’s output random sig-
nal will have an autocorrelation that is

RyyðtÞ¼ e�at
a

ðtÞ � eat
a

ð�tÞ � dðtÞ¼
e�ajtj

8
: ð43Þ

This autocorrelation has its peak at t¼ 0 and decays
exponentially on both sides of the time shift axis, qualita-
tively following the shape seen in Fig. 8a. On the other
hand, an oscillatory autocorrelation or autocovariance, as
seen in Fig. 8b, may be obtained when the impulse re-
sponse h(t) is oscillatory, which may occur, for example, in
a second-order underdamped system that would have an
impulse response hðtÞ¼ e�at cosðo0tÞ

‘

ðtÞ.

4. CROSS-CORRELATION BETWEEN TWO STATIONARY
RANDOM PROCESSES

The cross-correlation is a very useful tool that investigate
the degree of association between two signals. The pre-
sentation up to now was developed for both the continu-
ous-time and discrete-time cases. From now on only the
expressions for the discrete-time case will be presented.

Two signals are often recorded in an experiment from
different parts of a system because an interest exists in
analyzing if they are associated with each other. This as-
sociation could develop from an anatomical coupling (e.g.,
two interconnected sites in the brain (17)) or a physiolog-
ical coupling between the two recorded signals (e.g., heart
rate variability and respiration (18)). On the other hand,
they could be independent because no anatomical and
physiological link exists between the two signals.

4.1. Basic Definitions

Two random processes X(n) and Y(n) are independent
when any set of random variables fXðn1Þ;Xðn2Þ; . . . ;XðnNÞg

taken from XðnÞ is independent of another set of random
variables fYðn01Þ;Yðn

0
2Þ; . . . ;Yðn

0
MÞg taken from YðnÞ. Note

that the time instants at which the random variables are
defined from each random process are taken arbitrarily, as
indicated by the set of integers ni, i¼ 1; 2; . . . ;N and n0i,
i¼ 1;2; . . . ;M, with N and M being arbitrary positive in-
tegers. This definition may be useful when conceptually it
is known beforehand that the two systems that generate
X(n) and Y(n) are totally uncoupled. However, in practice,
usually no a priori knowledge about the systems exists
and the objective is to discover if they are coupled, which
means that we want to study the possible association or
coupling of the two systems based on their respective out-
put signals x(n) and y(n). For this purpose, the definition of
independence is unfeasible to test in practice and one has
to rely on concepts of association based on second-order
moments.

In the same way as the correlation coefficient quantifies
the degree of linear association between two random vari-
ables, the cross-correlation and the cross-covariance quan-
tify the degree of linear association between two random
processes X(n) and Y(n). Their cross-correlation is defined
as:

RxyðkÞ¼E½Xðnþ kÞ � YðnÞ�; ð44Þ

and their cross-covariance as

CxyðkÞ¼E½ðXðnþ kÞ � mxÞ � ðYðnÞ � myÞ�

¼RxyðkÞ � mxmy:
ð45Þ

It should be noted that some books or papers define the
cross-correlation and cross-covariance as RxyðkÞ¼E½XðnÞ �
Yðnþ kÞ� and CxyðkÞ¼E½ðXðnÞ � mxÞ � ðYðnþ kÞ � myÞ�,
which are time-reversed versions of the definitions above
(Equations 44 and 45). The distinction is clearly important
when viewing a cross-correlation graph between two ex-
perimentally recorded signals x(n) and y(n), coming from
random processes X(n) and Y(n), respectively. A peak at a
positive time shift k according to one definition would ap-
pear at a negative time shift —k in the alternative defini-
tion. Therefore, when using a signal processing software
package or when reading a scientific text, the reader
should always verify how the cross-correlation was de-
fined. In Matlab (MathWorks, Inc.), a very popular soft-
ware tool for signal processing, the commands xcorr(x,y)
and xcov(x,y) use the same conventions as in Equations 44
and 45.

Similarly to what was said before for the autocorrela-
tion definitions, texts on time series analysis define cross-
correlation as the normalized cross-covariance:

rxyðkÞ ¼
CxyðkÞ

sxsy
¼E
ðXðnþkÞ � mxÞ

sx
�
ðYðnÞ � myÞ

sy

� �

ð46Þ
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where sx and sy are the standard deviations of the two
random processes X(n) and Y(n), respectively.

4.2. Basic Properties

As Xðnþ kÞ � YðnÞ is in general different from
�½Xðn� kÞ � YðnÞ�, the cross-correlation has a more subtle
symmetry property than the autocorrelation

RxyðkÞ¼Ryxð�kÞ¼E½Yðn� kÞ � XðnÞ�: ð47Þ

It should be noted that the time argument in Ryxð�kÞ is
negative and the order xy is changed to yx. For the cross-
covariance, a similar symmetry relation applies:

CxyðkÞ¼Cyxð�kÞ ð48Þ

and

rxyðkÞ ¼ryxð�kÞ: ð49Þ

For the autocorrelation and autocovariance, the peak
occurs at the origin, as given by the properties in Equa-
tions 19 and 20. However, for the crossed moments, the
peak may occur at any time shift value, with the following
inequalities being valid:

jRxyðkÞj �
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

Rxxð0ÞRyyð0Þ
p

ð50Þ

jCxyðkÞj � sxsy ð51Þ

jrxyðkÞj � 1: ð52Þ

Finally, two discrete-time ergodic random processes
X(n) and Y(n) without a periodic component will satisfy
the following:

lim
jkj!1

RxyðkÞ¼mxmy ð53Þ

and

lim
jkj!1

CxyðkÞ¼ 0; ð54Þ

with similar results being valid for continuous time. These
limit results mean that the ‘‘effect’’ of a random variable
taken from process X on a random variable taken from
process Y decreases as the two random variables are taken
farther apart. In the limit they become uncorrelated.

4.3. Independent and Uncorrelated Random Processes

When two random processes X(n) and Y(n) are indepen-
dent, their cross-covariance is always equal to 0 for any
time shift, and hence the cross-correlation is equal to the
product of the two means:

CxyðkÞ¼ 0 8k ð55Þ

and

RxyðkÞ¼ mxmy 8k: ð56Þ

Two random processes that satisfy the two expressions
above are called uncorrelated (10,15) whether they are
independent or not. In practical applications, one usually
has no way to test for the independence of two general
random processes, but it is feasible to test if they are cor-
related or not. Note that the term uncorrelated may be
misleading because the cross-correlation itself is not zero
(unless one of the mean values is zero, when the processes
are called orthogonal), but the cross-covariance is.

Two independent random processes are always uncor-
related, but the reverse is not necessarily true. Two ran-
dom processes may be uncorrelated (i.e., have zero cross-
covariance) but still be statistically dependent, because
other probabilistic quantifiers (e.g., higher-order central
moments (third, fourth, etc.)), will not be zero. However,
for Gaussian (or normal) random processes, a one-to-one
correspondence exists between independence and uncor-
relatedness (10). This special property is valid for Gauss-
ian random processes because they are specified entirely
by the mean and second moments (autocovariance func-
tion for a single random process and cross-covariance for
the joint distribution of two random processes).

4.4. Simple Model of Delayed and Amplitude-Scaled Random
Signal

In some biomedical applications, the objective is to esti-
mate the delay between two random signals. For example,
the signals may be the arterial pressure and cerebral
blood flow velocity for the study of cerebral autoregula-
tion, or EMGs from different muscles for the study of
tremor (19). The simplest model relating the two signals is
yðnÞ¼ a � xðn� LÞ where a 2 R, and L 2 Z, which means
that y is an amplitude-scaled and delayed (for L > 0) ver-
sion of x. From Equation 46 rxyðkÞ will have either a max-
imum peak equal to 1 (if a > 0) or a trough equal to �1 (if
ao0) located at time shift k¼ � L. Hence, peak location in
the time axis of the cross-covariance (or cross-correlation)
indicates the delay value.

A slightly more realistic model in practical applications
assumes that one signal is a delayed and scaled version of
another but with an extraneous additive noise:

yðnÞ¼ axðn� LÞþwðnÞ: ð57Þ

In this model, w(n) is a random signal caused by exter-
nal interference noise or intrinsic biological noise that
cannot be controlled or measured. Usually, one can as-
sume that x(n) and w(n) are signals from uncorrelated or
independent random processes X(n) and W(n). Let us de-
termine rxyðkÞ assuming access to X(n) and Y(n). From
Equation 45,

CxyðkÞ ¼E½ðXðnþ kÞ � mxÞ � ðaðXðn� LÞ � mxÞ�

þE½ðXðnþ kÞ � mxÞ � ðWðnÞ � mwÞ�
; ð58Þ
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but the last term is zero because X(n) and W(n) are un-
correlated. Hence,

CxyðkÞ¼ aCxxðkþLÞ: ð59Þ

As CxxðkþLÞ attains its peak value when k¼ � L (i.e.,
when the argument ðkþLÞ is zero) this provides a very
practical method to estimate the delay between two ran-
dom signals: Find the time-shift value where the cross-co-
variance has a clear peak. If an additional objective is to
estimate the amplitude-scaling parameter a, it may be
achieved by dividing the peak value of the cross-covari-
ance by s2

x (see Equation 59).
Additionally, from Equations 46 and 59:

rxyðkÞ¼
aCxxðkþLÞ

sxsy
: ð60Þ

The value of sy ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffi

CyyðoÞ
p� �

will be determined from
Equation 57 we have

Cyyð0Þ¼E½aðXðn� LÞ � mxÞ � aðXðn� LÞ � mxÞ�

þE½ðWðnÞ � mwÞ � ðWðnÞ � mwÞ�;
ð61Þ

where again we used the fact that X(n) and W(n) are un-
correlated. Therefore,

Cyyð0Þ¼ a2Cxxð0ÞþCwwð0Þ¼ a2s2
x þ s2

w; ð62Þ

and therefore

rxyðkÞ¼
aCxxðkþLÞ

sx
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

a2s2
x þ s2

w

p : ð63Þ

When k¼ � L, CxxðkþLÞ will reach its peak value equal
to s2

x, which means that rxyðkÞ will have a peak at k¼ � L
equal to

rxyð�LÞ¼
asx

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

a2s2
x þs2

w

p ¼
a
jaj

1
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1þ
s2
w

a2s2
x

q

:
ð64Þ

Equation 64 is consistent with the case in which no
noise W(n) ðs2

w¼ 0Þ exists because the peak in rxyðkÞ will
equal þ1 or �1, if a is positive or negative, respectively.
From Equation 64, when the noise variance s2

w increases,
the peak in rxyðkÞ will decrease in absolute value, but will
still occur at time shift k¼ � L. Within the context of this
example, another way of interpreting the peak value in
the normalized cross-covariance rxyðkÞ is by asking what
fraction Gx!y of Y is caused by X in Equation 57, meaning
the ratio of the standard deviation of the term aX(n�L) to
the total standard deviation in Y(n):

Gx!y¼
jajsx
sy

: ð65Þ

From Equation 60

rxyð�LÞ ¼
asx
sy

; ð66Þ

and from Equations 65 and 66 it is concluded that the
peak size (absolute peak value) in the normalized cross-
covariance indicates the fraction of Y caused by the ran-
dom process X:

jrxyð�LÞj ¼Gx!y; ð67Þ

which means that when the deleterious effect of the noise
W increases (i.e., when its variance increases), the contri-
bution of X to Y decreases, which by Equations 64 and 67
is reflected in a decrease in the size of the peak in rxyðkÞ.

The derivation given above showed that the peak in the
cross-covariance gives an estimate of the delay between
two random signals linked by the model given by Equation
57 and that the amplitude-scaling parameter may also be
estimated.

5. CROSS-CORRELATION BETWEEN THE RANDOM INPUT
AND OUTPUT OF A LINEAR SYSTEM

If a discrete-time linear system has an impulse response
h(n) and a random process X(n) with an autocorrelation
Rxx(k) is applied at its input, the cross-correlation between
the input and the output processes will be (15):

RxyðkÞ ¼hð�kÞ � RxxðkÞ; ð68Þ

and if the input is white the result becomes RxyðkÞ¼hð�kÞ.
The Fourier Transform of RxyðkÞ is the cross power

spectrum Sxyðe
jOÞ and from Equation 68 and the proper-

ties of the Fourier transform an important relation is
found:

Sxyðe
jOÞ¼H�ðejOÞ � Sxxðe

jOÞ: ð69Þ

The results in Equations 68 and 69 are frequently used
in biological system identification, whenever the system
linearity may hold. In particular, if the input signal is
white, one gets an estimate of Rxy(k) from the measure-
ment of the input and output signals. Thereafter, following
Equation 68 the only thing to do is invert the time axis
(what is negative becomes positive, and vice-versa) to get
an estimate of the impulse response h(k). In the case of
nonwhite input, it is better to use Equation 69 to obtain an
estimate of HðejOÞ by dividing S�xyðe

jOÞ by Sxxðe
jOÞ (4,21) and

then obtain the estimated impulse response by inverse
Fourier transform.

5.1. Common Input

Let us assume that signals x and y, recorded from two
points in a given biological system, are used to compute an
estimate of Rxy(k). Let us also assume that a clear peak
appears around k¼ � 10. One interpretation would be
that signal x ‘‘caused’’ signal y, with an average delay of 10,
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because signal x passed through some (yet unknown) sub-
system to generate signal y, and Rxy(k) would follow from
Equation 68. However, in biological systems, one notable
example being the nervous system, one should never dis-
card the possibility of a common source exerting effects on
two subsystems whose outputs are the measured signals x
and y. This situation is depicted in Fig. 9a, where the
common input is a random process U that is applied at the
inputs of two subsystems, with impulse responses h1 and
h2. In many cases, only the outputs of each of the subsys-
tems X and Y (Fig. 9a) can be recorded, and all the ana-
lyses are based on their relationships. Working in discrete
time, the cross-correlation between the two output ran-
dom processes may be written as a function of the two
impulse responses as

RxyðkÞ¼h1ðkÞ � h2ð�kÞ � RuuðkÞ; ð70Þ

which is simplified if the common input is white:

RxyðkÞ¼h1ðkÞ � h2ð�kÞ: ð71Þ

Figure 9b shows an example of a cross-correlation of
the outputs of two linear systems that had the same ran-
dom signal applied to their inputs. Without prior infor-

mation (e.g., on the possible existence of a common input)
or additional knowledge (e.g., of the impulse response of
one of the systems and Ruu(k)) it would certainly be diffi-
cult to interpret such a cross-correlation.

An example from the biomedical field shall illustrate a
case where the existence of a common random input was
hypothesized based on empirically obtained cross-covari-
ances. The experiments consisted of evoking spinal cord
reflexes bilaterally and simultaneously in the legs of each
subject, as depicted in Fig. 10. A single electrical stimulus,
applied to the right or left leg, would fire an action poten-
tial in some of the sensory nerve fibers situated under the
stimulating electrodes (st in Fig. 10). The action potentials
would travel to the spinal cord (indicated by the upward
arrows) and activate a set of motoneurons (represented by
circles in a box). The axons of these motoneurons would
conduct action potentials to a leg muscle, indicated by
downward arrows in Fig. 10. The recorded waveform from
the muscle (shown either to the left or right of Fig. 10) is
the so-called H reflex. Its peak-to-peak amplitude is of in-
terest, being indicated as x for the left leg reflex waveform
and y for the right leg waveform in Fig. 10. The experi-
mental setup included two stimulators (indicated as st in
Fig. 10) that applied simultaneous trains of 500 rectan-
gular electrical stimuli at 1 per second to the two legs. If
the stimulus pulses in the trains are numbered as n¼ 0,
n¼ 1; . . . ;n¼N � 1 (the authors used N¼500), the re-
spective sequences of H reflex amplitudes recorded on
each side will be xð0Þ; xð1Þ; . . . ; xðN � 1Þ and
yð0Þ; yð1Þ; . . . ; yðN � 1Þ, as depicted in the inset at the lower
right side of Fig. 10. The two sequences of reflex ampli-
tudes were analyzed by the cross-covariance function (22).

Each reflex peak-to-peak amplitude depends on the up-
coming sensory activity discharged by each stimulus and
also on random inputs from the spinal cord that act on the
motoneurons. In Fig. 10, a ‘‘U?’’ indicates a hypothesized
common input random signal that would modulate syn-
chronously the reflexes from the two sides of the spinal
cord. The peak-to-peak amplitudes of the right- and left-
side H reflexes to a train of 500 bilateral stimuli were
measured in real time and stored as discrete-time signals
x and y. Initial experiments had shown that a unilateral
stimulus only affected the same side of the spinal cord.
This finding meant that any statistically significant peak
in the cross-covariance of x and y could be attributed to a
common input. The first 10 reflex amplitudes in each sig-
nal were discarded to avoid the transient (nonstationarity)
that occurs at the start of the stimulation.

Data from a subject are shown in Fig. 11, the first 51 H-
reflex amplitude values shown in Fig. 11a for the right leg,
and the corresponding simultaneous H reflex amplitudes
in Fig. 11b for the left leg (R. A. Mezzarane and A. F. Kohn,
unpublished data). In both, a horizontal line shows the
respective mean value computed from all the 490 samples
of each signal. A simple visual analysis of the data prob-
ably tells us close to nothing about how the reflex ampli-
tudes vary and if the two sides fluctuate together to some
degree. Such quantitative questions may be answered by
the autocovariance and cross-covariance functions. The
normalized autocovariances of the right- and left-leg H-
reflex amplitudes, computed according to Equation 15, are

(b)
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Figure 9. (a) Schematic of a common input U to two linear sys-
tems with impulse responses h1 and h2, the first generating the
output X and the second the output Y. (b) Cross-correlation be-
tween the two outputs X and Y of a computer simulation of the
schematic in (a). The cross-correlation samples were joined by
straight lines to improve the visualization. Without additional
knowledge, this cross-correlation could have come from a system
with input X and output Y or from two systems with a common
input, as was the case here.
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shown in Fig. 12a and 12b, respectively. The value at time
shift 0 is 1, as expected from the normalization. Both au-
tocovariances show that for small time shifts, some degree
of correlation exists between the samples because the au-
tocovariance values are above the upper level of a 95%
confidence interval shown in Fig. 12 (see subsection 6.3).
This fact supports the hypothesis that randomly varying
neural inputs exists in the spinal cord that modulate the
excitability of the reflex circuits. As the autocovariance in
Fig. 12b decays much slower than that in Fig. 12a, it sug-
gests that the two sides receive different randomly varying
inputs. The normalized cross-covariance, computed ac-
cording to Equation 46, is seen in Fig. 13. Many cross-co-
variance samples around k¼ 0 are above the upper level of
a 95% confidence interval (see subsection 6.3), which sug-
gests a considerable degree of correlation between the re-
flex amplitudes recorded from both legs of the subject. The
decay on both sides of the cross-covariance in Fig. 13 could
be because of the autocovariances of the two signals (see
Fig. 12), but this issue will only be treated later. Results
such as those in Fig. 13, also found in other subjects (22),
suggested the existence of common inputs acting on sets of
motoneurons at both sides of the spinal cord. However, as
the peak of the cross-covariance was lower than 1 and as
the autocovariances were different bilaterally, it can be
stated that each side receives common sources to both
sides plus random inputs that are uncorrelated with the
other side’s inputs. Experiments in cats are being pur-
sued, with the help of the cross-covariance analysis, to
unravel the neural sources of the random inputs found to
act bilaterally in the spinal cord (23).

Spinal
cord

st

X Y

U?

1 20

x(0)

y(0)

x(1)

y(1)

x(2)

y(2)

st

st

+ +

−−
Figure 10. Experimental setup to elicit and record
bilateral reflexes in human legs. Each stimulus ap-
plied at the points marked st causes upward-prop-
agating action potentials that activate a certain
number of motoneurons (circles in a box). A hypoth-
esized common random input to both sides is indi-
cated by ‘‘U?’’. The reflex responses travel down the
nerves located on each leg and cause each calf mus-
cle to fire a compound action potential, which is the
so-called H reflex. The amplitudes x and y of the re-
flexes on each side are measured for each stimulus.
Actually, a bilateral train of 500 stimuli is applied
and the corresponding reflex amplitudes x(n) and
y(n) are measured, for n¼0;1; . . . ; 499, as sketched
in the inset in the lower corner. Later, the two sets of
reflex amplitudes are analyzed by auto and cross-
covariance.
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Figure 11. The first 51 samples of two time series y(n) and x(n)
representing the simultaneously-measured H-reflex amplitudes
from the right (a) and left (b) legs in a subject. The horizontal lines
indicate the mean values of each complete series. The stimulation
rate was 1 Hz. Ordinates are in mV.
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6. ESTIMATION AND HYPOTHESIS TESTING FOR
AUTOCORRELATION AND CROSS-CORRELATION

This section will focus solely on discrete-time random sig-
nals because, today, the signal processing techniques are
almost all realized in discrete-time in very fast computers.

If a priori knowledge about the stationarity of the ran-
dom process does not exist a test should be applied for
stationarity (4). If a trend of no physiological interest is
discovered in the data, it may be removed by linear or
nonlinear regression. After a stationary signal is obtained,
then the problem is to estimate first and second moments.

Let us assume a stationary signal x(n) is known for
n¼ 0; 1; . . . ;N � 1. Any estimate YðxðnÞÞ based on this sig-
nal would have to present some desirable properties, de-
rived from its corresponding estimator YðXðnÞÞ, such as
unbiasedness and consistency (15). Note that an estimate
is a particular value (or a set of values) of the estimator
when a given sample function x(n) is used instead of the
whole process X(n) (which is what happens in practice).
For an unbiased estimator YðXðnÞÞ, its expected value is
equal to the actual value being estimated y:

E½YðXðnÞÞ� ¼ y: ð72Þ

For example, in the estimation of the mean mx of the
process X(n) using �x (Equation 2), the unbiasedness means
that the expected value of the estimator has to equal mx. It
is easy to show that the finite average
½Xð0ÞþXð1Þ þ � � � þXðN � 1Þ�=N of a stationary process
is an unbiased estimator of the expected value of the pro-
cess:

E½YðXðnÞÞ� ¼E
1

N

X

N�1

n¼ 0

XðnÞ

" #

¼
1

N

X

N�1

n¼ 0

E½XðnÞ�

¼
1

N

X

N�1

n¼ 0

mx¼ mx:

ð73Þ

If a given estimator is unbiased, it still does not assure
its usefulness, because if its variance is high it means that
for a given signal x(n) - a single sample function of the
process X(n) - the value of YðxðnÞÞ may be quite far from
the actual value y. Therefore, a desirable property of an
unbiased estimator is that its variance tends to 0 as the
number of samples N tends to 1, a property called con-
sistency:

s2
Y¼E½ðYðXðnÞÞ � yÞ2� !

N!1
0: ð74Þ

Returning to the unbiased mean estimator (Equation 2),
let us check its consistency:

s2
Y¼E½ðYðXðnÞÞ � mxÞ

2
�

¼E
1

N

X

N�1

n¼ 0

ðXðnÞ � mxÞ

 !2
2

4

3

5;
ð75Þ
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Figure 13. Cross-covariance between the two signals with 490
bilateral reflexes shown partially in Fig 11. Only the time shifts
near the origin are shown here because they are the most reliable.
The two horizontal lines represent a 95% confidence interval.
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Figure 12. The respective autocovariances of the signals shown
in Fig. 11. The autocovariance in (a) decays faster than that in (b).
The two horizontal lines represent a 95% confidence interval.
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which, after some manipulations (15), gives:

s2
Y¼

1

N

X

N�1

k¼�Nþ 1

1�
jkj

N

� 	

� CxxðkÞ: ð76Þ

From Equation 23 it is concluded that the mean esti-
mator is consistent. It is interesting to observe that the
variance of the mean estimator depends on the autocovari-
ance of the signal and not only on the number of samples,
which is because of the statistical dependence between the
samples of the signal, quite contrary to what happens in
conventional statistics, where the samples are i.i.d..

6.1. Estimation of Autocorrelation and Autocovariance

Which estimator should be used for the autocorrelation of
a process X(n)? Two slightly different estimators will be
presented and their properties verified. Both are much
used in practice and are part of the options of the Matlab
command xcorr.

The first estimator will be called the unbiased autocor-
relation estimator and defined as

R̂xx;uðkÞ ¼
1

N � jkj

X

N�1�jkj

n¼ 0

Xðnþ jkjÞXðnÞ;

jkj � N � 1:

ð77Þ

The basic operations are sample-to-sample multiplica-
tions of two time-shifted versions of the process and arith-
metic average of the resulting samples, which seems to be
a reasonable approximation to Equation 13. To confirm
that this estimator is indeed unbiased, its expected value
shall be determined:

E½R̂xx;uðkÞ� ¼
1

N � jkj

X

N�1�jkj

n¼ 0

E½Xðnþ jkjÞXðnÞ�;

jkj � N � 1;

ð78Þ

and from Equations 13 and 16 it can be concluded that the
estimator is indeed unbiased (i.e., E½R̂xx;uðkÞ� ¼RxxðkÞ). It is
more difficult to verify consistency, and the reader is re-
ferred to Therrien (15). For a Gaussian process X(n), it can
be shown that the variance indeed tends to 0 for N !1,
which is a good approximation for more general random
processes. Therefore, Equation 77 gives us a consistent
estimator of the autocorrelation. When applying Equation
77 in practice, the available signal x(n), n¼ 0; 1; . . . ;N � 1,
is used instead of X(n) giving a sequence of 2N � 1 values
R̂xx;uðkÞ.

The unbiased autocovariance estimator is similarly de-
fined as

Ĉxx;uðkÞ¼
1

N � jkj

X

N�1�jkj

n¼ 0

ðXðnþ jkjÞ � �xÞ � ðXðnÞ � �xÞ;

jkj � N � 1;

ð79Þ

where �x is given by Equation 2. Similarly, Ĉxx;uðkÞ is a
consistent estimator of the autocovariance.

Nevertheless, one of the problems with these two esti-
mators defined in Equations 77 and 79 is that they may
not obey Equations 19, 20 or the positive semi-definite
property (14,15).

Therefore, other estimators are defined, such as the bi-
ased autocorrelation and autocovariance estimators
R̂xx;bðkÞ and Ĉxx;bðkÞ

R̂xx;bðkÞ¼
1

N

X

N�1�jkj

n¼0

ðXðnþ jkjÞXðnÞ; jkj � N � 1 ð80Þ

and

Ĉxx;bðkÞ¼
1

N

X

N�1�jkj

n¼ 0

ðXðnþ jkjÞ � �xÞ � ðXðnÞ � �xÞ;

jkj � N � 1:

ð81Þ

The only difference between Equations 77 and 80, or
Equations 79 and 81 is the denominator, which means
that R̂xx;bðkÞ and Ĉxx;bðkÞ are biased estimators. The zero
padding used in the time-shifted versions of signal x(n) in
Fig. 4b–d may be interpreted as the cause of the bias of the
estimators in Equations 80 and 81 as the zero samples do
not contribute to the computations in the sum but are
counted in the denominator N. The bias is defined as the
expected value of an estimator minus the actual value,
and for these two biased estimators the expressions are:

Bias½R̂xx;bðkÞ� ¼ �
jkj

N
RxxðkÞ; jkj � N � 1 ð82Þ

and

Bias½Ĉxx;bðkÞ� ¼ �
jkj

N
CxxðkÞ; jkj � N � 1: ð83Þ

Nevertheless, when N!1, the expected values of
R̂xx;bðkÞ and Ĉxx;bðkÞ equal the theoretical autocorrelation
and autocovariance (i.e., the estimators are asymptotically
unbiased). Their consistency follows from the consistency
of the unbiased estimators. Besides these desirable prop-
erties, it can be shown that these two estimators obey
Equations 19 and 20 and are always positive semi-definite
(14,15).

The question is then, which of the two estimators, the
unbiased or the biased, should be choosen? Usually, that
choice is less critical than the choice of the maximum
value of k used in the computation of the autocorrelation
or autocovariance. Indeed, for large k the errors when us-
ing Equations 80 and 81 are large because of the bias, as
seen from Equations 82 and 83, whereas the errors asso-
ciated with Equations 77 and 79 are large because of the
variance of the estimates, caused by the small value of the
denominator N � jkj in the formulas. Therefore, the user
should try to limit the values of jkj to as low a value as
appropriate for the application, for example, jkj � N=10 or
jkj � N=4, because near k¼ 0 the estimates have the high-
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est reliability. On the other hand, if the estimated auto-
correlation or autocovariance will be Fourier-transformed
to provide an estimate of a power spectrum, then the bi-
ased autocorrelation or autocovariance estimators should
be chosen to assure a non-negative power spectrum.

For completeness purposes, the normalized autocovari-
ance estimators are given below. The unbiased estimator
is:

r̂xx;uðkÞ¼
Ĉxx;uðkÞ

Ĉxx;uð0Þ
; jkj � N � 1; ð84Þ

where r̂xx;uð0Þ¼ 1. An alternative expression should be
employed if the user computes first Ĉxx;uðkÞ and then di-
vides it by the variance estimate ŝ2

x, which is usually the
unbiased estimate in most computer packages:

r̂xx;uðkÞ¼
N

N � 1

� 	

Ĉxx;uðkÞ

ŝ2
x

; jkj � N � 1: ð85Þ

Finally, the biased normalized autocovariance estimator
is:

r̂xx;bðkÞ¼
Ĉxx;bðkÞ

Ĉxx;bð0Þ
; jkj � N � 1: ð86Þ

Assuming the available signal x(n) has N samples, all
the autocorrelation or autocovariance estimators pre-
sented above will have 2N � 1 samples.

An example of the use of Equation 84 was already pre-
sented in subsection 5.1. The two signals, right- and left-
leg H-reflex amplitudes, had N¼ 490 samples, but the un-
biased normalized autocovariances shown in Fig. 12 were
only shown for jkj � 20. However, the values at the two
extremes k¼ � 489 (not shown) surpassed 1, which is
meaningless. As mentioned before, the values for time
shifts far away from the origin should not be used for in-
terpretation purposes. A more involved way of computing
the normalized autocovariance that assures values within
the range ½�1; 1� for all k can be found on page 331 of
Priestley’s text (14).

From a computational point of view, it is usually not
recommended to compute directly any of the estimators
given in this subsection, except for small N. As the auto-
correlation or autocovariance estimators are basically the
discrete-time convolutions of x(n) with xð�nÞ, the compu-
tations can be done very efficiently in the frequency do-
main using an FFT algorithm (16), with the usual care of
zero padding to convert a circular convolution to a linear
convolution. Of course, for the user of scientific packages
such as Matlab, this problem does not exist because each
command, such as xcorr and xcov, is already implemented
in a computationally efficient way.

6.2. Estimation of Cross-Correlation and Cross-Covariance

The concepts involved in the estimation of the cross-cor-
relation or the cross-covariance are analogous to those of
the autocorrelation and autocovariance presented in the
previous section. An important difference, however, is that

the cross-correlation and cross-covariance do not have
even symmetry. The expressions for the unbiased and bi-
ased estimators of cross-correlation given below are in a
form appropriate for signals x(n) and y(n), both defined for
n¼ 0; 1; . . . ;N � 1. The unbiased estimator is

R̂xy;uðkÞ ¼

1
N�jkj

PN�1�jkj
n¼ 0 Xðnþ kÞYðnÞ; 0 � k � N � 1

1
N�jkj

PN�1�jkj
n¼ 0 XðnÞYðnþ jkjÞ; �ðN � 1Þ � ko0;

8

<

:

ð87Þ

and the biased estimator is

R̂xy;bðkÞ¼

1
N

PN�1�jkj
n¼ 0 Xðnþ kÞYðnÞ; 0 � k � N � 1

1
Nj

PN�1�jkj
n¼ 0 XðnÞYðnþ jkjÞ; �ðN � 1Þ � ko0:

8

<

:

ð88Þ

In the definitions above, R̂xy;uðkÞ and R̂xy;bðkÞ will have
2N � 1 samples. Both expressions could be made more
general by having x(n) with N samples and y(n) with M
samples ðM 6¼ NÞ, resulting in a cross-correlation with
NþM � 1 samples, with k in the range ½�N;M�. However,
the reader should be cautioned that the outputs of algo-
rithms that were initially designed for equal-sized signals
may require some care. A suggestion is to check the out-
puts with simple artificially generated signals for which
the cross-correlation is easily determined or known.

The corresponding definitions of the unbiased and bi-
ased estimators of the cross-covariance, for two signals
with N samples each, are

Ĉxy;uðkÞ¼

1
N�jkj

PN�1�jkj
n¼ 0 ðXðnþ kÞ � �xÞðYðnÞ � �yÞ;

0 � k � N � 1

1
N�jkj

PN�1�jkj
n¼ 0 ðXðnÞ � �xÞðYðnþ jkjÞ � �yÞ;

�ðN � 1Þ � ko0

8

>

>

>

>

>

<

>

>

>

>

>

:

ð89Þ

and

Ĉxy;bðkÞ¼

1
N

PN�1�jkj
n¼ 0 ðXðnþ kÞ � �xÞðYðnÞ � �yÞ;

0 � k � N � 1

1
N

PN�1�jkj
n¼ 0 ðXðnÞ � �xÞðYðnþ jkjÞ � �yÞ;

�ðN � 1Þ � ko0

8

>

>

>

>

>

<

>

>

>

>

>

:

; ð90Þ

where �x and �y are the means of the two processes X(n) and
Y(n). The normalized cross-covariance estimators are
given below with the 	 meaning either b or u (i.e., biased
or unbiased versions):

r̂xy;	ðkÞ¼
Ĉxy;	ðkÞ

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

Ĉxx;	ð0Þ � Ĉyy;	ð0Þ
q : ð91Þ

If the user first computes Ĉxy;uðkÞ and then divides this
result by the product of the standard deviation estimates,
the factor N=ðN � 1Þ should be used in case the computer
package calculates the unbiased variance (standard devi-
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ation) estimates

r̂xy;uðkÞ¼
N

N � 1

� 	

Ĉxy;uðkÞ

ŝxŝy
; ð92Þ

which may be useful, for example, when using the Matlab
command xcov, because none of its options include the di-
rect computation of an unbiased and normalized cross-co-
variance between two signals x and y. The Equation 92 in
Matlab would be written as:

r̂xy;uðkÞ¼ xcovðx; y;unbiased’Þ

�N=ððN � 1Þ � stdðxÞ � stdðyÞÞ:
ð93Þ

Note that Matlab will give r̂xy;uðkÞ (or other alternatives
of cross-covariance or cross-correlation) as a vector with
2N � 1 elements when the two signals x and y have N
samples (e.g., with 979 points if N¼ 490). For plotting the
cross-covariance or cross-correlation computed by a soft-
ware package, the user may create the time shift axis k by
k¼ � ðN � 1Þ : ðN � 1Þ to assure the correct position of the
zero time shift value in the graph. In Matlab, the values of
k are computed automatically if the user makes [C,k]¼
xcov(x,y,‘unbiased’). If the sampling frequency fs is known
and the time shift axis should reflect continuous time cal-
ibration, then vector k should be divided by fs.

The Equation 93 was employed to generate Fig. 13,
which is the normalized unbiased estimate of the cross-
covariance between the reflex amplitudes of the right and
left legs of a subject, as described before.

Similarly to what was said previously for the autocor-
relation and autocovariance, in practical applications only
the cross-covariance (or cross-correlation) samples nearer
to the origin k¼ 0 should be used for interpretation pur-
poses. This is so because of the increase in variance or bias
in the unbiased or biased cross-covariance or cross-corre-
lation estimates at large values of jkj.

6.3. Hypothesis Testing

One basic question when analyzing a given signal x(n) is if
it is white (i.e., if its autocovariance satisfies Equation 35).
The problem in practical applications is that the autoco-
variance computed from a sample function of a white-
noise process will be nonzero for k 6¼ 0, contrary to what
would be expected for a white signal. This problem is typ-
ical in statistics, and it may be shown that a 95% confi-
dence interval for testing the whiteness of a signal with N
samples is given by the bounds �1:96=

ffiffiffiffiffi

N
p

(11) when ei-
ther of the normalized autocovariance estimators is used
(Equation 86, or Equation 84) for k{N. This bound comes
from the fact that each autocovariance sample is asymp-
totically normal or Gaussian with zero mean and unit
variance, and hence the range 71.96 corresponds to a
probability of 0.95.

When two signals are measured from an experiment,
the first question usually is if the two have some correla-
tion or not. If they are independent or uncorrelated, the-
oretically their cross-covariance is zero for all values of k.
Again, in practice, this result is untenable as is exempli-

fied in Fig. 14, which shows the normalized cross-covari-
ance of two independently generated random signals x(n)
and y(n). Each computer-simulated signal, x(n) and y(n),
had N¼ 1000 samples and was generated by filtering pro-
cedures applied to two independent sets of normally dis-
tributed random samples. It can be shown (11) that under
the hypothesis that two random signals are white, a 95%
confidence interval for testing their uncorrelatedness is
given by �1:96=

ffiffiffiffiffi

N
p

when the normalized cross-covariance
formula Equation 91 is used, either for the biased case or
for the unbiased case if k{N. This confidence interval is
drawn in Fig. 14, even without knowing beforehand if the
signals are indeed white. Several peaks in the cross-co-
variance oscillations are clearly outside the confidence in-
terval, which could initially be interpreted as a statistical
dependence between the two signals. However, this cannot
be true because they were generated independently. The
problem with this apparent paradox is that the cross-co-
variance is also under the influence of each signal’s auto-
covariance.

One approach to the problem of testing the hypothesis
of independence of two arbitrary (nonwhite) signals is the
whitening of both signals before computing the cross-co-
variance (11). After the whitening, the �1:96=

ffiffiffiffiffi

N
p

confi-
dence interval can be used. The whitening filters most
used in practice are inverse filters based either on auto-
regressive (AR) or autoregressive moving average (ARMA)
models. In the present example, two AR models shall be
obtained for each of the signals, first determining the or-
der by the Akaike information criterion (24) and then es-
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Figure 14. Cross-covariance of two signals x(n) and y(n), which
were generated independently, with 1000 samples each. The
cross-covariance shows oscillations above and below a 95% confi-
dence interval indicated by the two horizontal lines, which would
suggest a correlation between the two signals. However, this con-
clusion is false because they were generated independently.
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timating the AR models by the Burg method (25,26). Each
inverse filter is simply a moving average (MA) system
with coefficients equal to those of the denominator of the
transfer function of the respective all-pole estimated AR
model. Figure 15a shows the autocovariance of signal x(n),
which clearly indicates that x(n) is nonwhite, because
most samples at k 6¼ 0 are outside the confidence interval.
As N¼ 1000, the confidence interval is 76.2 
 10�2,
which was drawn in Fig. 15a and 15b as two horizontal
lines. Figure 15b shows the autocovariance of the signal
xo(n) at the output of the respective inverse filter that has
x(n) at its input. Similarly, Fig. 16a shows the autocovari-
ance of signal y(n) and Fig. 16b the autocovariance of the
output yo(n) of the corresponding inverse filter that has
y(n) at its input. The two autocovariances in Fig. 15b and
Fig. 16b show that, except for the sample at k¼ 0, which is
equal to 1, the other samples stay within the confidence
band, so that the hypothesis of white xo(n) and yo(n) can be
accepted.

Next, the cross-covariance between xo(n) and yo(n) was
computed and is shown in Fig. 17. Now, practically all the
samples are contained in the confidence interval and the
hypothesis that the two random signals x(n) and y(n) are
uncorrelated (and independent, if they are Gaussian) can
be accepted. If a few samples over outside the confidence
band, the user should use the fact that at each time shift k,

5% of the times a cross-covariance value could exist out-
side the 95% confidence interval, for independent signals.
Besides this statistical argument, the biomedical user
should also consider if the time shifts associated with
samples outside the confidence band have some physio-
logical meaning. Additional issues on testing the hypoth-
esis of independency of nonwhite signals may be found in
the text by Brockwell and Davis (11).

Let us apply this approach to the bilateral reflex data
described in subsection ‘‘Common input.’’ Note that the
autocovariance functions computed from experimental
data, shown in Fig. 12, indicate that both signals are not
white because samples at k 6¼ 0 are outside the confidence
band. Therefore, to be able to properly test whether the
two sequences are correlated, the two sequences of reflex
amplitudes shall be whitened and the cross-covariance of
the corresponding whitened sequences computed. The re-
sult is shown in Fig. 18, where one can see that a sample
exists at zero time shift clearly out of the confidence in-
terval. The other samples are within the confidence limits,
except for two that are slightly above the upper limit line
and are of no statistical or physiological meaning.
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Figure 15. The autocovariance of signal x(n) that was used to
generate the cross-covariance of Fig. 14 is shown in (a). It shows
clearly that x(n) is not a white signal because many of its samples
fall outside a 95% confidence interval (two horizontal lines around
the horizontal axis). The autocovariance of the whitened signal
xo(n) is shown in (b). Signal x(n) was passed through an inverse
filter computed from an AR model fitted to x(n), producing a signal
x0(n) that can be accepted as white as all the autocovariance
samples at k 6¼ 0 are practically inside the 95% confidence inter-
val.
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Figure 16. The autocovariance of signal y(n) that was used to
generate the cross-covariance of Fig. 14 is shown in (a). It shows
clearly that y(n) is not a white signal because many of its samples
fall outside a 95% confidence interval (two horizontal lines around
the horizontal axis). The autocovariance of the whitened signal
yo(n) is shown in (b). Signal y(n)was passed through an inverse
filter computed from an AR model fitted to y(n), producing a signal
y0(n) that can be accepted as white as all the autocovariance
samples at k 0 are practically inside the 95% confidence inter-
val.
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From the result of this test the possibility that the wide
peak found in Fig. 13 is an artifact can be discarded and
one can feel rather confident that a common input acting
synchronously (peak at k¼ 0) on both sides of the spinal
cord indeed exists.

An alternative to the whitening approach is to compute
statistics based on surrogate data generated from each of
the two given signals x(n) and y(n) (27). Each surrogate
signal xi(n) derived from x(n), for example, would have an
amplitude spectrum jXiðe

jOÞj equal to jXðejOÞj, but the
phase would be randomized. Here
XðejOÞ¼Discrete Time Fourier Transform½xðnÞ�. The phase
would be randomized with samples taken from a uniform
distribution between � p and p. The corresponding surro-
gate signal would be found by inverse Fourier Transform.
With this Monte Carlo approach (27), the user will have a
wider applicability of statistical methods than with the
whitening method. Also, in case high frequencies gener-
ated in the whitening approach cause some masking of a
genuine correlation between the signals, the surrogate
method is a good alternative.

Finally, returning to the problem of delay estimation
presented earlier, in section 4.4, it should be pointed out
that several related issues were not covered in this chap-
ter. For example, the standard deviation or confidence in-
terval of the estimated delay may be computed to
characterize the quality of a given estimate (4). A modi-
fied cross-covariance, based on a minimum least square

method, may optimize the estimation of the time delay
(20). Alternatively, the model may be different from Equa-
tion 57, one relevant model being yðnÞ¼ aqðn� LÞþwðnÞ,
where qðnÞ¼ xðnÞ � hðnÞ. Here, h(n) is the impulse re-
sponse of a linear system that changes the available sig-
nal x(n) into q(n). The second available signal, y(n), is a
delayed and amplitude-scaled version of q(n) with additive
measurement noise. The concepts presented earlier in
section 5, can be applied to this new model.

7. EXTENSIONS AND FURTHER APPLICATIONS

In spite of the widespread use of the autocorrelation and
cross-correlation functions in the biomedical sciences,
they have some intrinsic limitations. These limitations
should be understood so that more appropriate signal pro-
cessing tools may be employed or developed for the prob-
lem at hand. A few of the limitations of the auto and cross-
correlation functions will be mentioned below together
with some alternative signal processing tools that have
been presented in the literature.

The autocorrelation and cross-correlation should not be
applied to nonstationary random processes because the
results will be difficult to interpret and may induce the
user to errors. When the nonstationarity is caused by a
varying mean value, a subtraction of the time-varying
mean will result in a wide-sense stationary random pro-
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Figure 17. The cross-covariance estimate of the white signals
x0ðnÞ and y0ðnÞ referred to in Figs. 15 and 16. The latter were ob-
tained by inverse filtering the nonwhite signals x(n) and y(n)
whose estimated cross-covariance is shown in Fig. 14. Here, it is
noted that all the samples fall within the 95% confidence interval
(two horizontal lines around the horizontal axis), which suggests
that the two signals x(n) and y(n) are indeed uncorrelated.
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Figure 18. Cross-covariance computed from the whitened bilat-
eral reflex signals shown in Fig. 11. Their original cross-covari-
ance can be seen in Fig. 13. After whitening the two signals, the
new cross-covariance shown here indicates that a statistically
significant peak at time shift zero indeed exists. The two hori-
zontal lines represent a 95% confidence interval.
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cess (and hence the autocorrelation and cross-correlation
analyses may be used). If the mean variation is linear, a
simple detrending operation will suffice. If the mean var-
ies periodically, a spectral analysis may indicate the func-
tion to be subtracted. If the nonstationarity is because of
time-varying moments of order higher than 1, it is more
difficult to transform the random process into a stationary
one. One of the approaches of dealing with these more
complicated cases is the extension of the ideas of deter-
ministic time-frequency analysis to random signals. An
example of the application of such an approach to EEG
signals may be found in Ref. 28.

When two stationary signals are, respectively, the in-
put and the output of a linear system, the cross-correlation
and the cross-spectrum presented above are very useful
tools. For example, if the input is (approximately) white,
the cross-correlation between the input and output pro-
vides the impulse response of the system. A refinement is
the use of the coherence function, which is the cross-spec-
trum divided by the square root of the product of the two
signal autospectra (11,21). The squared magnitude of the
coherence function is often used in biomedical signal pro-
cessing applications (29,30). However, when a significant
mutual interaction exists between the two signals x and y,
as happens when two EEG signals are recorded from the
brain, it is very relevant to analyze the direction of the
influences (x! y; y! x). One approach described in the
literature is the partial directed coherence (31).

Several approaches have been proposed in the litera-
ture for studying nonlinear relations between signals.
However, each proposed method works better in a specific
experimental situation, contrary to the unique importance
of the cross-correlation for quantifying the linear associa-
tion between two random signals. Some of the approaches
described in the literature will be briefly presented in
what follows.

In the work of Meeren et al. (32), the objective was to
study nonlinear associations between different brain cor-
tical sites during seizures in rats. Initially, a nonlinear
correlation coefficient h2 was proposed as a way to quantify
nonlinear associations between two random variables, say
x and y. The coefficient h2

ð0 � h2 � 1Þ estimates the pro-
portion of the total variance in y that can be predicted on
the basis of x by means of a nonlinear regression of y on x
(32). To extend this relationship to signals y(n) and x(n),
the authors computed h2 for every desired time shift k
between y(n) and x(n), so that a function h2(k) was found.
A peak in h2(k) indicates a time lag between the two sig-
nals under analysis.

The concept of mutual information (33) from informa-
tion theory (34) has been used as a basis for alternative
measures of the statistical association between two sig-
nals. For each chosen delay value the mutual information
(MI) between the pairs of partitioned (binned) samples of
the two signals is computed (35). The MI is non-negative,
with MI¼ 0 meaning the two signals are independent, and
attains a maximum value when a deterministic relation
exists between the two signals. This maximum value is
given by � log2 e bits, where e is the precision of the bin-
ning procedure (e.g., for 20 bins, e¼ 0:05, and therefore
MI � 4:3219 bits). As an application example, Hoyer et al.

(18) have employed such measures to better understand
the statistical structure of the heart rate variability of
cardiac patients and to evaluate the level of respiratory
heart rate modulation.

Higher-order cross-correlation functions have been
used in the Wiener–Volterra kernel approach to charac-
terize a nonlinear association between two biological sig-
nals (36,37).

Finally, the class of oscillatory biological systems has
received special attention in the literature with respect to
the quantification of the time relationships between dif-
ferent rhythmic signals. Many biological systems exist
that exhibit rhythmic activity, which may be synchronized
or entrained either to external signals or with another
subsystem of the same organism (38). As these oscillatory
(or perhaps chaotic) systems are usually highly nonlinear
and stochastic, specific methods have been proposed to
study their synchronization (39,40).
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AUTOLOGOUS PLATELET-BASED THERAPIES
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1. OVERVIEW

Healing and fusion in challenging bone grafting proce-
dures is not guaranteed using the ‘‘gold standard’’ of au-
togenous iliac crest bone, and clinicians are increasingly
interested in tissue engineering solutions using cells and
signaling factors to enhance both overall success rate and
time to fusion. The potential role in wound repair from
application of cytokines contained in platelets was ini-
tially described more than 20 years ago. A rapid, simple
preparation method to perioperatively separate and col-
lect the platelet-rich fraction was developed a decade later,
expanding the potential range of clinical applications. Nu-
merous additional point-of-care techniques have since
been introduced, potentially providing a cost-effective al-
ternative to single recombinant proteins. As with many
emerging technologies, clinicians are confronted with a
frequently conflicting array of largely anecdotal claims for
clinical utility. With a focus on structural bone graft re-
pair, this chapter will present the therapeutic basis for
clinical use of topically applied autogenous growth factor
preparations and summarize existing experimental and
application-specific clinical outcomes reports.

2. INTRODUCTION

Regardless of the specific application, tissue repair re-
quires all three essential elements of the Triad of Tissue
Regeneration (Fig. 1): an appropriate matrix, responding
cells capable of forming the desired phenotype, and the
required signaling molecules. Physicians must either en-
sure these elements are available via the surrounding
host tissue or provide those that are lacking as part of the
treatment modality. In orthopedics, for example, auto-
logous bone harvested from the patient’s own iliac crest
has maintained its status as the gold standard in spinal
bone grafting applications in large part because of its abil-
ity to provide all three essential elements to the graft site.
The use of autologous bone, however, even with rigid in-
ternal fixation, does not guarantee a solid posterolateral
fusion (1–15). A number of risk factors, including smoking,
diabetes, prior pseudarthrosis, multilevel fusion, and
osteoporosis, can result in a failed fusion. In addition,
harvesting iliac crest autograft results in significant re-
sidual pain in up to 30% of patients (16); requires an ad-
ditional surgical incision, thus increasing the risk of
infection; and, depending on the patient’s age and build,
can be of limited quantity and questionable quality.

In an effort to minimize or eliminate the need to har-
vest the patient’s own bone, numerous new osteoconduc-
tive synthetic and allogeneic biomaterials have become
available in the last decade. Although bone graft substi-
tutes can provide a matrix for cellular ingrowth/ongrowth

or act as scaffold for new bone formation, they lack the
biological molecules and cells present in the normal heal-
ing environment. Under certain conditions, such as in a
mechanically stable environment in close proximity to vi-
able host bone, osteoconductive matrices have proven to be
as effective as autograft because the host tissue can pro-
vide sufficient responding cells and signaling factors (17–
23). The ability of the host tissue to consistently contribute
these bone promoting cells and proteins, and produce a
solid fusion mass in a challenging environment like a
posterolateral graft site after implantation solely with an
osteoconductive scaffold, however, has not been reliably
demonstrated.

To address this issue, an industry-wide effort has been
made to provide a bioactive ‘‘tissue engineering’’ solution
by providing cells or proteins in addition to an appropriate
matrix. These approaches have ranged from single recom-
binant factors to purified or concentrated cocktails, the
use of intraoperatively harvested marrow cells to culture
expanded progenitor cell populations, and combinations of
the above with a wide array of carrier materials and struc-
tures. Great strides have been made in the last 40 years
since Marshall Urist first proposed the existence of a bone
morphogenetic protein (24) to identify, isolate, character-
ize, and elucidate the function of a myriad of growth fac-
tors and cytokines that influence the cascade of bone
formation (25–27). The most well-studied proteins indi-
vidually documented to affect tissue healing include Plate-
let-Derived Growth Factor (PDGF), Fibroblast Growth
Factor (FGF), Insulin-like Growth Factor (IGF), Epider-
mal Growth Factor (EGF), Vascular Endothelial Growth
Factor (VEGF), and the most widely studied, the Trans-
forming Growth Factor-Beta (TGF-b) family, which in-
cludes the Bone Morphogenetic Proteins (BMPs).

3. RATIONALE FOR AN AUTOLOGOUS GROWTH
FACTOR ALTERNATIVE

The realization that specifics of both the bone and tissue
healing processes are not yet completely understood has
led to an effort to examine alternative methods other than
the application of single exogenous factors for providing
signaling molecules to a graft or wound site. Although it is
well known that receptors from many different cytokines
are expressed in the lineage progression from an uncom-
mitted progenitor cell to a mature cellular phenotype (28),
the exact time each protein is turned on, for how long, at
what dosage, and how they interact with each other re-
mains undetermined. As a result, a growing perception
exists that rather than rely on a single factor to consis-
tently affect the entire cascade of events that encompass
the desired tissue regeneration process, a combination of
factors that act in concert to emulate the natural process
of healing may be a more desirable approach.

In looking to the natural healing response for a poten-
tial therapy approach, it is well understood that one of the
most immediate responses of the body to a traumatic
event is the migration of platelets and white blood cells
to the injury site. Platelets and white blood cells contain a
number of growth factors that have been demonstrated to
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have active roles during various stages of the healing cas-
cade, including PDGF, TGF-b, VEGF, EGF, IGF, and bFGF
(29). A partial list of factors contained within these formed
elements is shown in the text box below. The complex in-
teraction of these and other factors chemotactically re-
cruits mesenchymal cells to the local site, and
subsequently causes their proliferation and maturation
into matrix-forming cells (30–32).

Growth Factors and Cytokines
Contained In Platelets and
White Blood Cells

* PDGF-AA, BB, AB
* TGF-b1, b2, a
* IGF-I, IGF-II
* VEGF
* EGF
* bFGF
* PD-ECGF
* HGF
* Osteocalcin
* Fibronectin
* Fibrinogen

* BMP-2, BMP-4
* Platelet Factor 4
* P-Selectin
* Connective-tissue acti-

vating peptide III
* Lipoxygenases
* Antiplasmin
* Histamine
* EPEA
* LMW-EMA, HMA-

EMA
* 12-HETE, 15-HETE
* PGE1, PGE2, PGA2,

PGJ2, PGF1a, 2a

Again using bone formation as an example, different
factors act at different stages of the bone healing process.
The actions of some of the most important of these factors
are summarized in Table 1 (33). It is important to be aware
that many of these studies reporting the effects of growth
factors present in platelets and white cells focus on the
properties of individual growth factors and the effects that
they elicit in vitro using cell populations of a single type.

However, studies examining the effects of individual
growth factors, either in vitro or in vivo, do not include
all of the mechanisms that cause a specific effect to be ob-
served in vivo. Frequently, it is not the individual growth
factor that is responsible for the effects observed in a
study, but the interaction between factors and with their
target tissues (34). As will be discussed in more detail be-
low, growth factors act synergistically in the processes of
healing (35).

PDGF is found in abundance in platelets; is also pro-
duced by monocytes, macrophages, and endothelial cells
(36), and is a potent regulator of bone cells by itself and in
concert with other factors (27). It is released from platelets
during blood clotting and, therefore, its presence shortly
after the initial injury has led to the conclusion that PDGF
plays an important role early in the initiation of bony
healing (35). PDGF exerts its effects through receptor pro-
teins that ultimately activate genes controlling DNA syn-
thesis, cell replication, and the production of various
proteins. PDGF has been shown to chemotactically attract
and induce mitogenesis in osteoblasts and bone progenitor
cells, increase cellular differentiation, enhance angiogen-
esis, activate macrophages, and stimulate synthesis of
connective tissue matrix components such as collagen
(37–39).

Both TGF-b1 and TGF-b2 have been shown to be pres-
ent in platelets, as well as macrophages, chondrocytes,
and osteoblasts (25). TGF-b proteins act by binding and
activating receptors, which subsequently activate Smad
proteins. The Smad proteins mediate the gene responses
to TGF-b (40). TGF-b has been shown to be present in
normal human fracture healing and plays a number of
diverse functions in bone formation (41,42), which include
enhancing angiogenesis, stimulating mesenchymal stem
cell proliferation, promoting mesenchymal cell commit-

Figure 1. The Triad of Tissue Regenera-
tion is composed of the three essential el-
ements required for successful bone
formation: a stable microenvironment
consisting of an osteoconductive matrix,
the right combination of osteoinductive
and osteopromotive signaling molecules,
and the appropriate numbers of respond-
ing osteogenic cells. These elements may
be provided by the host tissue or im-
planted in the graft as part of a tissue en-
gineering solution.
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ment to the osteoblast lineage, amplifying synthesis of ex-
tracellular matrix by osteoblasts and their precursors (43),
and inducing osteoclast apoptosis (44). Other reports sug-
gest that TGF-b may affect bone healing by augmenting
the osteoinductive activity of BMPs (45).

Basic Fibroblast Growth Factor (bFGF) is present in
platelets, monocytes, macrophages, osteoblasts, and chon-
drocytes, as well as many other tissues. Through tyrosine
kinase activity, it stimulates fibroblast, osteoblast, chon-
drocyte, and endothelial cell proliferation (46,47) and me-
diates angiogenesis (48). Basic FGF has been shown to be
present in callus and periosteum in the early stages of
fracture repair (49).

Vascular Endothelial Growth Factor (VEGF) is synthe-
sized by activated platelets and megakaryocytes (50,51)
and is also produced by osteoblasts (52,53). Studies inves-
tigating the angiogenic properties of VEGF illustrate that
it supports capillary growth during wound repair by in-
creasing endothelial cell migration to the wound site, and
by subsequently increasing the general angiogenic re-
sponse. In addition to its crucial role in the stimulation
of neovascularization (54), VEGF induces osteoblastic mi-
gration, differentiation, and alkaline phosphatase expres-
sion in vitro (55) and has been shown to be an important
factor in both the angiogenesis and osteogenesis that oc-
curs during spinal fusion (56).

Insulin-like Growth Factors I and II (IGF-I and IGF-II)
are signaling molecules that have also been shown to play
a role in skeletal growth and development. IGF-I appears
to play a greater role in growth-promoting activity and
bone regeneration compared with IGF-II. Platelets also
maintain IGF receptors (57), and their a-granules contain
IGF-Binding Protein-3 (58). IGF-I stimulates bone growth
directly by increasing osteoblastic bone formation and in-
directly by increasing osteoprogenitor cell replication,
which ultimately increases the number of functional osteo-
blasts. Through an enzymatic cascade mediated by growth
hormone, complexes of IGF-I and its binding proteins in
harvested platelets stimulate cellular mitogenesis, matrix
synthesis, and noncollagenous protein production, all of
which ultimately lead to bone growth (59).

Of recent note, Sipe et al. (60) used immunohistochem-
istry to identify BMPs 1 through 6 within human fetal
megakaryocytes, the cells that give rise to platelets. The
possibility of platelets containing BMPs, contributing to
their osteoinductive potential, was the focus of this study.
Further study using the Western blotting technique on
lysed human platelets isolated from serum identified both
BMP-2 and BMP-4 within the lysate. The authors sug-
gested that the presence of significant amounts of BMP-2
and BMP-4 in platelets may contribute to their role in
bone formation and repair (60).

Table 1. Documented Functions of Some of the Growth Factors Contained within Platelets and White Blood Cells

Platelet Factor Also Found in Function Effects

PDGF Monocytes * Stimulates chemotaxis and proliferation
of osteoblasts

* Promotes adult osteoclastic bone resorption
* Induces proliferation in pluripotential and

progenitor stem cells
* Promotes cartilage formation in RC cells in culture
* Increases collagen and noncollagen

protein synthesis

* Increases callus formation at fracture site
* Role in regulation of bone regenerationMacrophages

Endothelial cells

TGF-b1 Osteoblasts * Stimulates osteoblast proliferation
* Stimulates chondrocyte proliferation
* Stimulates matrix synthesis

* Increases bone formation in vitro and
in vivo

* Increased callus formation in vivo

TGFb-2 Chondrocytes
Bone matrix

IGF-I Osteoblasts * Stimulates chondrocyte proliferation
* Stimulates collagen synthesis
* Stimulates noncollagen synthesis
* Decreases collagen degradation
* Stimulates osteoblast proliferation

* Increases woven bone formation
Cartilage

IGF-II Osteoblasts * Stimulates chondrocyte proliferation
* Increases bone collagen synthesis
* Decreases collagen degradation
* Stimulates osteoblast proliferation

* Increases woven bone formation

VEGF Multiple tissues * New vessel formation
* Increased vascular permeability

* Stimulates new vessel growth

bFGF Megakaryocytes * Supports smooth muscle cell proliferation
* Stromal cell mitogen

* Stimulates bone formation

EGF Platelet Cytoskeleton * Stimulates periosteal bone formation
* Stimulates endosteal bone resorption

* Stimulates bone growth

Reprinted with permission from Krause et al. (33).
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Interpreting the mechanism of any single exogenous
factor as it relates to a complex system of many factors
may not be feasible. TGF-b, for example, has been shown
to enhance and suppress differentiation and bone forma-
tion at different levels when studied individually. How
TGF-b at various dosages influences healing in a bony en-
vironment when many other factors are also present, as is
the case naturally, is not uniquely known. Within the
stages of the bone formation process defined as angiogen-
esis, chemotaxis, mitogenesis, differentiation, and miner-
alization, all of the factors discussed above have been
shown to interact in synergistic and modulatory manners.
For example, Asahara et al. observed synergy between
VEGF and bFGF in vascularization (30). Progenitor cell
migration has been enhanced with the combination of
PDGF and TGF-b in comparison with either factor by it-
self (26,32). PDGF, TGF-b, and EGF have a documented
synergistic effect on cell proliferation by Slater et al. (61),
whereas Kasperk described synergy between FGF, TGF-b,
and IGF in enhancing osteoblastic differentiation (35). To
illustrate the complex interactions between these various
factors, it has been suggested that an increase in VEGF
following trauma amplifies angiogenesis and endothelial
cell proliferation, which in turn increase IGF-I synthesis
(62). IGF-I then increases osteoprogenitor cell prolifera-
tion, differentiation, and matrix synthesis (63).

4. OVERVIEW OF CLINICAL PREPARATION
TECHNIQUES

As applying all of these factors exogenously at the appro-
priate dosages at the right time for the correct duration is
not yet practical, the use of formed blood elements as car-
riers of growth factors makes theoretical sense. Several
methods have been developed over the last decade or so to
perioperatively isolate and concentrate either autologous
platelets or autologous buffy coat (platelets and white
cells). These methods fall generally into one of three cat-
egories: (1) traditional cell separators or autotransfusion
devices; (2) dedicated low-volume centrifuge systems; and
(3) a combined approach using both centrifugation and
ultrafiltration. A description and comparison of these ap-
proaches are presented below.

4.1. Cell Separators

Standard cell separators, frequently used in spinal proce-
dures or other large orthopedic cases for autotransfusion,
have been employed to fractionate and collect the platelets
from the whole blood for over a decade. The latest ma-
chines from leading manufacturers all have sequestration
programs, including Haemonetics Cell Saver 5, Medtronic
Sequestra, Sorin-Dideco Compact Advanced, Cobe BRAT
II, and Fresenius C.A.T.S. Depending on brand, software
revision, and desired product composition, some of the se-
questering programs are mostly automated and others are
more manual. Each manufacturer has recommended pro-
tocols for platelet sequestration that concentrate the
platelets from two to three times baseline (64). The se-
questration protocol is, in general, a two-stage procedure

based on standard continuous-flow Latham or Baylor cen-
trifuge bowl technology to separate the blood fractions,
with the exception of Fresenius, which uses a continuous-
flow disk separation technology. A hard, or fast, spin is
used to separate out the platelet-poor plasma (PPP). A
soft, or slow, spin is then used to better separate the plate-
lets from the denser RBC fraction and collect the platelet-
rich plasma (PRP).

Traditional cell separators allow a fairly large volume
of product to be obtained, but must start with a full unit of
blood because of the size of the bowls. The need to draw off
450 ml of blood volume can intimidate inexperienced an-
esthesiologists despite the fact that the majority of the
unused fractions are returned to the patient. Although the
more manual cell separators allow the knowledgeable,
vigilant user flexibility in tailoring a product for a specific
patient’s or physician’s needs in terms of platelet count
and product volume, it also creates concern that this sub-
jectivity may create unwanted product variability. The
dedicated time required to harvest the PRP by the tech-
nician and the potentially increased cost associated with
the operator’s time are both further drawbacks of the tra-
ditional cell separator approach.

4.2. Dedicated Centrifuges

Recognizing the need for an alternative technique to col-
lect PRP from lower volumes in a more portable and
straightforward manner, a number of devices based pri-
marily on clinical laboratory centrifuges were developed.
Leading manufacturers and models are DePuy Sym-
phonyTM II (originally licensed from Harvest Technolo-
gies) (Fig. 2a), Biomet’s GPS2TM (Fig. 2b), and Medtronic’s
MagellanTM (Fig. 2c). Although they differ to some degree
in disposable configuration and automation, these devices
all use a fixed starting volume of blood in the disposable
chamber and collect about 65–80% of the available plate-
lets. The Symphony II harvests the platelets in the form of
a platelet pellet. This pellet, with essentially no volume, is
then resuspended or diluted with PPP to the user’s spec-
ification, which calculates to approximately 5–6 ml of PRP
with a 4- to 6-fold increase in platelet and, hence, growth
factor concentration when starting with 60 ml of antico-
agulated blood (manufacturer’s literature). With the GPS2
system, no plasma removal or operator-dependent dilution
is necessary as it is designed to automatically collect 6 ml
of PRP with a 6- to 8-fold increase in platelets from each
disposable unit (65). GPS2 also captures white cells, in-
creasing them by approximately 2- to 4- times baseline. In
both of these machines, it is possible to run two dispos-
ables at once, so approximately 10–12 ml of PRP with the
concentration levels described above can be produced from
120 ml of anticoagulated blood in approximately 15–
20 minutes. Magellan processes a maximum of 60 ml of
blood at a time, but is capable of running three sequential
processes with the same disposable set. Its yield appears
to be comparable with Symphony, with 6 ml of PRP pro-
duced at a 6-fold platelet and growth factor concentration
increase (manufacturer’s literature). It is important to
note for all of these devices that, although higher PRP
volumes are possible from a single disposable by applying
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additional plasma, it is only at the expense of the growth
factor concentrations.

4.3. Combined Centrifugation and Ultraconcentration

In an effort to provide a more consistent and highly con-
centrated autologous buffy coat, Interpore Cross licensed
and further developed a proprietary technology termed
Autologous Growth Factorss (AGFs). AGF uses the buffy
coat produced from centrifuged blood separation as a raw
material and passes it through an UltraConcentrators

that functions by filtering out water and low-molecular-
weight solutes through the hollow fiber membranes.

Fig. 3 summarizes the classic intraoperative technique
used to create the AGF gel. Using the optimized cell sep-
arator protocols, up to 180 ml of buffy coat can be collected
from a single unit (450–500 ml) of blood. As not all plate-
lets and white cells (only about 65%) are collected on any
single pass through the centrifuge bowl, the reconstituted
platelet-poor blood can be processed through the bowl sev-
eral times. With this methodology, over 90% of the avail-
able platelets in the starting unit can be collected, with a
resulting platelet concentration 2.5–3 times above patient
baseline. Depending on the volume of buffy coat required,
this sequestration step can take 15 minutes for 60 ml of
buffy coat and up to 45 minutes for 180 ml. The remaining
RBC and PPP are immediately available for reinfusion to
the patient, minimizing the total blood volume loss.

The buffy coat is then processed through the fibers of
the UltraConcentrator to reduce the volume by two-thirds
and obtain as much as 60 cc of AGF. These fibers have an
effective pore size of about 30,000 Daltons, small enough to
retain virtually all of the formed elements, growth factors,
and plasma proteins including fibrinogen. The volume re-
duction translates into a corresponding three-fold increase
in platelet and white cell concentrations in AGF over the
starting buffy coat, therefore approximately 6 to 8 times
over native baseline blood levels. As the molecular weight
of fibrinogen is 340 kDa and, thus, is retained within the
perfusate, this ultraconcentration correlates directly to a
three-fold increase in the fibrinogen concentration.

To address the clinical issues associated with the user-
intensive classic technique, including blood draw volume

requirements and operator variability, Interpore Cross re-
cently released Accesss (Fig. 4), a fully automated device
that combines the centrifugation and ultraconcentration
functions in a single housing. Although still providing the
same composition of endproduct as the classic AGF
method, Accesss also enables the user to start with as
little as 100 ml of blood when only small volumes of AGF
are required, but maintains the flexibility to still process a
full unit in a single disposable set.

4.4. Gel Preparation

Regardless of the processing method, once the PRP or con-
centrated buffy coat is prepared, it is transferred onto the
sterile field. There it can be mixed with a small volume of
thrombin, creating a gel containing the patient’s own
growth factors. The thrombin can be obtained from sev-
eral potential sources. Most typically, in the United States,
thrombin purified from a bovine source is used. Bovine
thrombin is convenient and available off-the-shelf, and it
has the advantage of being easily diluted to various con-
centrations. In previously available less-pure formula-
tions, however, bovine thrombin had been suspected of
creating antibodies to Factor V, resulting in inhibition of
coagulation with repeat topical thrombin usage. Only an
ultra-pure form of bovine thrombin, Thrombin JMI (King
Pharmaceuticals, Bristol, TN) is now available.

Other available alternatives include pooled human all-
ogeneic thrombin, available in some clinical markets out-
side of the United States, and various products and
techniques to produce autologous thrombin from the pa-
tient’s own blood directly. Although the pooled allogeneic
human thrombin offers the same off-the-shelf convenience
of bovine thrombin, its availability is limited, the cost is
high, and it has the same potential drawbacks inherent to
all allogeneic tissues. The techniques used to create an
autologous thrombin are typically performed in the oper-
ating theater from the patient’s own blood or plasma. One
method involves inducing and then compressing a clot
from non-anticoagulated blood, in the process collecting
the exudate containing activated thrombin. This method
has been found to be quite user- and patient-subjective,
and frequently results in a thrombin preparation that is

Figure 2. Leading available centrifuge systems dedicated to producing platelet-rich plasma: (a)
SymphonyTM II from DePuy Acromed, Raynham, MA; (b) GPSTM from Biomet, Warsaw, IN; and (c)
MagellanTM from Medtronic, Minneapolis, MN.
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Figure 3. The classic method of preparing Autologous Growth Factorss (AGF)s. Using a stan-
dard cell separator, a unit of blood is fractionated into platelet-poor plasma, buffy coat rich in
platelets and white cells, and the red cell pack. Up to 180 ml of buffy coat can be generated, and the
remaining platelet-poor plasma and red cells can be returned to the patient. The buffy coat is then
further processed through a proprietary UltraConcentrators (Interpore Cross) to one-third of the
original buffy coat volume. This concentrated buffy coat, termed AGF, is then mixed with a small
volume of thrombin and the desired bone graft, creating a gelled composite that has elevated
growth factor and fibrinogen levels.

Figure 4. The recently released Accesss

System from Interpore Cross, Irvine, CA, is
a dedicated machine that automates the clas-
sic AGF method detailed in Figure 9-3 and
allows processing of as little as 100 ml of
blood.
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inadequate to create a gel. Simple disposable cartridges
such as the Thrombin Activation DeviceTM (Interpore
Cross) that remove fibrinogen from plasma and then ac-
tivate the thrombin have made the process more consis-
tent, but these products still depend on the patient’s
native blood composition.

The mechanism of action when exogenous thrombin is
added directly follows the natural coagulation cascade
(Fig. 5). Briefly, the thrombin cleaves the inactive fibrin-
ogen into fibrin monomer strands and also activates Fac-
tor XIII, another plasma protein. Active Factor XIII will
combine with calcium ions present from within the plate-
lets and from the calcium chloride diluent and cause the
fibrin strands to crosslink into a polymer matrix (66). The
platelets will begin to degranulate and release some of
their contents. Some growth factors remain in latent form
attached to the fragmented platelet membranes and fibrin
clot, and are only released and activated on later con-
sumption of the fragments by macrophages.

For bone grafting applications, standard ultra-pure bo-
vine thrombin from the hospital pharmacy is reconsti-
tuted to a concentration of 200 units per ml in a saline or
calcium chloride solution. An advantage of suspending the
thrombin in 10% calcium chloride is that it will counter
the effects of the citrate-based anticoagulant. Shortly be-
fore graft implantation, the PRP or AGF concentrate and
thrombin are combined in a 10:1 volume ratio using sev-
eral potential methods. Figure 6a shows the use of an ap-
plicator tip to mix AGF, thrombin, and graft material in a
sheet configuration, whereas a manifold/graft delivery sy-
ringe (Fig. 6b) combination can yield a cylindrical graft,
convenient for delivery into the posterolateral gutters.
The gel can also be formed directly into a cage filled
with graft (Fig. 6c) or sprayed directly onto the site as a
hemostatic agent (Fig. 6d). The volume ratio of autologous
concentrate to graft material is approximately equal, with
60 ml of gel able to cover 60–90 ml of graft, depending on
the specific graft composition. As the graft material will
soak up site blood, and thus dilute the growth factor con-

centration, it is recommended that preparing the gel/graft
composite be done on the back table prior to implantation.
This activity will also facilitate handling of the graft dur-
ing implantation.

The concentrations and volumes used have been opti-
mized to ensure maximum gel strength and appropriate
gelling speed. The speed at which gelling of the concen-
trate occurs is dependent on the concentration of active
thrombin, not volume. The 200 units/ml recommended will
cause gelling in 30–60 seconds, allowing time for the cells
and growth factors to disperse throughout the bone graft.
If faster gelling is desired, for example, if the gel is being
applied topically, full-strength (1000 units/ml) thrombin is
typically used.

Fibrinogen is a critical factor in the coagulation cascade
and is the key element in determining gel strength of AGF
or PRP upon the addition of exogenous thrombin (66). The
10:1 thrombin volume ratio is used to minimize the dilu-
tion of the fibrinogen concentration. Adding more throm-
bin will not quicken the gel formation and will only serve
to dilute the fibrinogen and weaken the gel. It should be
noted that none of the centrifuge-only techniques cur-
rently used clinically can increase the fibrinogen concen-
tration. The fibrinogen in PRP or unfiltered buffy coat
produced solely by a centrifugation technique is at base-
line levels and, depending on the application, has made for
an inconsistent gel (67). Gelling inconsistencies are a ma-
jor reason why platelet gels directly from cell separators
have not been widely accepted in the orthopedic bone
grafting arena, where a strong gel is beneficial for han-
dling, graft stability, and a more sustained growth factor
delivery profile, as is discussed below in greater detail.

5. MECHANISM OF GROWTH FACTOR RELEASE

The initiation of wound repair is a highly complex and in-
terdependent mechanism involving many factors. Each
factor plays multiple roles in the process and also depends

AA DDCCB

Thrombin Factor XIII

Ca++

Figure 5. The mechanism of growth factor release from a platelet or buffy coat gel on the addition
of thrombin-includes (a) thrombin-cleaving fibrinogen strands into fibrin; (b) crosslinking of the
fibrin strands into an interwoven mesh and (if necessary) activation of the platelets; (c) degran-
ulation of the platelets and initial release and activation of some growth factors and cytokines from
the platelets and white cells; and (d) subsequent release of latent growth factors attached to cell
membrane fragments on consumption by macrophages.
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on the activities of the others to fulfill its own roles. Fibrin
is the naturally optimized carrier for delivery of hem-
atogenic tissue growth factors. Platelets and the coagula-
tion proteins, including fibrinogen, combine to form a
fibrin gel in a process that initially is rapidly potentiated
by their properties, but that then just as quickly exhibits
powerful inhibitory activities that limit the eventual ex-
tent of gel formation. Platelets adhere to fibrin strands
while dispersing tissue growth factors and other active
cytokines throughout the forming fibrin matrix. Shortly
thereafter, contractile proteins inside the platelets bring
about clot retraction, drawing the fibrin strands closer to-
gether and causing an expression of serum that bathes the
surrounding tissues with growth factors.

Signaling molecules released during the coagulation
process immediately attract white cells in great numbers,
including macrophages that begin breakdown of the co-
agulum via plasmin clipping of the fibrin strands. As these
cells digest the clot, growth factors are released into the
surrounding tissue along with additional growth factors

contained within and synthesized by neutrophils and mac-
rophages themselves (68,69). A substantial proportion of
the growth factors are in latent form, and these are only
released and converted to an active state upon exposure to
plasmin (70).

6. MODEL OF BONE REGENERATION

A schematic of the mechanism of action of the concen-
trated combination of growth factors contained within
AGF or PRP is shown in Fig. 7. Building upon current
understanding of single growth factors and their role in
osteogenic regulation, Marx et al. eloquently described
this general model for the role that growth factors re-
leased from platelets play in bone regeneration (71). Bone
regeneration begins with the degranulation of platelets at
the graft site that, in turn, releases PDGF, TGF-b, IGF,
and all the other growth factors. Through chemotaxis and
mitogenesis, they cause an increase in the number of pre-
osteoblastic stem cells at the site, as well as influence the

Figure 6. Methods of mixing autologous gels with bone graft material: (a) dual-cannula applica-
tor; (b) Graft Delivery Syringe; (c) directly within an interbody cage; and (d) topically sprayed in

situ.
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differentiation of these stem cells into mature osteoblasts.
Early in the healing process, osteoblasts begin to produce
bone matrix, and fibroblasts lay down collagen matrix at
the graft site. Capillary angiogenesis is also initiated to
support the growing graft, and within the first 14–17 days,
the graft is completely permeated by capillaries (72).

With PRP, platelets survive in the wound for only ap-
proximately five days, so the direct effects of platelets and
their growth factors are short-lived. Although the plate-
lets have a short lifespan in the wound, the activity of
platelet-derived growth factors causes the healing se-
quence to continue beyond the first couple of days after
the initial injury. Growth factor-stimulated healing con-
tinues in part because of the platelet-induced increase in
osteoblasts. Recalling the triad of tissue regeneration, this
increase in the number of appropriate responding cells is
critical for successful bone formation. These osteoblasts
continue to secrete TGF-b, IGF, and BMPs into the osteoid
matrix long after the platelets have ceased functioning at
the wound site. Platelets also indirectly stimulate healing
by inducing the chemotaxis and activation of macrophag-
es, which become an important source of growth factors
after the third day. During the first four weeks, woven
bone forms and vascularization continues to increase
within the graft. As a result, macrophages leave the graft
site because the oxygen gradient needed to maintain their
activity is no longer present. Over time, BMPs and other

factors cause the woven bone to be replaced with mature
bone.

Even at similar platelet concentrations, the mechanism
of action of AGF differs somewhat from centrifuged PRP
because of several factors including the initial inclusion of
concentrated leukocytes (WBCs) within the gel, the ele-
vated fibrinogen levels, and a corresponding decrease in
the clot retraction phenomena. White cells are part of the
natural healing response, and, in addition to the antibac-
terial and anti-inflammatory role they play in normal
wound healing, they also contribute significant quantities
of growth factors and cytokines that may enhance the
healing effect. Several studies have documented stores of
VEGF within white cells (68,69), and Zimmerman et al.
observed significantly greater delivery of PDGF and TGF-
b in concentrates containing WBCs (73). The increased
delivery of TGF-b, due in part to the elevated leukocyte
concentration, is thought to be further beneficial for graft
preservation because of its suppressive effect on osteoclast
activity (74,75).

The elevated fibrinogen within AGF imparts a number
of benefits. The ability to create a firm, reliable gel that
holds the graft together, facilitating handling and mini-
mizing graft migration, has already been described. Fur-
ther benefits are equally valuable, if not as readily
observed visually. After implantation, it provides effective
fixation of tissue, graft, and growth factors at the local
site. AGF acts as a fibrin gel to fixate the bone graft ma-

Figure 7. Schematic of a conceptual model of enhanced bone regeneration from multiple topically
applied growth factors delivered by buffy coat concentrates includes increased recruitment and
proliferation of progenitor cells and osteoblasts from the surrounding host tissue, enhanced rev-
ascularization, continued differentiation within the orthotopic environment into active osteoblasts,
and their subsequent transition to mature osteocytes.
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terial at the arthrodesis site in contact with the patient’s
bony structures providing stability and proximity, both
known to enhance bony healing. Also, because AGF fills
the spaces between the bone graft material, it prevents
inflow of systemic blood into the bone graft material with
consolidation of mostly red cell clot. Ordinarily, the red cell
clot would need to be lysed by the normal healing mech-
anism before the ingrowth of blood vessels and the initi-
ation of the bony healing cascade occurs; so, by
eliminating this step, a potential jump start to the heal-
ing process can be envisioned.

For topical applications of growth factors to improve
outcomes, the signaling process must be sustained for
many days, which is especially true in patients with a
healing impairment or where new tissue growth must be
obtained over substantial distances, such as in bone fusion
beds. Logic dictates that the in situ duration of elevated
growth factor preparations directly influences the number
of osteogenic repair cells recruited, the magnitude of their
replication, and their rate of maturation. Gels with only a
brief presence will not be as effective at these critical func-
tions or at achieving fusion (76).

At normal platelet and fibrinogen concentrations, a
PRP coagulum will quickly begin to extrude serum as it
shrinks. The gel will only be half its original size in two
hours, and eventually reaches one quarter or less of its
original volume (77). Increasing platelet concentration,
necessary to provide therapeutic levels of growth factors,
both accelerates and magnifies this clot retraction effect
(78) so that, as Marx described, gels formed from plasma
with normal range fibrinogen are removed in three to five
days (71,79).

AGF limits this clot retraction phenomenon by three
mechanisms. First, the three-fold increase in fibrinogen,
fibronectin, and Factor XIII levels as a result of UltraCon-
centration produces a relatively dense fibrin gel with
greater mechanical strength than a gel formed from the
original buffy coat, which, in turn, makes the gel more re-
sistant to the platelet contractile forces. Second, a three-
fold increase in total protein content means a much higher
percentage of the residual plasma water is bound to pro-
teins, which reduces the proportion of water in the co-
agulum available for serous extrusion. Finally, the
literature has shown that platelets may become activated
during centrifugation, and that the activated platelets
tend to form both platelet-platelet and platelet-white cell
aggregates (78,80,81). The shear forces generated in the
UltraConcentrator contribute to further this aggregation.
These aggregates are much less efficient at pulling the fi-
brin mesh together because most of their energy is ex-
pended pulling on each other. The cumulative effect is that
AGF releases less than 10% percent of its volume in clot
retraction, compared with the 75% from PRP gels (Fig. 8)
(82). The AGF gel maintains its presence and therefore
this sustained release for about 14 days, comparable with
the length of time required for revascularization of a siz-
able bone graft implant to be complete.

Kevy and Jacobson have argued that this activation
and aggregation causes all growth factors to be released
from the platelets immediately and thus not deliverable to
the field (83). Other preclinical and clinical evidence, in-

cluding a careful examination of Kevy’s own data, sug-
gests this is not the case (84). Provided the platelets are
not intentionally or unintentionally fully degranulated
during preparation of PRP or AGF, the activation state
of the platelets prior to mixing with thrombin is immate-
rial in terms of growth factor delivery. The addition of
thrombin to all topically applied PRPs as well as AGF be-
gins the degranulation of all the platelets in the concen-
trate, after which the growth factor are delivered over
time as directed by the in situ environment. It is impor-
tant to reiterate that implantation of a material contain-
ing prereleased or quickly released factors does not appear
to correspond to the timeframe for revascularization and
optimal bone formation.

7. CLINICAL REQUIREMENTS

The advantages and drawbacks of each system must be
weighed by the physician in choosing the most appropriate
method within the bounds of the requirements for each
specific case. Regardless of preparation technique, how-
ever, the objectives for an autologous gel therapy for or-
thopedic indications are similar. Effective levels of growth
factors need to be delivered to and retained at the graft
site, and they should be released in a sustained manner
until revascularization has been completed. These sus-
tained release requirements can vary from indication to
indication, however. The 3–5 day growth factor delivery
from a PRP gel with native levels of fibrinogen may be
appropriate for a soft tissue or small-volume application
where the gel is applied in a thin layer and vascularization
can be quite rapid, but insufficient for a larger bone graft-
ing procedure. The gel should provide fixation of the tissue
and the graft in situ, and provide effective hemostasis and
act as a fluid seal. The gel should also facilitate the han-

Figure 8. Example of the clot retraction phenomenon in two gels,
both with platelet concentrations of 1,000,000/ml but different fi-
brinogen levels. The gel with baseline fibrinogen (a) exhibited
significantly greater retraction and serous expression at 6 hours
than the one with a three-fold increase in fibrinogen (b) (82).
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dling characteristics of the graft composite, minimizing
migration of graft materials during implantation. In ad-
dition, a sufficient volume of gel must be provided for all
procedures. In today’s clinical environment, the process
must also be simple, reliable, and safe, and be of reason-
able cost for the benefits delivered. Finally, presented and
published scientific evidence specific for each clinical ap-
proach should be convincing. All of these objectives should
be considered by the surgeon when evaluating which of
the techniques are most appropriate for their patients.

To be effective, autologous growth factor preparations
must reliably yield wound repair cytokine concentrations
at a therapeutic dose. The principle that a minimum plate-
let concentration of 1,000,000 per ml is required to elicit a
universally beneficial effect was established by Knighton
for soft tissue (31,85). Although early work by Marx sug-
gested that lower concentrations might be useful in small
fusion beds (71), he has recently affirmed the need for
1,000,000 platelets per ml to routinely assure enhance-
ment of bone fusion (86).

8. PRECLINICAL CHARACTERIZATION AND EFFICACY

Although the evidence from the growth factor literature
combined with the methodology of autologous blood-de-
rived therapies makes a compelling story for enhanced
promotion of bone formation, it is the direct evaluation of
each technique and its application in appropriate animal
models and clinical indications that will determine its ef-
ficacy. Published or presented results from preclinical
studies as well as clinical experiences and trials are de-
tailed in the following sections. It is important to reiterate
that the results from one preparation cannot be unilater-
ally applied to other platelet or buffy coat gels.

8.1. In Vitro Studies

Although most cell separator manufacturers have had
their own protocols for the preparation of PRP, these
were not designed for the collection of buffy coat for pro-
cessing into AGF, as defined by the orthopedic clinical re-
quirements above. Further, some user subjectivity exists

on these manufacturer protocols, as evidenced by the data
collected from a leading platelet gel institution. This anal-
ysis revealed both a wide-scattered distribution of platelet
concentrations in the PRP and a median value only
slightly above patient baseline, with numerous instances
of platelet counts below baseline (Fig. 9). This data was
the impetus leading to the development of recommended
protocols for the optimal sequestration of buffy coat for
AGF preparation. The yields from these protocols have
been presented (87) and, in all cases, compare favorably to
the manufacturer’s protocols (64) as shown in Table 2.

Initial efforts confirmed that AGF contains signifi-
cantly elevated levels of platelets, active growth factors,
and fibrinogen. Cell counts were made on blood, buffy coat,
and AGF using a Coulter AcT-10 hematology analyzer.
Initial measurements of PDGF, TGF-b, VEGF, bFGF, and
EGF were made using ELISA kits (R&D Systems), and
revealed increases corresponding to the increase in plate-
let concentration (Fig. 10) (88,89). Quantitative fibrinogen
was determined using an optical density change cali-
brated to a known standard, and, as expected, an increase
in concentration in AGF compared with blood and buffy
coat reflecting the volume reduction was observed (Fig. 11)
(89). Additional evaluation of PDGF content in the PPP
and the filtrate following ultraconcentration was made to
ensure minimal amounts of growth factors were lost dur-
ing AGF preparation (Fig. 12).

A growing number of laboratory studies have demon-
strated direct and dose-dependent effects of extended ex-
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Figure 9. Distribution of platelet counts in
the platelet-rich plasma fraction using man-
ufacturer’s cell separator protocols over a 9-
month timeframe at a leading early platelet
gel institution. With a median level just
above baseline, the observed variability led
to less subjective, more quantifiable, opti-
mized protocols for the preparation of AGF
from buffy coat.

Table 2. Comparison of Manufacturer Protocols with
Optimized Buffy Coat Sequestration Protocols

Platelet concentration (x106/ml)

Device Manufacturer ICI Optimized

Medtronic Sequestra 607 670
Haemonetics Cell Saver 5 358 760
Sorin Compact Advanced 613 815
Cobe BRAT 2 504 900
Fresenius C.A.T.S. 422 (96 ml) 435 (180 ml)

In all cases, the optimized protocols result in a higher platelet concentra-

tion (87).
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posure to platelets and their releasates on the recruitment
and proliferation of osteoblasts and uncommitted progen-
itor cells (61,90–94). In a landmark study on human fetal
osteoblast cultures, Slater et al. concluded that the
marked increases observed in proliferative activity and
the continued differentiated activities, including matrix

formation and mineral deposition of osteoblast-like cells in
the platelet-supplemented cultures, provide evidence to
support the proposal that the substances released by
platelets may play a role in and have clinical applications
in fracture healing (61). This group also evaluated buffy
coat and AGF in their culture model, and preliminary
findings demonstrated a significant proliferative response
compared with the controls, but also that while the AGF
cultures maintained their osteoblastic activity as mea-
sured by alkaline phosphatase, the buffy coat cultures had
lost about 30% of their activity over time (Fig. 13) (90).

Recently, Haynesworth et al. presented an in vitro
study looking at the effects of PRP on mesenchymal stem
cell proliferation, chemotaxis, and differentiation (91). The
platelet releasates were documented to mitogenically in-
crease stem cell numbers and stimulate their chemotactic
migration in a dose-dependent manner, without affecting
the cells’ osteogenic potential. However, the releasates did
not support osteogenic differentiation in this culture
model. Similar dramatic effects have been documented
for stromal stem cells by Lucarelli et al. (92), trabecular
bone-derived osteoblasts by Gruber et al. (93), and osteo-
blast precursor cells by Weibrich et al. (94).

8.2. Animal Models

Most of the in vivo evaluations of AGF to date have been in
spinal applications. Walsh et al. studied the effects of AGF
in combination with different graft materials in a postero-
lateral sheep spinal fusion model (95). An instrumented
fusion at L3–L4 was created in 24 aged sheep, and grafted
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bilaterally with either autograft alone, autograft with
AGF, Pro Osteon 500R with AGF, or Pro Osteon 500R

with AGF and aspirated marrow (Fig. 14) (95). Fusion
rates as determined by x-ray and CT scans, mechanical
analysis, histology, and immunohistochemistry were used
to evaluate the fusion at 6 months. Fusion rates and me-
chanical stiffness are shown in Table 3. The addition of
AGF to autograft increased the fusion rate compared with
autograft alone, whereas the combination of Pro Osteon,
AGF, and marrow demonstrated equivalent fusion rates
and a trend toward increased stiffness compared with au-
tograft. In this challenging model, the AGFþPro Osteon
group alone was not equivalent to the other groups, per-
haps because of the reduced numbers of host progenitor
cells available in these aged animals. In an earlier post-
erolateral fusion study examining Pro Osteon 500R with
and without AGF, this group evaluated the fusion site at
three months using immunohistochemistry and found in-
creased biological activity of many growth factors at the
AGF-treated fusion site, including not only PDGF, TGF-b,
bFGF, and IGF, but also BMP2 and BMP7 (96), which
lends credence to the concept of increased recruitment and
proliferation of osteoblasts by AGF, with their subsequent
expression of various BMPs at the appropriate times in
the healing cascade.

Several studies have examined the use of AGF in an
interbody fusion model. Allen et al. concluded that the
combination of AGF and Pro Osteon 200R was as effective
as autograft at producing interbody fusion in disc levels
treated with a threaded interbody fusion cage (97). Five
skeletally mature sheep underwent lateral discectomy
and interbody fusion with custom BAK/Proximitys

threaded fusion cages. Two nonadjacent thoracic disc lev-
els (T10–11; T12–13) were used in each animal; one level
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Figure 14. Posterolateral composite graft consisting of AGF, Pro
Osteon 500R, and marrow cells, implanted in an aged sheep
model. From Walsh et al. (95).
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Figure 13. Relative alkaline phosphatase activity in fetal osteo-
blasts after culture with unfiltered buffy coat and AGF. Although
increased proliferation was observed in both groups, maintenance
of osteoblastic function was only observed in the AGF group.

Table 3. Fusion Rates and Mechanical Stiffness of the
Graft Site in an Aged Sheep Model (95)

Group Fusion Rate Stiffness (N/mm)

500RþAGF 16% (1/6) 750.57145.6
Autograft 67% (4/6) 830.27129.7
AutograftþAGF 100% (6/6) 950.57140.8
500RþAGFþMarrow 67% (4/6) 1094.27330.9
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was grafted with autologous corticocancellous bone,
whereas the other was treated with resorbable Pro Os-
teons 200R supplemented with AGF. Animals were eu-
thanized 4 months postoperatively, and the thoracic spine
graded as either fused or not fused based on radiography
and computed tomography. Nondestructive compression
and torsional biomechanical tests were conducted, and the
stiffness and range of motion were calculated for each
specimen. Sections embedded in PMMA were microradio-
graphed and then stained with MacNeals tetrachrome.
The fractional areas of bone, cartilage, and fibrous tissue
were measured within the central region of the fusion
cage. In this study, as in the Walsh study, the increase in
platelets and growth factors was measured to be over six
times baseline levels. Radiography and axial CT revealed
solid bridging in only one of four autograft specimens com-
pared with three of four Pro Osteon-AGF specimens (Figs.
15a and 15b). Histomorphometry confirmed that the na-
ture of the tissue within the fusion site was qualitatively
and quantitatively similar in the two groups, consisting of
mature mineralized bone interspersed with islands of end-
ochondral ossification, fibrocartilage, and fibrous tissue.
Mechanical test data showed a consistent trend toward
higher stiffness values in the Pro Osteon-AGF specimens,
but these differences did not reach statistical significance
with the limited sample size.

An interbody fusion study of similar design was con-
ducted by Sefter et al. in which 14 mature Alpine goats
received various treatments at the C3–C4 and C5–C6 lev-
els, including Rabea Cages packed with either local au-
togenous bone or AGFþPro Osteon (98). At four months,
radiographic analysis from three independent observers
and biomechanical analysis indicated no statistical differ-
ence in fusion rates between autograft and AGFþPro
Osteon.

Two recent studies have been presented to date on the
use of DePuy’s Symphony system in the spine. In Sethi et
al., platelet gels concentrated to 1 million platelets per
microliter were added to either 1.5 cc (reduced volume) or

3.0 cc (normal volume) of autograft in an L5–L6 inter-
transverse rabbit fusion model (99). Analysis at five weeks
revealed no difference in flexion (3.571.81 with platelets
vs. 3.471.01 without) or fusion rate (both 86%) upon the
addition of the platelets to the normal graft volume group.
In the reduced-volume group, however, flexion decreased
from 6.773.71 to 4.672.61 and the fusion rate doubled
from 29% to 58%, indicating that concentrated platelets
may be of significant benefit when graft quantity is lim-
ited.

More recently, Li et al. compared an osteoconductive
scaffold (b-tricalcium phosphate) with and without PRP
produced from Symphony to autograft in a 3-level porcine
ALIF model (100). Brantigan cages were used, and the
fusion mass explanted at 3 months. Both the b-TCP alone
and the b-TCP with PRP yielded 10% new bone, compared
with 42% for the autograft group, indicating that, in this
ALIF model, TCP loaded with PRP did not show better
results than using TCP alone, and both had a poorer out-
come than that of autograft. Speculation about possible
reasons for the lack of efficacy include suboptimal volume
of PRP added to the cage or fibrous tissue enhancement
because of micromotion of the segments studied.

Outside the spine, the ability of AGF to enhance bone
ingrowth into a chamber implanted bilaterally into the
proximal tibiae of athymic rats was evaluated by Si-
ebrecht et al. (101). The chambers in this well-established
model allow tissue ingrowth from one end of a long cylin-
drical space, so that ingrowth distances along the cylin-
drical axis can be measured (102). The use of athymic
animals allowed human blood to be used to make the AGF.
Seventeen rats received pairs of titanium bone chambers
filled with Pro Osteon 200 implanted bilaterally in the
proximal tibiae. In one chamber in each rat, the hydrox-
yapatite was impregnated with the AGF and thrombin to
form a gel. The rats were sacrificed after 4 weeks, and
tissue (boneþ soft tissue) and bone ingrowth were mea-
sured as ingrowth distances on histological slides. As
shown in Fig. 16, AGF more than doubled the bone in-

Figure 15. CT images from Allen et al. (97) indicating bridging bone through an intervertebral
cage containing autograft (a) or Pro Osteon 200R and AGF (b).
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growth distance, from 0.8 mm in controls to 1.8 mm, and
also significantly increased the total tissue ingrowth dis-
tance by two-thirds, from 2.9 mm in controls to 4.1 mm.

A second nonspine study worthy of mention showed
that the use of AGF with morselized bone allograft in-
creases the strength of early fixation and the osseointe-
gration of noncemented implants (103). This study used
eight dogs to examine the effect of allograft chips with or
without AGF on bone ingrowth across 2 mm into plasma-
sprayed cylindrical titanium implants. By adding AGF to
allograft, ultimate strength significantly increased by 50%
(1.24 MPa to 1.88 MPa, po0.05). Furthermore, AGF sig-
nificantly increased bone in contact with the implant from
7 to 11% (po0.05). The AGF-treated group also demon-
strated increases in interface stiffness and energy to fail-
ure; but this trend was not statistically significant. No
evidence existed of increased bone graft resorption with
AGF, in contrast to a previous study with bone graft and
exogenous OP-1 (104). In a further study by this group
that highlights the point that different preparations can-
not be judged together, centrifuged PRP with allograft did
not show any increase in ultimate shear strength, energy
absorption, and apparent stiffness (105).

9. ORTHOPEDIC CLINICAL EXPERIENCE AND OUTCOMES

The concept of applying platelet releasates to enhance
wound healing has been discussed since the 1980s (31,85),
and platelet gels prepared intraoperatively from the cell
separators have been used clinically in soft tissue for the
better part of a decade (106–111). Oral/maxillofacial sur-
gery has been the area of greatest use, with additional
usage in plastics, wound care, obstetrics, ENT, cardiotho-
racic surgery, general surgery, and orthopedics.

Anecdotal results were positive, although a definitive
clinical study was not published until 1998, when Marx et
al. examined the effects of small volumes of PRP on graft

enhancement in mandibular defect reconstruction (71). At
the 6-month interval, radiographic and histomorphomet-
ric studies were done to examine the maturity and density
of the grafts, respectively. The results showed that PRP
caused the graft to assume a greater rate of maturation
and a greater bone density compared with controls, indi-
cating that PRP is an effective clinical method for man-
dibular bone graft incorporation enhancement.

The effectiveness of PRP gels in orthopedic soft tissue
applications to promote wound healing and decrease blood
loss have recently been demonstrated by Mooar et al. (112)
and Pritchard (113). In 106 total knee arthroplasty cases,
Mooar applied PRP gel from the Medtronic Sequestra to
cut bone surfaces, the synovium, and the lining of the
wound at closure after tourniquet release. They docu-
mented an earlier function range of motion (increase of
6.11), a smaller drop in patient hemoglobin post-op (2.68 g/
dl vs. 3.12 g/dl), and a reduced hospital stay (4.04 days vs.
5.07 days) in the patients that received the PRP gel com-
pared with their historical controls. Further, IV narcotic
use was halved (17 mg/day vs. 34.5 mg/day), and oral nar-
cotic requirements also decreased (1.84 pills/day vs. 2.72
pills/day) (112). Pritchard applied PRP to 28 patients un-
dergoing a mini-open rotator cuff repair, with an addi-
tional 29 patients serving as untreated controls (113). At 8
weeks post-op, he reported that 57% of PRP-treated pa-
tients had a pain score � 2 and met the functional range of
motion landmarks required for release from physical ther-
apy, which was significantly greater than the 21% of un-
treated patients who met the same criteria at 8 weeks
(113).

PRP gels have seen limited use and have not been
widely studied clinically in orthopedic bone grafting ap-
plications, however. In contrast, since its 1999 launch in
the United States, AGF has been used in over 50,000 bone
grafting cases. Both retrospective analyses and prospec-
tive studies have examined the clinical effect of AGF in a
variety of orthopedic applications, either in conjunction

0

0.5

1.0

1.5

2.0

2.5

3.0

3.5

4.0

4.5

tis
su

e 
in

gr
ow

th
 d

is
ta

nc
e 

(m
m

)

0

0.2

0.4

0.6

0.8

1.0

1.2

1.4

1.6

1.8

Pro Osteon Pro Osteon + AGF Pro Osteon Pro Osteon + AGF

bo
ne

 in
gr

ow
th

 d
is

ta
nc

e 
(m

m
)

(a) (b)
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as well as increased total tissue ingrowth (b) in grafts containing AGF and Pro Osteon 200, com-
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with an appropriate trabecular graft material as a substi-
tute for harvesting iliac crest bone or as an enhancer to
potentially increase the fusion rate or decrease the time to
fusion when used with autograft (114–128). Case reports
and initial analyses have been favorable in a number of
various indications, including posterolateral and inter-
body adult spinal fusion, scoliosis, revision total joint ar-
throplasty, delayed and nonunions, and complex foot and
ankle fusion.

The first preliminary bone grafting results with AGF
were published by Lowery et al. in a nonrandomized, ret-
rospective clinical series of 19 patients (114). AGF was
used as an adjunct to autologous bone and coralline
hydroxyapatite (Pro Osteons 500) in anterior and post-
erolateral fusions. No pseudarthroses were identified at 6
to 18 months postoperatively with a large majority of lev-
els graded as fused radiographically. Visual confirmation
of fusion was obtained in five patients who underwent ad-
jacent level fusion or had their hardware removed.

Several studies in which surgeons prospectively
tracked AGF patients have been presented at major
peer-reviewed clinical and scientific conferences. Lettice
et al. evaluated AGF in instrumented posterolateral lum-
bar arthrodeses (115). Preliminary results based on serial
radiographs of 34 patients with at least 5 months follow-
up suggested that the combination of AGF and autograft
produced a more rapid maturation of the posterolateral
graft compared with historical controls of autograft with
allogeneic demineralized bone matrix gel. Kucharzyk et
al. tracked 42 patients who had undergone an average 3-
level instrumented lumbar fusion and were grafted with
AGF, Pro Osteon, and local laminar and spinal process
bone (116). Solid fusion was observed radiographically in
95% (40/42) of patients, with a clinical success rate of 93%.
When compared with the literature, these results were
similar to instrumented fusions grafted with iliac crest
autogenous bone without the increased morbidity at the
harvesting site.

In a retrospective analysis of AGF used as an enhancer,
Hee et al. independently examined 23 patients with AGF,
autograft, and TLIF instrumentation who underwent 1- or
2-level fusions and compared it with 111 patients from
their historical controls with just autograft and TLIF
(117). Upon x-ray at only 4 months, 70% (16/23) of the
AGF patients showed evidence of bony fusion, compared
with 36% (40/111) of controls. At 6 months, all patients
who would ultimately heal were fused with AGF (22/23,
96%), compared with 64% (71/111) of controls. Differences
at both of these time points were significant (po0.05). The
one pseudarthrosis in the AGF group was a chronic
smoker with a failed previous lumbar fusion at L4–L5
and also presented with DDD and spinal stenosis at L5–
S1. She had a TLIF at L5–S1 and posterolateral fusion
from L4–S1, but still developed a pseudarthrosis. At 24
months, 22/23 (96%) of the AGF group remained fused.
Although this result was not ultimately significant over
the control autograftþTLIF group (104/111, 94%), the
clinical benefit of a decreased time to healing to both pa-
tient and the health-care system is significant. Another
important aspect of this study is that the platelet, PDGF,
and TGF-beta information were quantified, verifying

proper preparation of the AGF. They reported a platelet
count of 1.3 million (B5 � increase), a 6 � increase in
PDGF, and a 4 � increase in TGF-b (117).

Bose et al. published a retrospective analysis of AGF
used with local bone and Pro Osteon, reporting on his first
60 patients undergoing interbody fusion or posterolateral
intertransverse fusion (118). No iliac crest bone grafting
was used. Early clinical outcomes indicated solid or ma-
turing fusions in 58 of 60 patients. No adverse effects were
observed that could be attributed to AGF, and the authors
concluded that AGF represents an economical and readily
available autologous source of growth factors to enhance
bone healing.

Similarly, a recent presentation by Broom retrospec-
tively studied 177 patients who had 1–2-level instrument-
ed lumbar spine fusions, no previous lumbar surgery, and
no iliac crest bone graft at the time of their fusion (119).
Most patients presented with degenerative spondylolis-
thesis (74) patients, isthmic spondylolisthesis (36) pa-
tients, and stenosis and instability (61) patients. Local
bone from spinous process and lamina was used along
with cortical demineralized allograft and AGF. Patients
were analyzed radiographically using A/P, lateral, and F/E
x-rays at an average of 15 months follow-up. Nine patients
were judged to have pseudarthroses, a nonunion rate of
5% (9/177). On further analysis of the pseudarthroses,
seven occurred in patients with isthmic spondylolisthesis,
where it was also noted that fractures of the sacral screws
were prevalent. Excluding this group, pseudarthrosis rate
in the remaining patients was 1.4% (2/141), leading the
author to conclude that the combination of local bone,
demineralized cortical allograft, and AGF has been shown
to yield a high fusion rate without the use of iliac crest
bone graft.

Other retrospective analyses in adult spinal fusion in-
clude those by Waldrip (120), Logan et al. (121), and Ku-
rica et al. (122). Waldrip has documented a 97%
radiographic fusion success without iliac crest bone for
posterolateral fusion in 103 elderly patients (average age
76 years, average 3 levels fused) using a combination of
AGF, bone marrow aspirate, local bone, and either allo-
graft chips or ProOsteon (120). Logan et al. found that the
use of AGF and resorbable coralline hydroxyapatite in 15
patients as an adjunct to autologous bone yielded an ex-
tremely high fusion rate and solid fusion before 24 months
postoperatively, an improvement on fusion rates with au-
tologous bone alone in the published literature (121). In a
preliminary study, Kurica et al. demonstrated the ability
of a bone graft replacement consisting of AGF with Pro
Osteon 500R in instrumented posterolateral lumbar fu-
sion to be effective in producing new bone and a subse-
quent solid fusion as an extender of autograft (122). On
one side of the posterolateral fusion in 22 patients, AGF
was mixed with resorbable Pro Osteon, whereas auto-
logous bone taken from the iliac crest was mixed with
DBM 5gel and placed on the contralateral side. At a mean
follow-up of 17.5 months, radiographic evaluation showed
solid fusion in 91.0% (20/22) of the AGF and ceramic sides
and in 81.8% (18/22) of the autograft and DBM sides.

Rohmiller et al. demonstrated that grafts consisting of
local bone, Pro Osteon 500R, and AGF were safe and ef-
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fective alternatives to autogenous crest or allograft bone
in deformity correction (123). Twenty-one patients who
underwent instrumented posterior spinal fusion were fol-
lowed for a minimum follow-up of 24 months, and all pa-
tients were judged to have a stable spinal fusion by clinical
and radiographic analyses.

Positive retrospective results have also been reported
in long bone nonunions by Jimenez and Anderson (124).
AGF, morselized allograft, and electrical stimulation were
used on 109 long bone nonunions in 107 patients with an
average nonunion duration of 12 months. 105 of 109 (96%)
healed clinically and radiographically, and the four initial
failures were successfully revised with AGF, indicating
that this approach appears to be a safe and efficacious al-
ternative to autologous bone grafting in severe nonunions.
In the only direct clinical comparison of two different
methodologies, Grant and Jacobus studied both AGF (In-
terpore Cross) and PRP (Harvest SmartPRePTM) mixed
with morselized local dead bone graft material and fixa-
tion in high-risk midfoot fusion procedures (125). They
found a total fusion rate of 91% with AGF compared with
71% with PRP (125). Like PRP, AGF has been shown to
reduce postoperative blood loss as well. Birch et al. ran-
domized 70 patients undergoing posterior instrumented
lumbar fusion to receive AGF gel on all the raw surfaces of
their wounds prior to closure, or no spray. AGF reduced
postoperative blood loss by 34% compared with controls,
whereas in cases when intraoperative blood loss was
greater than 500 ml, the difference was even greater
(44%) (126).

Although these retrospective or prospectively tracked
studies provide useful information and offer insight into
the efficacy of AGF in multiple potential applications,
more rigorous masked, prospective studies in these fields
are needed, and are in fact underway. In spinal applica-
tions, these studies seek to evaluate the use of AGF both in
combination with autogenous iliac crest bone and as a
substitute for autograft. These studies are critical for the
long-term acceptance of AGF as a biologic enhancer of
bone regeneration. Jenis et al. (127) randomized 37 pa-
tients undergoing 1 or 2 level L3–S1 anterior/posterior in-
terbody fusion for DDD/spondylolisthesis to one of two
graft treatment groups: iliac crest autograft (22) patients,
or AGF combined with cancellous allograft (15) patients.
The operative technique consisted of an ALIF approach in
which the endplates were preserved, a titanium mesh cage
with the graft material implanted in the interbody space,
and standard posterior pedicle screw fixation. A/P, lateral,
and dynamic flexion/extension radiographs were taken at
6 weeks and 3, 6, 12, and 24 months, and as well as a 6-
month reconstructed CT image. Images were evaluated by
an independent reviewer. Clinical outcome data was in-
dependently collected based on VAS pain scores, Oswestry,
and SF-36 questionnaires. With an average follow-up of 17
months, 85% of the autograft group and 89% of the allo-
graft/AGF group were considered radiographically fused.
Using strict criteria, 56% of the patients in both groups
were considered fused based on the CT reconstruction. No
significant differences in clinical outcomes between the
treatment groups were observed; decreases in VAS pain
scores and Oswestry disability scores, and the increase in

SF-36 scores were all identical. Additional benefits were
lack of postoperative donor site morbidity and improved
graft handling characteristics (127).

In the treatment of 57 delayed and nonunions, Volgas
found that the complication rate, and possibly time to
healing, were less using AGF and allograft compared with
autograft, with similar success rates (128). 25 patients re-
ceived iliac crest bone graft and 32 patients received AGF
and cancellous allograft chips. Postoperative pain aver-
aged 6/10 on day two with autograft versus 4.7/10 on day
two with AGF/allograft. Radiographic time to union was
194 days in the autograft group and 119 days in allograft/
AGF group, although outliers existed that may explain the
differences. 3/20 (15%) of autograft patients and 6/31
(19%) of allograft/AGF patients required re-operation for
further nonunion, a statistically insignificant difference.
SF-36 scores (33 for autograft and 32 for allograft/AGF)
and days in the hospital (2.9 for autograft and 2.7 for au-
tograft) were also not significantly different. Dr. Volgas
concluded that the complication rate, short- and long-term
pain, and perhaps even time to healing are less using AGF
and the failure rates of the two procedures are similar
(128).

Some authors (129,130) have reported no measurable
additive effect from the application of AGF to autograft
with instrumented posterolateral fusions where the con-
trol group of autograft alone demonstrated success rates
well above 90%, not a surprising outcome. As shown by
Hee et al., however, the clinical benefit of AGF in such
settings is a significant acceleration of time to healing
(117), a considerable benefit to patients, surgeons, and the
health-care system at large. One report, from Weiner and
Walker, has suggested that AGF may inhibit bone graft
repair in the setting of noninstrumented posterolateral
fusion (131). However, substantial flaws exist in their
analysis (132). They claimed a 91% radiographic fusion
success in the control group with autograft alone, a sur-
prisingly anomalous outcome compared with the rest of
the literature where only 60–70% success has been seen
with noninstrumented fusion (133–141) and one for which
they offer neither explanation nor discussion. In compar-
ison, the AGF group outcome of 62% fusion is not out of
line with consensus results for this type of procedure. In
addition, their proposed theoretical basis for ‘‘inhibition’’
by AGF—that it interferes with BMP function—is solely
drawn from a pair of in vitro studies where single rhPDGF
and rhTGF-b were employed with rhBMPs (142,143).
Other studies contradict their hypothetical basis, report-
ing that TGF-b demonstrated enhanced bone formation
with both BMP-2 and OP-1 compared with either rhBMP
alone (144,145). Interaction between two individual re-
combinant growth factors at pharmacological doses is un-
likely to reflect the myriad subtle and intricate
interactions that occur between autogenous BMPs and
the numerous factors contained in AGF. At most, this re-
port suggests that a proper prospective, randomized, con-
trolled study of AGF in noninstrumented posterolateral
spinal fusion is desirable.
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10. CONCLUSIONS

The autologous nature of AGF or PRP is attractive to cli-
nicians and patients alike because it provides a source of
multiple osteopromotive growth factors and is non-
immunogenic. Only with the advent of dedicated systems
offering consistently elevated platelets, white cells, and, in
the case of AGF, fibrinogen has the orthopedic market
started to explore and embrace this autologous, multiple
growth factor solution to enhancement of bone regenera-
tion. The hypothesized mechanism of action of blood-de-
rived growth factors, based on studies of individual and
multiple exogenous factors, has begun to be confirmed
through in vitro studies evaluating the direct application
of platelets and buffy coat on progenitor and bone cells,
and, with in vivo animal models, demonstrating increased
bone formation, fusion rates, and biological activity. Initial
clinical studies that have followed proper AGF prepara-
tion techniques have reported excellent results in spinal
fusion and other applications. AGF mixed with synthetic
or allogeneic grafts have demonstrated fusion or nonunion
healing results equivalent to the gold standard of auto-
logous grafts and reduced or eliminated the need to har-
vest bone from the patient’s hip, and the addition of AGF
to autogenous bone grafts have shown evidence of de-
creased time to fusion. As always, longer-term follow-up
and the publication of indication-specific prospective,
masked clinical studies is critical for the widespread ac-
ceptance of autologous gel therapies. In addition to more
rigorous trials evaluating their efficacy in bone repair and
regeneration, future research directions may focus on the
use of these gels as carriers of other biologic cells and
molecules. Their ability to gel in situ, encourage vascular-
ization and tissue ingrowth, and degrade in a matter of
days to weeks may make them ideal candidates for regen-
eration of intervertebral disc nuclei, repair of meniscal or
cartilage lesions, or orthopedic soft tissue applications.
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You will say, ever since such and such a time you have been

going downhill, you have been feeble, you have done nothing. Is
that entirely true?

Vincent van Gogh, Letter to Theo van Gogh (July 1880) (1)

1. INTRODUCTION

Many problems in computational sciences, and by impli-
cation biomedical engineering, are too difficult for conven-
tional, direct analysis: They are non linear; or they require
extensive a priori knowledge about the distribution of
values; or they cannot guarantee reasonable results.
Artificial neural networks (ANNs), first proposed by
McCulloch and Pitts in 1943 (2) and described elsewhere
within this volume, can be a useful family of tools to help
address such problems. Many different ANNs exist, one of
the most useful types are the multilayer, feed-forward
sigmoid neural networks trained under back-propagation.
These networks and this training method are the focus of
this chapter.

Two key components make up any successful ANN: the
nature of the network (chiefly, the repeating computa-
tional unit, the neuron); and the method by which the
network is trained, by which the connections between
neurons are strengthened or weakened to help produce
the desired behavior. An abundance of literature exist on
both of these subjects; this treatment deals directly with a
very useful, specific intersection: Multilayer feed-forward
neural networks trained under back-propagation.

The chapter begins with a brief introduction to the
theory and nature of these ANNs, which leads to a review
of how these networks are used in practice, and then to a
review of key applications of these networks and training
algorithm in biomedical engineering. Each of these topics
is considered in a separate section that follows.

2. THEORY

For a more detailed discussion of ANNs in general, please
see the corresponding chapter elsewhere within this text.
What follows is the briefest possible review of the me-
chanics of ANNs, so as to provide adequate context for the
ensuing presentation of multilayer, feed-forward ANNs
trained using back-propagation.

2.1. Background

All ANNs are directed graphs of simple computing units,
or neurons. A single neuron is depicted in Fig. 1, labeled
Y0.

The following elements are significant:

* Inputs: The left-hand column of boxes represent
inputs. These inputs may come directly from cases
presented to the network, or they may be the outputs
from other neurons. Note that the top input has a
constant value of 1.0; this node is a bias node.

* Weights: Each input’s signal is attenuated by a
weight, some wi-0.

* Activation: The neuron, Y0, converts the sum of the
weighted input signals to a single output signal via
an activation function. That is, y0¼ f ð

P

i xiwi!oÞ, for
some suitable f to be considered shortly.

* Output: The single output signal, y0, may either be
read as a terminal output (a prediction for some
property for which you have trained the network),
or it may be an intermediate output value that is
sent, attenuated by its own set of weights, to other
neurons for continued processing.

When these neurons are connected together to form
networks, they are trained to adjust the connection
weights so that they can map a series of input patterns
to a series of output patterns1. When done well, this
process is more than rote memorization, because the
combination of variation in the cases used to train the
network with the training algorithm often produces an
ANN that generalizes significant properties of the larger
system.

Clearly, the knowledge contained in any ANN is embo-
died in both the shape of the network (its topology) and in
the connection weights themselves. The network topology
is generally less fluid than are the connection weights,
which undergo many refinements during training. Each
network type has one or more weight-training algorithms.

One of the earliest and simplest neurons, the percep-
tron, could be used to address some interesting problems
(3), but as Minsky and Papert pointed out (4), the percep-
tron is rather severely limited.

Figure 1. A generic neuron.

1
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An ANN exists, however, that addresses these con-
cerns, and allows the practitioner to address very difficult,
non linear problems: the multilayer, feed-forward ANN.

2.2. Multilayer, Feed-Forward Networks

The architecture is simple (see Fig. 2). One input layer
and one output layer exist. Note that the output layer can
consist of multiple neurons. One or more hidden layers
also exist; that is, layers that are internal to the network,
and produce no output that is visible from outside of the
ANN. Figure 2 only shows one hidden layer, but many
may exist. There is not necessarily any limitation on the
number of neurons that may be in a hidden layer, nor is it
necessary for the graph to be fully connected, although it
is customary. Many attempts have been made to try to
define rules to suggest how many hidden layers, and how
many neurons per hidden layer, to use in a network for a
given purpose; see the discussion of Probably Approxi-
mately Correct (PAC) Learning for more details on this
subject.

These networks are sometimes referred to as ‘‘sigmoid’’
networks, a title that highlights the activation function.
That is, once the inputs have been weighted and summed,
the function that computes the neuron’s output is the
sigmoid function; see Equation 1.

f ðxÞ ¼
1

1þ e�x
: ð1Þ

Note: It is not strictly necessary for the activation
function to be the sigmoid function for this class of ANN
to provide all of its desirable properties. The constraints
on the activation function that are relevant to back-
propagation are as follows:

* The function must be differentiable, and hence, con-
tinuous.

* The function ought to be defined for the entire real
number line.

* The function ought to return values on [� 1, þ1] in
the case of bi-polar data representation, or [0, 1] in
the case of binary data representation.

Other common choices for the activation function for
these networks include arctangent and hyperbolic tan-
gent.

With increased capability comes increased complexity:
A multilayer, feed-forward network requires a consider-
ably more elaborate weight-training scheme than does a
perceptron. Fortunately, an elegant solution exists: back-
propagation.

2.3. Gradient Descent

Back-propagation is a gradient-descent method. Like
other gradient-descent methods, it is easy to visualize.
Consider an intuitive, visual treatment of gradient des-
cent first, and then a more detailed mathematical pre-
sentation of the same topic.

When you first create an artificial neural network, and
initialize the weights to some values, the network will
probably not perform well. That is, the mean-squared
error (MSE) between the actual outputs and the desired
outputs will be high. Many different combinations of
possible weights exists, most of which will produce slightly
different MSE terms. If you were trying to pick the optimal
value for a single weight in the network, you might
generate a graph like that in Fig. 3, in which the x-axis
is the value of the weight you are adjusting, and the y-axis
is the MSE of the network for each value of that weight.
Clearly, the lowest MSE value is located at point A on the
plot; if you wished the network to perform best with all
other weights frozen, you would set your target weight to
the value corresponding to point A.

To identify the lowest MSE value requires having the
entire plot, but this is time-consuming to create, even for a
single weight value. Instead, gradient-descent methods
make a simplifying assumption: Wherever your initial,
typically random, value starts, always head downhill. If
you begin at point a on the plot, and can recognize that the
slope of the plot at that point is negative, then you should
adjust your weight value to follow that slope: Follow the
curve downhill, using relatively small steps. Eventually,
you may well end up at point A, the lowest MSE on the
plot, without having first generated the entire plot.

An inherent risk of gradient-descent methods such as
back-propagation is that, because they rely on only local
data to adjust weights, they can become stuck on local
minima. Assume that your network started at point b on
the same plot, and moved downhill, which might lead you

Figure 2. The multilayer, feed-forward ANN. Figure 3. Gradient descent.
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to identify point B as the best network weight configura-
tion, because all paths leading away from point B entail
moving uphill. Knowing the shape of the entire plot, one
can identify point A as the global minimum.

Remember that a local minimum may be good enough:
The example in Fig. 3 suggests that points A and B are
significantly different, which may not be the case. If the
MSE at point A is 1.1�10�8, and the MSE at point B is
1.6�10�8, then both points may represent acceptable
solutions. The effort spent to refine the solution must be
commensurate with the requirements of your application.

In more formal terms, consider what it means to train
the network to reduce the total mean-squared error of an
ANN by following the gradient. As the name implies, the
error is computed for the output neurons, and then
allowed to propagate backwards through the network.
The error, E, for the entire network can be expressed in
Equation 2 as:

E¼
1

2

X

j

ðtj � yjÞ
2: ð2Þ

The direction downhill is defined by the gradient of the
curve; the weights should be adjusted so that the total
error is reduced, which means moving against the partial
derivative of MSE with respect to the single weight one
wishes to adjust. Remember that to fight cycles in weight
training, a learning rate, a, is often useful. Hence, the full
weight update is computed by:

Dwi!j¼ � a
@E

@wi!j
: ð3Þ

Equation 3 is computed differently for an output neuron
than for an internal node. Consider Fig. 4 throughout the
following discussion.

To update wi-j, a weight attenuates the connection
from intermediate node Hi to output node Yj. This weight
is updated according to Equation 4, where tj is defined as
the known correct value for output neuron j, and yinj

is the
sum of weighted inputs on which Yj’s activation function

acts.

Dwi!j¼ � a
@E

@wi!j

¼ � a
@E

@yj
�

@yj
@wi!j

� �

¼ aðtj � yjÞf
0ðyinj
Þhi:

ð4Þ

Given two internal nodes, Hk-Hi, and the correspond-
ing connection weight wk-i, the adjustment of this weight
is defined by:

Dwk!i¼ � a
@E

@wk!i

¼ � a
@E

@hi
�

@hi

@wk!i

� �

¼ � a �
X

n

dnwi!n

 !

f 0ðhini
Þhk:

ð5Þ

It is customary to define an intermediate function, d,
when describing the back-propagation algorithm, defined
in Equation 6. Using this definition, it is possible to
summarize the entire back-propagation scheme using
the following simple equation: Dwa!b¼ adbha.

db¼

ðtb � ybÞf
0ðyinb
Þ if node b is an output neuron

�
P

n
dnwb!n

� �

f 0ðhinb
Þ: if node b is an internal neuron

8

>

<

>

:

ð6Þ

It becomes clear why the activation function needs to be
differentiable for a back-propagation ANN: The first deri-
vative of the activation function is part of the equation to
compute weight adjustment.

The main event loop for a multilayer, feed-forward
ANN trained under back-propagation looks something
like this:

1. Initialization: Create the network topology and in-
itialize the weights to small, random values.

2. Training: Present all training instances to be
learned which are the known cases. In response to
each known case, compute the error between the
ANN outputs and the known correct values; use this
error to update the network weights. One complete
iteration through the training instances is termed
an epoch.

3. Testing: Present test instances to the network. The
set of test instances is disjoint with the set of
training instances; that is, none of the test instances
were used to train the network. The error rate is

Figure 4. Example network to be trained under back-propaga-
tion.

1ANNs can perform more tasks than this, but they are outside the
scope of this presentation. Please refer to the longer, more general
discussion of ANNs in another chapter in this text.

BACK-PROPAGATION 3



computed on the body of test instances. No network
weights are adjusted during this phase.

4. Terminating condition: If the error rate is suffi-
ciently low, freeze the network weights. Otherwise,
return to the training phase described earlier. Con-
tinue looping until the terminating condition is
satisfied.

3. PRACTICE

The preceding section has described some of the back-
ground and motivation behind back-propagation and mul-
tilayer, feed-forward (sigmoid) ANNs. This section briefly
presents examples of how these ideas are used, and risks
that need to be managed for these ANNs to be effective.

3.1. Debugging Back-Propagation Networks

Training ANNs under back-propagation is not without
risks, the most significant of which are failure of the
network weights to converge, the tendency of the method
to settle on sub optimal local minima, and overfitting. In
this section, each of these risks is presented in conjunction
with ways each might be managed.

3.1.1. Convergence. Weights adjustments computed
using back-propagation will not necessarily converge;
when this happens, your never achieve a useful ANN. If
the error (cost) function has areas that are significantly
flat, for example, the gradient may be too small to en-
courage the network to reach any minimum in an accep-
table amount of time. In contrast, an error function that
has many tightly packed peaks and valleys may consis-
tently encourage weight adjustments that are too large, in
effect jumping from hillside to hillside rather than rolling
downhill.

A few strategies exists to help encourage convergence,
but they all approach the problem from one of three
perspectives: Change the error landscape to make it
friendlier to back-propagation; modify the network topol-
ogy; modify the back-propagation algorithm itself to make
it behave better on the existing error landscape. Each
approach is briefly considered here.

3.1.1.1. Changing the Error Landscape. Ideally, the cost
function would be smooth and bowl-shaped, akin to y¼ x2,
providing back-propagation with a single, easily-attain-
able global minimum. In practice, the error landscape
rarely is so accommodating, but it may be possible to
influence its shape so as to make weight training easier
and faster.

The following issues are important to consider both as
you design the initial network and training scheme and
when you are trying to fight with a network that will not
converge:

* Represent data in a way that is meaningful. This
topic is considered in greater detail in the chapter on
artificial neural networks, but is also of significance
here. Data representation affects the shape of the

error landscape significantly: In the simplest case,
consider the choice between a binary and bipolar
representation; each will produce a different series
of peaks and troughs in terms of MSE. But data
representation can have a more subtle effect on the
fittness landscape. Consider an application in which
a sequence of nucleotides is the input pattern that
maps to a binary indicator of whether that location is
a probable splice site. One could naively choose to
represent each nucleotide as a single input neuron in
which A¼ � 1.0, C¼ � 0.33, G¼ 0.33, T¼ 1.0. This
representation is dangerous, because the ordering is
arbitrary, and denies the system the ability to differ-
entiate, for example, between the pyrimidines and
purines. A better representation might use multiple
input neurons per nucleotide, perhaps dedicating one
to the type of nucleotide (pyrimidine, purine) and one
to the presence or position of an amino group. Per-
haps a scheme that used four input neurons per
nucleotide would be appropriate, allowing one to
specify the degree of similarity or separation among
A, C, G, and T more elegantly. Careful design and
experimentation are key to finding an effective data
representation.

* Clean data. This effect is very similar to that of data
representation. Care must be taken to ensure that
the distribution of values within a given input neuron
is meaningful: If 96% of the values are on [� 1.0,
� 0.9], and only 4% are on [� 0.9, 1.0], the network is
unlikely to benefit from this input. Generally, exists
to ensure that a meaningful map exists between the
raw data value and the range chosen for the input
neuron. Normalization can be important when pre-
paring data for analysis. Also, one should be aware
that large volumes of inconsistent data (wherein one
input pattern maps to two significantly different out-
put patterns) may also inhibit convergence. Know the
data and the application domain, and tailor the net-
work and its training accordingly.

* Use a different cost function. MSE is not the only cost
function, although it is very common. Instead of
MSE, a network could use a linear error cost func-
tion, or one based on some estimate of entropy. It is
possible to hand-craft a novel cost function that is
specific to each application. Each of these choices,
however, will influence the performance of back-
propagation differently, and ought to be approached
with some trepidation.

* Modify the activation function. As back-propagation
relies on the gradient of the error function with
respect to each weight, and that gradient in turn
depends on the partial derivative of the activation
function, it is easy to see why adjusting the activation
function can influence the rate of convergence (5).

* Introduce noise into the training cases. Introducing
noise is a way to introduce minor variation into test
cases. If, for example, one is training a network to
learn the ubiquitous XOR function, they have only 4
test cases by default, which means that they may
require many iterations of back-propagation before
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their network converges. Inflating the number of
training examples by adding minor variations on
the real test cases can reduce the number of epochs
required to reach convergence, because each minor
variation essentially jogs the weight Training, help-
ing to prevent too much cyclic weight adjustment.

* Tailor the test cases. Although 10-fold cross-valida-
tion may be a useful way to estimate the average
performance of a network topology and weight-train-
ing scheme, completely random selection of the train-
ing and testing instances may prevent the network
from converging quickly. The data may oversample
some conditions; this oversampling may bias the
weight adjustment so that it is more difficult to reach
a stable set of weights. Again, the safe rule is: craft
the data and network to be complementary, not
conflicting.

3.1.1.2. Modify the Network Topology. Selecting a sui-
table network topology the number of input, hidden, and
output neurons and their connections is a topic well
beyond the scope of this chapter, but one should under-
stand that it is a crucial factor in the rate of convergence of
their network. In specific, one should refer to the chapter
on Probably Approximately Correct (PAC) Learning else-
where in this volume, as it contains key concepts on how
much information a network of a given size ought to be
able to contain.

Many interesting algorithms exist that change the
network over time to help convergence. Some grow the
network, whereas others start with a large network, and
prune nodes that contribute little.

3.1.1.3. Modify Back-Propagation. Many variations on
the back-propagation training algorithm exist such as
Quickprop (6); SuperSAB (7); and RPROP (8). Generally,
these methods focus on helping back-propagation net-
works converge faster. Quickprop, for example, remem-
bers the weight adjustments and the partial derivatives at
each node per weight, and uses these data to compute a
coarse estimate of the second derivative of error with
respect to each weight change (5). Being able to predict
higher-order derivatives allows quickprop to make more
intelligent decisions about step size and direction based on
models of where the function is heading in a larger sense.
Most of these back-propagation variants also use some
form of momentum, covered in the next section.

3.1.2. Local Minima. Even when a network’s weights
converge to a single, stable configuration, they may not
settle on a good configuration. As discussed previously,
local minima are associated with gradient-descent weight-
training algorithms: They occur when the initial network
weights are positioned so that strictly following the gra-
dient prevents one from reaching the best possible net-
work configuration. A few common ways exists to help
reduce the risk of getting stuck on a local minimum:

* Biased weight initialization. Clearly, the choice of the
initial connection weights defines where one begins

gradient descent with back-propagation. If one can
choose their starting point intelligently, they improve
their chances of reaching a global (or at least better)
optimum. Nguyen–Widrow initialization often is a
useful method of selecting good initial weights that
is based on a quick study of the distribution of values
among the inputs (9).

* Momentum. Originally, it was that network training
algorithms were subject to cyclic updates. The learn-
ing rate, a, mitigates this effect. A side-effect of the
learning rate, however, is that if it declines too
rapidly, the ANN may more easily get stuck on a
local optimum in the fittness landscape. Intuitively,
one might observe that, having been making updates
in one useful direction, the system ought to recognize
the value of having the improvement proceed along
that direction, which is accomplished by introducing
momentum. In back-propagation, the momentum
term is the product of a momentum rate, mA[0, 1],
and the magnitude of the preceding weight update.
This momentum term is added to the change in
weights for the current time-step:
Dwi!jðtÞ¼ adjyiþ mDwi!jðt� 1Þ.

* Simulated annealing. This term refers to a process in
metallurgy in which hot metals are gradually cooled,
allowing the material to reach a more stable state. In
gradient-descent methods, this process can be imple-
mented in multiple ways: It can be used to reduce the
gradient-descent step size over time from a large
initial value; periods of simulated annealing can be
interleaved with periods of back-propagation (10); or
simulated annealing can be used instead of back-
propagation.

* Genetic algorithms. Back-propagation may be slow or
may fail to converge when the error landscape is
highly multimodal, that is, if many local minima exist
that are unacceptable, with significant barriers se-
parating them from each other. GAs can perform well
in exploring such a fitness landscape and can be used
either with back-propagation or in lieu of gradient-
descent methods altogether.

3.1.3. Overfitting. ANNs are susceptible to overfitting,
that is, shaping the network so that it learns the test data
to the exclusion of the more general principal the test data
are to represent. Generally, overfitting occurs when too
few training instances are used to communicate a concept
that is much larger.

For example, assume you were trying to teach an ANN
how to discriminate between cars and airplanes based on a
few well-understood properties. If you present the net-
work with too few training data, then the network may
well over-exaggerate the importance of properties that
coincidentally help to explain the difference in the training
data, such as paint color. If most of the cars in your test
data sample are red, the the network training method may
reward weights that over-emphasize the importance of the
color red in determining whether a vehicle (instance) is a
car.
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Overfitting is insidious, because the fitness of an ANN
on training data will generally increase with the number
of epochs, yet at some point on the curve, training will
influence the connection weights in excess of the real,
useful information content of the training data. When this
happens, the network begins to be overfitted. Unfortu-
nately, the accuracy of the training data will likely con-
tinue to increase with additional epochs of training, which
means that as a researcher and a practitioner, you have a
responsibility to monitor (and publish) not only those
networks that produce impressive training accuracies,
but also to watch the gap between the training and testing
accuracy values. When either the gap begins to widen
significantly or the testing error begins to increase (see
Fig. 5), it may suggest that you are overfitting the training
data.

4. APPLICATIONS IN BIOMEDICAL ENGINEERING

Artificial neural networks trained under back-propaga-
tion are remarkably effective general problem solvers. To
highlight this property, consider the following list of real
applications, and note that generally these applications
are open-ended, difficult applications that are typified by
noisy or incomplete data, which makes these ANN sys-
tems particularly valuable tools.

4.1. Predicting Medical Outcomes

When a physician treats a shallow, open scalp wound,
decisions must be made, but they are reasonably well
understood and non controversial; no artificial intelligence
is required to assist either the physician or the patient.

When an oncologist is considering treatment options
for a patient with an internal tumor, many very difficult
decisions must be make, which is an example where ANNs
may contribute. As part of the treatment plan, there will
have been numerous tests performed on the patient and
the tumor; the medical record already contains informa-
tion such as base demographics and family and medical
histories. Billing records at the hospital provide historical
data about diagnosis codes, procedure codes, and out-
comes. Radiology has large volumes of images on this
and other cases. All of these data are candidates for
analysis within a neural network. The process of putting
a neural network in place might resemble the following:

1. What is the purpose of predicting outcomes? Com-
monly overlooked, this issue is the most important
to address in the entire effort. You might decide to
build a model of treatment success to help suggest
treatment plans for new patients; you might decide
to build a model to help train residents to under-
stand what constitutes real-life best practice in
oncology; you might build a model to suggest pre-
ventive care programs that could benefit the local
community; and so on. If you can build a reasonably
accurate model of medical outcomes, it can be put to
many uses.

2. What are the data to be analyzed? Experts health-
care providers and researchers surely have a good
intuitive understanding of the data elements that
are important; these elements are likely to be the
core set of inputs that you provide to the network.
Your application will help shape the outputs: Are
you interested in whether the patient is alive
through the end of treatment? through the end of
one year? through the end of five years?

3. Prepare your data set for analysis, which means
collecting all of the data from all sources: electronic
records, papers, interviews, and so forth. This pre-
peration also includes reviewing the data set manu-
ally; perhaps all of your patients are females, in
which case that field adds no value to the analysis.

4. Construct an initial network and begin training it.
The details will depend on what software package
you are using (or have written). Software such as
Matlab, for example, will automate many of the
topology and training decisions. For other packages,
you will have to make your own choices as to the
number of layers, the number of nodes per layer,
how to partition the test cases between training and
testing, how many epochs to allow back-propagation
to run, and so on.

5. Review. If the network predictions are accurate only
60% of the time, you will probably have to revert to
an earlier step, such as reconsidering your data,
representation, topology, or training method. Even if
you have acceptable predictive accuracy, you prob-
ably want to experiment to see how good a network
you can build.

6. Deploy the network. Select the best performing net-
work among all of the models you built and put it in
production use. As new data or procedures or ideas
become available, you may want to revise the ana-
lysis and compare the two.

For more detailed examples of how neural networks
have been used in predicting medical outcomes, see Refs.
11 and 12.

4.2. Image Processing

Computer tomography and photographic archiving and
control systems (PACS) make an overwhelming volume of
data readily available to biomedical practitioners and
researchers. Unfortunately, much of these data must still

Figure 5. Curve showing a network becoming overfitted.
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be analyzed by humans. The opportunity to shunt some of
these analysis tasks to hardware and software systems is
significant. Not only can automatic analysis be faster, but
cases exist where it may be more reliable, and at a
minimum more objective. Consider these image proces-
sing tasks where a neural network might be applicable:

* Tumor identification. Where precisely on the radiolo-
gical film does the tumor end and healthy tissue end?
This task is an inordinately complicated to perform
manually.

* Estimating the condition of a prosthesis. As an
artificial joint ages, its condition deteriorates. Medi-
cal images, when properly analyzed, may be able to
pinpoint not merely the adequacy of the device, but
may be able to identify key points of failure that are
not otherwise obvious.

* Pathology. Microscopic images can also be good can-
didates for automatic analysis, whether your applica-
tion is geared toward identifying deviant cells or
estimating cell counts.

The process for conducting an image processing project
using a neural network is very similar to that for predict-
ing medical outcomes. (See the preceding example.)
Clearly, very significant issues concerning the data repre-
sentation exist.

For more detailed examples of how neural networks
have been used in image processing, see Refs. 13–15.

4.3. Control Systems

One criticism of ANNs is that they operate like black
boxes: They accept inputs and produce outputs, but the
intermediate processing occurs in a manner that is not
easily understandable. This description, of course, is
remarkably similar to a controller: It is essentially a black
box that produces an output from some series of inputs.

Neural networks have proven to be useful at modeling
nonlinear control systems. The applications are consider-
able, including such possibilities as:

* Controlling the infusion rate of a drug to ensure that
the level of that drug in the blood matches the
prescription.

* Allowing a patient to control artificial limbs, or a
surgeon to teleoperate.

* Planning the delivery of radiation to a patient in a
way that maximizes the effectiveness of the dose,
while reducing the risk to the healthy tissues.

* Route shaping for network packets so that the most
critical information is sure to arrive in a timely
manner, less important operational data are shunted
to slower paths.

The process for conducting an image processing project
using a neural network is also very similar to that for
predicting medical outcomes. (See the example above.)

For more detailed examples of how neural networks
have been used in control systems, see Refs. 16–18.

5. CONCLUSIONS

Good reason exists for multilayer, feed-forward ANNs
trained under back-propagation (or its variants) being so
popular: Few other methods can hope to solve difficult, non
linear problems with noisy data nearly as effectively. Yet
with increased ability comes increased complexity; fine-
tuning these ANNs can be time-consuming and tedious.
As with any tool, a better understanding of the back-
ground theory, current practice, and real biomedical ap-
plications should help contribute to putting this
technology to good use.
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1. INTRODUCTION

Two categories of ‘‘medical batteries’’ exist, those that are
external to the human body when in use (1) and those that
are internal to the human body when in use. Figure 1 il-
lustrates the variety of implantable devices, not all of
which contain batteries. Batteries for external medical
devices were recently reviewed by Passerini and Owens
(2) and by Holmes (3). The present chapter focuses on
batteries used to power implantable medical devices such
as pacemakers and neurostimulators. Therefore, the term
‘‘medical battery’’ in this chapter will exclude those bat-
teries used in the many external medical devices that in-
clude, for example, hearing aids, portable defibrillators,
glucose monitors, iontophoretic drug delivery systems, ex-
ternal stimulators for relief of pain, and even wheelchairs.

Implantable medical devices may be either passive or
active with respect to their need for electrical power. Pas-
sive devices are those that do not require electrical power
for operation, and include artificial hip replacements and
heart valves. Perhaps the most familiar active device is
the heart pacemaker. An important characteristic of ac-
tive devices is that battery failure terminates the opera-
tion of the device. Therefore, it is imperative that a highly
reliable, safe battery be incorporated into active medical
devices, especially if they are life-supporting devices.
However, failure of the active medical device does not nec-
essarily mean the battery failed. For example, an internal
short in the device circuitry can result in rapid battery
depletion, but does not indicate a battery design or man-
ufacturing defect.

Nearly 50 years have lapsed since a battery-powered
pacemaker was first implanted in a human, in 1958 in
Sweden (4). Since that time, significant developments in
battery technology have played a key role in enabling the
successful development of the small, highly reliable med-
ical devices of the twenty-first century. Implantable de-
vices have been developed to treat cardiac arrhythmias
(bradycardia, tachycardia, and fibrillation), chronic pain,
epilepsy, hearing loss, obesity, scoliosis, and bone fracture.
Over 8 million people with medical disabilities have been
treated with a variety of small battery-powered devices
that were surgically implanted into their bodies.

Historically, the most widely used implantable battery
is the Li/I2 pacemaker battery. As of the year 2005, it is
estimated that more than 500,000 lithium battery-pow-
ered pacemakers are implanted annually. The first human
implant of a Li/I2 battery-powered pacemaker took place
in 1972, in Florence, Italy. Within just a few years, this
type of battery displaced the mercury-zinc cell as the pre-

ferred power source for cardiac pacemakers. It is esti-
mated that for the 5-year period from 2000 through 2004,
3 million lithium batteries were implanted in pacemakers
alone.

The size of an implantable medical device and its op-
erating service life are important properties. The battery
is a key to determining both of these properties. A smaller
battery will reduce overall device size, but it will also
cause the device to have a shorter service life. Likewise, a
larger battery will allow a longer service life, but at the
cost of a bigger device, a fundamental trade-off. One out-
come is a large incentive for the device designer to use the
highest energy density battery available. In practice, the
final design is a compromise between device size and ser-
vice longevity.

Appendix A presents both illustrations of cell designs
and descriptions of chemistries, as presently incorporated
into commercial batteries by Greatbatch, Inc. This infor-
mation was abstracted, and paraphrased from their web-
site and is reprinted by permission of Greatbatch, Inc.,
2005. The reader should note in particular that although
the external appearance of the implantable lithium bat-
teries are very similar, they have highly significant dif-
ferences in the internal design of features such as cathode
and electrolyte materials, current collectors, separators,
and individual electrode areas and thicknesses.

The Handbook of Batteries (5) provides an in-depth de-
scription of all types of batteries as well as the principles
of operation of batteries. The reader is encouraged to refer
to chapter 1 of that publication for a thorough description
of the fundamental concepts of battery design and opera-
tion.

A limited number of reference materials exist that deal
specifically with medical batteries. The reader is referred
to Batteries for Implantable Biomedical Devices (1) as well
as other articles by Owens (6) and Holmes (3,7). The book
edited by Ellenbogen et al. (8) includes a chapter on power
sources. In addition, the reader may refer to websites of
the manufacturers of medical batteries (Litronic, Great-
batch, Medtronic, and Quallion; see Table 1) for further
information.

Salkind et al. (9) provide an overview of electrically-
driven implantable prostheses, including pacemakers,
defibrillators, bone growth, hearing devices, neurostimu-
lators, and drug delivery systems. Recent clinical trials
report the use of total artificial hearts (TAH) for recipients
awaiting availability of organs for transplant (Abiomed
website, 2005).

1.1. Battery Specifications

Medical batteries are unique because of the following:

* Operation is in an isothermal environment at a con-
stant temperature of 371C.

* In a life-sustaining device, battery failure may have
serious health consequences. The battery (and there-
fore the device) should be replaced prior to total bat-
tery depletion. An intrinsic end-of-service indicator is
useful.

* Battery replacement requires surgical intervention.

1
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* Battery size (especially volume) may dominate the
device size.

* Battery shape may determine the device thickness.
* Battery is hermetically sealed.

As a result of the constraints imposed by the implan-
table medical devices, the batteries that are used to power
them are often custom-designed for the specific models of
devices. In any case, extensive testing is necessary before
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Figure 1. Implantable medical devices (1).

Table 1. Major Suppliers of Implantable Device Batteries

Cell Chemistry

Battery Manufacturer Li/I2 Li/ SOCl2 LiMnO2 Li/CFx Li/SVO Li-Ion

Greatbatch Inc.,a X X X X X
Litronik GmbH, (Biotronik Inc.)b X X
Medtronic Inc.c X X X X X
Quallion LLC,d X X

ahttp://www.greatbatch.com/.
bhttp://www.biotronik.de/.
chttp://www.medtronic.com/.
dhttp://www.quallion.com/.
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a particular battery is considered as qualified for use in a
specific device.

The power requirements for implantable devices vary
considerably, both between the devices used for different
applications and between various periods within the use of
a specific device. For example, a pacemaker (PG) typically
has a background current of 10 mA. Even frequent pacing
will only increase this current by 20–30% in most patients.
Hence, the low-rate capability of the Li/I2 battery is well-
suited to this application. Similarly, modern defibrillators
(ICD) also only need a background current of about 10 mA.
However, when they are called on to defibrillate the heart,
they need to deliver a 40 J shock within about 10 s, which,
in turn, requires the battery to quickly deliver as much as
10 A for a few seconds. The power requirements of these
two cardiac devices can be met with lithium batteries of
nominally the same capacity (1–2 Ah), but because of the
difference in the power requirements, the internal designs
and the battery chemistries are very different. The figures
in Appendix A illustrate some of the design differences
between the Li/I2 pacemaker battery and the LiSVO
defibrillator battery.

Some terms used in discussing batteries are summa-
rized in Table 2, which uses the example of the lithium/
iodine battery to illustrate the definitions. The Li/I2 bat-
tery designation indicates the anode is lithium and the
cathode is iodine, which may be further simplified to Li/I,
or it can be expanded to include the electrolyte LiI as in Li/
LiI/I2. All of these are simplified designations because the
electrolyte and the cathode contain a number of chemical
species that also change during discharge of the cell.

The battery is the component in a medical device that
provides the necessary power for operation throughout the
desired service life. The energy content of the battery lim-
its this service life. One of the most important character-
istics of the battery is its energy density, which is the ratio
of its energy content to its volume, usually expressed in
units of Wh/cc for small cells. Reddy and Linden (5) review
the principles and methods for calculating energy density
as well as other battery performance characteristics.

2. MEDICAL BATTERIES

Implantable device batteries fall into one of four catego-
ries, with respect to the power level and the service life-
times required by the medical device, which will be
referred to as Type 1 through Type 4 Batteries. The high-
est power level needed by the device determines whether
the battery is designed for low, medium, or high rate (Ta-
ble 3).

Type 1. Low-rate (lW) primary batteries for de-
vices such as the PG.

Type 2. Intermediate-rate (mW) primary batter-
ies for devices such as neurostimulators and some
advanced PGs.

Type 3. High-rate (W) primary batteries for devices
that require a low-rate monitoring current (10 mA) in
combination with the ability to deliver intermittent
high-power pulses (1–10 A), such as in the ICD.

Type 4. Rechargeable batteries for devices that re-
quire high power for short times and that can then
be recharged in situ, for an extended number of cy-
cles, such as in the total artificial heart (TAH) or left
ventricular assist device (LVAD), to extend the ser-
vice lifetime.

2.1. Type 1. Low-Rate (lW) Primary Batteries

Implantable biomedical devices that require microwatts of
power, either continuously or intermittently include:

BGS: Bone Growth Stimulators

IGS: Implantable Gastric Stimulator

IHD: Implantable Hearing Device

PG: Cardiac pacemaker or Implantable Pulse Genera-
tor

Historically, the Li/I2 system has been the battery of
choice because it is very predictable and can reliably de-
liver mW of power continuously for many years. Further-
more, this battery can include an intrinsic end-of-service
indicator (EOSI) to give early warning of need for replace-
ment. This indicator is usually based on the load voltage
or the impedance. In either case, the device continuously
monitors the chosen parameter and then signals when the
condition has been met for some period of time. The pa-
rameter is chosen so that ample time still exists for the
patient to have the device changed before the power runs
out, assuming normally frequent physician follow-up vis-
its.

Cell OCV Typical EOSI Impedance

Li/LiI/I2 2.801 V 2.0 V 10–10,000O

The Li/I2 battery replaced the earlier Zn/HgO cell in
the mid-1970s for cardiac pacemakers. The major appli-
cation of the Li/LiI/I2 battery continues to be the PG.

Figure 2 illustrates the size reduction in PGs from 1965
up to 1980, as a result of advances in battery technology
concurrent with advances in PG and lead designs. The
first PG contains 10 mercury-zinc cells that dominate the
space. The other two devices are hermetically sealed and
contain Li/I2 batteries.

An example of an implantable hearing device (IHD) is
shown in Fig. 3. The placement of this IHD in a skull cav-
ity is shown in Fig. 4, and graphically illustrates the need
for a safe and reliable battery, free of problems such as
electrolyte leakage, corrosion, and volume change (swell-
ing) during discharge.

It can be a long and slow process to develop a new
medical device, even if it uses a well-established battery.
The IHD device is presently in clinical tests in the United
States. About 20 devices have been implanted to date. The
device needs very little power, about 50 to 100 mW. A stan-
dard Li/I2 pacemaker cell provides this power, with a ca-
pacity of 800 mAh. The device requires a nominal current
draw of 20 to 30 mA and has a longevity of about 4 years.
Surgical replacement is required after that time, because
of the depletion of the battery capacity. Further informa-
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tion is available from the website www.EnvoyMedi-
cal.com.

A second battery chemistry that is also used in Type 1
applications is the Li/CFx system, which has the advan-
tage of lower internal impedance that allows higher power
pulses, for example, during device interrogation or pro-
gramming.

2.2. Type 2. Intermediate-Rate (mW) Primary Batteries

The following biomedical devices require milliwatts of
power either continuously or intermittently:

BGS: Bone Growth Stimulators

DDS: Drug Delivery System

ICT: Incontinence Devices

IHD: Implantable Hearing Device

ISP: Insulin Pumps

NRS: Neurostimulator (neuromuscular stimulators,
spinal cord stimulators, deep-brain stimulation sys-
tems)

Note that the same type of device (BGS or IHD) may be
listed under low-power and medium-power devices. For
example, although PG are shown only as a low-power de-
vice, the more advanced models with longer-range telem-
etry will require higher power, intermittently.

The mW power levels are not readily provided by the
Li/I2 system because of its high internal resistance. Li
batteries that use liquid electrolytes have better rate ca-

Table 2. Cell Components (Example is the Li Iodine Pacemaker Cell)

ANODE: Negative electrode, where the oxidation reaction takes place.

Li¼Liþ þ e�

CATHODE: Positive electrode, where the reduction reaction takes place.

I2þ2e� ¼2I�

ELECTROCHEMICAL CELL: The fundamental element that contains chemical energy in a form to be converted to electrical energy by
electrochemical or Redox reaction, such as a container filled with Li and I, arranged so as to prevent direct chemical combination
reaction, but to readily permit the cell reaction providing electrical power to an external load.

ELECTROLYTE: A material that is both an ionic conductor and an electronic resistor, such as LiI solid salt. The electrolyte provides for
the transport of ions between the anode and the cathode during cell operation, to maintain electroneutrality through the cell. The
electrolyte interfaces both the anode and the cathode.

CELL DESIGNATION: The usual method is Anode/Cathode or Anode / Electrolyte / Cathode, as in

Li=I2 or Li=LiI=I2

SEPARATOR: A solid material that prevents direct contact of the anode and the cathode, to avoid internal shorting of the cell. If the
electrolyte is solid as is LiI, the solid electrolyte serves the dual function of electrolyte and separator. More generally, the electrolyte is a
liquid, and so a microporous polymer membrane serves as separator, while also permitting the liquid electrolyte to permeate the
separator.

CURRENT COLLECTOR: The current collector is an electronic conductor (usually an inert metal) that is in intimate contact with the
electroactive materials so that when the cell reaction occurs, the electrons transport through the anode current collector, to the external
circuit, and then return to the cell through the cathode current collector. The current collector must maintain a high electronic
conductivity and be chemically stable in contact with the active materials of the electrodes, not corroding or undergoing chemical or
electrochemical reactions during the lifetime of the battery. With stainless steel (SS) as the current collector for a pacemaker cell, the
designation is

Negative Terminal=SS=Li=LiI=I2=SS=Positive Terminal

BATTERY: The battery is the sealed package that contains stored chemical energy, in a form that is readily converted to electrical energy,
delivered through the positive and the negative terminals of the battery. The battery may contain just a single cell, or it may contain a
multitude of cells arranged in a combination of series and parallel connections. The capacity and the voltage of the battery are
determined by the number of cells and their arrangement.

PRIMARY BATTERY: A battery that is designed to be discharged one time, and is not to be recharged. It provides power for a single
discharge cycle, and then must be replaced. In medical devices, usually the device is surgically removed and replaced with a new device.
Ideally, this will be after 5 or 10 years.

SECONDARY BATTERY: A battery that may be recharged for continued use. The number of times the battery can be discharged and then
recharged is its cycle-life, which is a highly variable term, depending on many parameters including the duty cycle, environmental
conditions, and depths of discharge.
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pabilities and are used for these applications. The cell
systems include:

Cell OCV Typical EOSI

Li/CFx 3.2 V 2.5 V
Li/SOCl2 3.65 V 3.0 V
Li/MnO2 3.5 V 2.0 V

Table 3. Battery Chemistries Used in Implantable Device Batteries

Cell Chemistry

Cell Design Li/I2 Li/ SOCl2 LiMnO2 Li/CFx Li/SVO Li-Ion

Primary Batteries
K Low Rate BGS IHD

IGS PG
IHD
PG

K Medium Rate NRS BGS ICT
DDS
ICT
ISP
NRS

K High Rate ICD ICD
Secondary Batteries
K Low Rate
K Medium Rate CI

ICT
IHD
NRS

K High Rate TAH
LVAD

BGS: Bone Growth Stimulators

CI: Cochlear implants

DDS: Drug delivery system

ICD: Cardioverter-defibrillator

ICT: Incontinence Devices

IGS: Implantable Gastric Stimulator

IHD: Implantable hearing device

ISP: Insulin Pumps

LVAD: Left ventricular assist device

NRS: Neurostimulator (neuromuscular stimulators, spinal cord stimulators, deep brain stimulation systems)

PG: Cardiac pacemaker

TAH: Total artificial heart

Figure 2. Size reduction in PG, from 1965 to 1980

Sound processor

Sensor

Driver

Figure 3. Implantable hearing device. The Envoys system fits in
the skull, and leads connect to transducer in middle ear.
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The impedance of these cells is very design-dependent,
and can range from a few ohms to several thousand ohms.
These cells resemble the standard Li/I2 cells pictured in
the figures in this chapter in outward appearance, but
they differ significantly in internal construction.

2.3. Type 3. High-Rate (W) Primary Batteries

The implantable cardiac defibrillator (ICD) needs to de-
liver a power pulse of 40 J energy to the heart in a matter
of a few milliseconds, which requires a power output of
40 kW over about a 1 ms period. No implantable battery
can directly deliver such power, so it is delivered by low-
impedance capacitors charged to a very high voltage (typ-
ically about 700 V) via a high-voltage transformer circuit
connected to the battery.

The battery that powers the charging circuitry is de-
signed to provide the energy in a matter of 5 to 10 s, which
requires an output current of about 1 to 10 A out of a bat-
tery with a rated capacity of a few Ah, a very high rate of
discharge for the battery. However, this output is only part
of the power that the battery is expected to provide.

The ICD requires a battery with two opposing power
capabilities. The battery must function as a PG battery
and provide about 10–100 mW of power continuously for a
period of 5 years. The battery must also provide a power
pulse of 1–10 W at any time during this 5-year period. The
pulse lasts about 5–10 s and may be repeated up to four
times during a single fibrillation episode. After defibrilla-
tion is successful, the device returns to the monitoring
mode until the next event. Battery and device design de-
termine the nominal performance range of the device. Pa-
tient condition and frequency of tachyarrythmia events
will determine the actual operating life of the device, un-
der ideal conditions.

The ICD battery must include the following character-
istics:

1. Use a cell system that is inherently capable of rapid
electrode kinetics.

2. Internal cell design maximizes the electrode/electro-
lyte interfacial area.

3. Maintain low impedance during use time, up to at
least 5 years.

4. No voltage delay during high-rate operation.

5. Capable of discharging at 1–5 Amps, safely.

6. Withstand abuse tests including external or internal
shorting.

Careful design and testing are especially necessary
with this type of battery. If a pacemaker cell is shorted,
the current may increase to 10 mA and run the cell down
over a period of days or months. If an ICD battery with an
internal resistance of a few tenths of an ohm is shorted,
the current may peak at 30 A, with significant heating of
the battery. Thus, safety features in high-rate cells are of
utmost importance, and are built into the battery through
careful design. One important safety feature often used is
a separator material that will melt and become nonporous,
and hence shut down the cell if either an internal or ex-
ternal short occurs.

Two Li battery systems that incorporate liquid electro-
lytes are used for this application. The cell systems are as
follows:

Cell OCV

Li/MnO2 3.5 V
Li/AgV2O5.5 3.2–2.2 V

The battery chemistry most widely used is the LiSVO
system (Li/AgV2O5.5). It is manufactured by both Med-
tronic, Inc. and Greatbatch, Ltd. The Li Manganese Oxide
defibrillator battery has been produced by Litronik, a di-
vision of Biotronik (10).

2.4. Type 4. Rechargeable Batteries

Among the devices for which rechargeable batteries are
being used or considered are the following low- to medium-
rate applications:

– CI: Cochlear Implants

– ICT: Incontinence Devices

– IHD: Implantable Hearing Device

– NRS: Neurostimulator (neuromuscular stimulators,
spinal cord stimulators, deep-brain stimulation sys-
tems)

Higher-rate designs have been produced for the follow-
ing devices:

– LVAD: Left Ventricular Assist Device

– TAH: Total Artificial Heart

The total artificial heart (TAH) and the left ventricular
assist device (LVAD) require continuous power at a level of
10 to 40 W. Thus, for a battery pack to run for 24 h, it
would have to contain 250 to 500 Wh of energy. The most
energetic rechargeable Li-ion battery may contain
200 Wh/kg, so this battery would have to weigh 2 or 3 kg.
This size would still have to be recharged daily and is too

Figure 4. Placement of Envoys hearing device in skull cavity.
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large for implanting. Therefore, the designs of TAH and
LVAD have an external battery pack. Inductive coupling
through the skin is used to get power transmission to the
implanted device. A small battery in the device is used as
an emergency backup source capable of operating the de-
vice for 30 min to 1 h.

3. RECENT DEVELOPMENTS

Advances are being made to address limitations of present
systems and to increase energy density and longevity (11–
13). Two such developments are now in clinical use in im-
plantable devices. Gan et al. at Greatbatch, Inc. have de-
veloped a unique cathode system combining the CFx and
SVO chemistries (11). Merritt et al. at Medtronic (12) have
reported a hybrid cathode system of another design in
which the CFx and SVO active materials are mixed before
forming the cathode pellet. These hybrid batteries provide
higher current delivery capability than that of the lith-
ium/iodine battery while showing comparable energy den-
sity.

Work is ongoing to improve both primary and second-
ary battery systems used for implantable medical devices.
Although the improvements in the primary systems are
most likely to come from the few companies who supply or
develop these systems for their own use (Table 1), a lot of
the improvements in the secondary systems are likely to
come from outside the medical device industry by people
such as those who develop consumer product batteries.

4. SUMMARY

Battery-powered implantable devices have been used to
treat human illnesses since the implantation of the first
successful pacemaker in 1960. Primary lithium batteries
have been used in these devices since 1972. Today, a re-
markable variety of implantable devices include neuro-
stimulators, drug delivery systems, implantable
cardioverter/defibrillators, gastric stimulators, implanta-
ble hearing assist devices, left ventricular assist devices,
and the totally artificial heart. These devices are all pow-
ered by lithium primary or lithium-ion rechargeable bat-
teries.

APPENDIX A. GREATBATCH IMPLANTABLE BATTERIES

Greatbatch, Inc. has been producing lithium batteries for
implantable biomedical applications for over 35 years. Dif-
ferent shapes, sizes, and chemistries are available in a
range of power capabilities. Greatbatch (GB) offers stan-
dard cell designs and also develops proprietary products
specific to customer applications. Custom pin configura-
tions for electrical connections are also available in stan-
dard and custom designs.

The following pages (taken verbatim, or with minor
paraphrasing, from the Greatbatch website, www.great-
batch.com), present details on various primary battery
systems in current use in implantable devices. (Reprinted

by permission of Greatbatch, Inc., 2005):

Lithium iodine
(Li/I2) cells

High rate
Lithium silver
vanadlum oxide
(Li/SVO)

Medium rate
Lithium silver
vanadium oxide
(Li/SVO)

Figure A.1. Implantable batteries.

A.1 LITHIUM IODINE (Li/I2) CELLS

Low Rate: Li/I2 cells are designed to deliver current drains
in the microampere range, reliably over long periods of
time. They are available in a variety of sizes, shapes, and
capacities. The smallest standard GB- Li/I2 cell is 4-mm
thick and has a nominal capacity of 0.42 ampere hours.

* Low rate cell designed for implantable pacemaker
applications

* Construction in a hermetic glass-to-metal sealed
304L stainless-steel case

* Current drains in the microamp range
* Optimum operating temperature 371C
* High energy density
* Storage temperature range � 401C to þ 521C

A.2 LITHIUM SILVER VANADIUM OXIDE (Li/SVO)

These solid cathode cells are designed for either high-rate
or medium-rate applications. The high-rate designs are
capable of ampere-level current pulses, whereas the me-
dium-rate cells are designed for milliampere rate dis-
charge currents. Although the battery chemistries are
the same, the internal design of the hardware optimizes
the performance to the application requirements.
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A.2.1 HIGH-RATE LI/SVO CELLS

* High-rate cell designed for implantable defibrillator
applications

* Multiplate construction in a hermetic glass-to-metal
sealed 304L stainless-steel or titanium case

* Current drains in the 0.5. to 2 ampere range
* Cells are capable of continuous operation at a nom-

inal cell temperature of 371C
* High energy density and long shelf life
* Storage temperature range � 401C to þ 581C

A.2.2 MEDIUM-RATE LI/SVO CELLS

These cells are generally capable of current drains in the
milliampere range and are available in standard shapes.
These cells have found use in a number of implantable
applications such as neurostimulators, atrial defibrilla-
tors, and drug-infusion devices.

* Medium-rate cell designed for implantable neuro-
stimulators and drug-infusion devices to handle mod-
erate-rate pulse currents (50 mA)

* Construction in a hermetic glass-to-metal sealed
stainless-steel or titanium case

* High energy density
* Cells are capable of continuous operation at a nom-

inal cell temperature of 371C
* Long shelf life

Electrolyte fill hole and final
close weld

Cathode lead bridge

SVO cathode

Stainless steel case and lid
(negative polarity)

Microporous
separator

Insulative glass-to-metal seal

Molybdenum feedthrough pin
(positive clarity)

Multiplate cell stack

Lithium anode
Figure A.3. High-rate Li/SVO cell.

Stainless steel feedthrough pin
(negative polarity)

Insulative glass-to-metal seal

Depolarizer fill hole and final
close weld

Central lithium anode

PTP substrate anode coating

Stainless steel case and lid
(positive polarity)

Iodine/PVP depolarizer

Figure A.2. (Li/I2) cell.
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* Storage temperature range � 401C to þ 581C

A.3 LITHIUM CARBON MONOFLUORIDE (Li/CFX)

This system is characterized by a relatively flat voltage
discharge profile, extremely low internal impedance, and
low overall cell weight. This system finds use in drug-in-
fusion pumps, neurostimulators, and most recently in
pacemakers.

* Medium-rate, low-impedance cell designed for im-
plantable neurostimulator and pacemaker applica-
tions

* Construction in a hermetic glass-to-metal sealed
stainless-steel or titanium case

* Designed to handle currents in the microamp to milli-
amp range

* Cells are capable of continuous operation at a nom-
inal cell temperature of 371C

* High energy density and long shelf life
* Storage temperature range � 401C to þ 521C

A.4 LITHIUM-ION CELLS (LI-ION)

Lithium-ion secondary batteries have recharging capabil-
ity that makes them a good solution for implantable de-
vices such as neurostimulators that have power
requirements that may exceed the total power available
from primary cells. Secondary cells also excel in applica-
tions where power requirements change based on the
user’s activity or device programming.

Molybdenum feedthrough pin
(positive polarity)

Insulative glass-to-metal seal

Stainless steel case and lid
(negative polarity) Polyethylene

separator Carbon anode

Wound cell stack

Lithiated cobalt
oxide cathode

Electrolyte fill hole
and final close weld

Figure A.6. Li-Ion cell.
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1. INTRODUCTION

Consider the following question. If you knew that 4 out of
every 60 men with heart disease also had high cholesterol,
what would you believe to be the probability that any man
known to have high cholesterol would also have heart
disease? Consider further; that you could conduct a test to
determine whether a patient had a particular condition,
but the test could not predict perfectly. It might result in
an occasional false positive, or it might miss a positive
altogether. What would you believe to be the probability
that an individual who tested positive had the condition?

Quantifying uncertainty has been a prime interest for
centuries, essentially as far back as games of chance.
Probability theory rose to prominence in the seventeenth
century with the works of Blaise Pascal and others,
addressing specifically the odds associated with a roll of
a die. One question that grew out of such concerns was the
following: Given the number of times an event has hap-
pened and failed, determine the chance that the probabil-
ity of it happening in a single trial lies between two named
probabilities.

The answer to that particular question was proposed in
the eighteenth century by the Reverend Thomas Bayes,
and the approach (and therefore the theory and rules that
it is founded on) has taken his name in honor of the
discovery [a reprint of Bayes’s work appeared in Barnard
and Bayes (1)]. In general, Bayesian analysis refers to the
process of assessing the current state of knowledge,
gathering new data, and updating the analysis to incor-
porate both the prior (called so because it is prior to
collecting anything other than the background informa-
tion) assessment and the new data. The process has a wide
range of applications, including scientific inquiry, clinical
testing, public policy, and developing new e-mail spam
filters.

2. PROBABILITY THEORY

To present Bayesian analysis, we must begin by laying out
the basic building blocks that lead up to it. Probability is
the fundamental building block from which Bayesian
analysis is founded. We begin by defining an event. An
event is a particular situation, described completely en-
ough to allow for clarity and agreement on its occurrence
once it has occurred. An event may be a future occurrence
(such as the winner of an election) or a current circum-
stance regardless of whether it is currently known or
unknown (such as the number of men in the room with
you). In probability theory, events are discussed at length,
because they are a convenient manner in which to de-

scribe some occurrence. Events, though, may also be
considered to be a special case of a proposition, which is
any logical statement.

Probability is a measure pertaining to your belief about
the plausibility of an event or a proposition. Many have
attempted to define probability based on the long-run
frequency of a particular outcome given repeated inde-
pendent revelations. Although we will not go into the
details of this definition’s shortcoming, it shall suffice to
say that this definition fails when discussing events which
will occur only once or the plausibility of a proposition
such as ‘‘It is sunny at the moment.’’ The more general
definition of probability, the one adhered to by Bayesian
analysts, is essentially that probability is a degree of belief
about a proposition, given my current state of information.
If my current information is represented by &, and the
proposition is E, then my probability p(E|&) is my degree
of belief about the plausibility of proposition E, given that
I know &. Choosing to select a long-run fraction as the
degree of belief ignores all other information that may be
available besides the long-run fraction.

In 1946, Cox (2) developed a set of axioms that required
that probability be divisible, comparable, consistent, and
make common sense. The axioms required that the follow-
ing functional relationships must exist between logical
probabilities:

Axiom1 PðAj&Þ¼ f ðpð �Aj&ÞÞ; ð1Þ

Axiom2 pðA;Bj&Þ¼ gðpðAj&Þ;pðBjA;&ÞÞ; ð2Þ

where f and g are some deterministic functions. The first
axiom supports the notion that the plausibility of a
proposition should tell us something about the plausibility
of its negation. That is, the plausibility of a proposition can
be presented as a function of the probability of the
counter-proposition. The second supports the notion that
the plausibility of the conjunction of two propositions is a
function of the probability of one proposition and the
probability of the second given that the first is true. These
axioms resulted in functional equations with one unique
nontrivial set of laws to which probability must adhere
[see Jaynes (3) for more details]. These laws are

Law1 pðAj&Þþpð �Aj&Þ¼ 1; ð3Þ

Law2 pðA;Bj&Þ¼pðAj&ÞpðBjA;&Þ

¼pðBj&ÞpðAjB;&Þ:
ð4Þ

The first law supports additivity, meaning that for some
proposition A, the sum of the probability of A and the
probability of not A should total to the certain probability
1. The second law is more commonly presented in the
following form:

pðAjB;&Þ¼
pðBjA;&ÞpðAj&Þ

pðBj&Þ
; ð5Þ

which relates the conditional probabilities of two events,

1
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using the unconditional probability of each. This form is
the one referred to as Bayes’s Rule.

Bayes’s Rule allows us to relate the probabilities in a
way that is useful for a wide variety of applications. Before
advancing further it is important to clearly define the
notions of conditional probability, unconditional probabil-
ity, and independence. In the strictest sense, there is no
such thing as unconditional probability, because there will
always be a background state of information, which is
represented by &.

An example of a state of information at a particular
instant in time could be the belief that each side of a die
will be equally likely to land on any given roll, leading to a
probability of one sixth for getting a ‘‘3’’ on a particular roll
of one die. We may all agree on this fact, and it becomes
part of our &. However, knowledge that the die has a bent
corner may lead us to assign a different probability for ‘‘3’’
on a particular role. In this latter case, our state of
information has changed.

The rules also imply that the probability of an event is
the sum of the joint probabilities of the event with a set of
mutually exclusive and collectively exhaustive events, or

pðBj&Þ¼
X

i

pðB;Aij&Þ¼
X

i

pðBjAi;&ÞpðAij&Þ: ð6Þ

This implies that Bayes’s Rule can also be expressed as

pðAjB;&Þ¼
pðBjA;&ÞpðAj&Þ

pðBjA;&ÞpðAj&ÞþpðBj �A;&Þpð �Aj&Þ
: ð7Þ

3. INDEPENDENCE

Now we introduce the concepts of independence and
conditioning. Two events A and B are independent given
the background state & if

pðA;Bj&Þ¼pðAj&ÞpðBj&Þ: ð8Þ

The expression p(A,B|&) is called the joint probability of
A and B given &, meaning the probability that both will
occur. From the laws presented earlier, it follows that
independence also implies that

pðAj&Þ ¼pðAjB;&Þ: ð9Þ

Independence, therefore, implies that knowing the out-
come of the event B provides no information that would
cause us to change our belief about the probability of A.
Generally, a set of events is said to be pairwise indepen-
dent if

pðAm;Anj&Þ¼pðAmj&ÞpðAnj&Þ 8mOn ð10Þ

and is said to be mutually independent if, for every subset
of events from A,

pðAn1 ;An2 ; . . . ;Ank
j&Þ¼pðAn1 j&ÞpðAn2 j&Þ . . . pðAnk

j&Þ: ð11Þ

When two events are not independent, they are referred to
as dependent. As the opposite of independence, depen-
dence implies that knowing the outcome of a particular
event has bearing on the probability assigned to the other.
It is important to note that dependence does not imply
causality. Dependence only speaks to the informational
relationship between two events.

For those probabilities that are dependent on another
piece of information, we will call the probability p(A|B,&)
the conditional probability. Alternatively, the conditional
probability will also be called a posterior probability,
because it reflects a probability determined posterior to
incorporating some relevant information. In general, the
probability of a sequence of dependent events is denoted
as

pðA1;A2; . . . ;Akj&Þ¼pðA1j&ÞpðA2jA1;&Þ

pðA3jA2;A1;&Þ . . .pðAkjAk�1; . . . ;A1;&Þ:
ð12Þ

For those familiar with Markov chains, when each state is
conditioned only on the previous state, the system may be
represented as a Markov chain, where

pðA1;A2; . . . ;Akj&Þ¼pðA1j&ÞpðA2jA1;&Þ

pðA3jA2;&Þ . . .pðAkjAk�1;&Þ:
ð13Þ

Markov chains establish a relationship where each state is
dependent only on the previous state.

3.1. Example: Bayes’ Rule in Action and the Associative Logic
Error

Suppose that a man stands trial for murder. It is known
that the murderer lived in a particular city with 1,000,000
men. DNA evidence has been collected from a suspect that
matches that of the individual who stands trial. It is
shown that the probability of two DNA profiles matching
is 1/10,000. Finally, it is believed that the testing proce-
dure for DNA is highly accurate, and that the probability
that the murderer’s DNAwill match that which is found is
99%. If a man is pulled at random and found to be a match,
what is the probability that the man is the murderer?

pðMatchj&ÞpðMurdererjMatch;&Þ

¼pðMurdererj&ÞpðMatchjMurderer;&Þ1=10; 000 � X

¼ 1=1; 000; 000 � 99=100:

The answer is that X¼ 99/10,000� less than 1%. Although
intuition may lead us to believe it should be higher (after
all, the test is highly accurate), we must be careful to
understand that p(Match|Murderer, &) does not equal
p(Murderer|Match, &). This error is often called the
associative logic error or the prosecutor’s fallacy.

3.2. Example: Sensitivity and Specificity

A primary issue in medical testing is the concern over the
sensitivity and specificity of a test. Sensitivity is the
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probability that the test will come up positive, ‘‘þ ’’, given
that the patient is sick, p(þ|Sick, &). Bayes’s Rule shows
us that sensitivity is equal to true positives over true
positives plus false negatives:

pðþ ;Sickj&Þ

pðþ ;Sickj&Þþpð�;Sickj&Þ
¼

pðSickj þ ;&Þpð þ j&Þ

pðSickj&Þ

¼pðþ jSick;&Þ:

ð14Þ

Specificity is the probability that the test will come back
negative given that the patient is not sick, pð�jSick;&Þ.
Specificity is therefore true negatives over true negatives
plus false positives:

pð�;Sickj&Þ

pð þ ;Sickj&Þþpð�;Sickj&Þ
¼

pðSickj�;&Þpð�j&Þ

pðSickj&Þ

¼pð�jSick;&Þ:

ð15Þ

Consider that there are two possible tests for the HIV
virus. A blood bank uses the tests on incoming blood
samples before accepting the blood. Test 1 has a sensitivity
of 99.6% and a specificity of 99.9%. Test 2 has a sensitivity
of 99.7% and a specificity of 98.5%. Given that the base
rate for HIV is 0.3%, the prior probabilities for the first
test can be represented as in Fig. 1.

In Fig. 1, the values in bold represent the known values
for the prior p(HIV|&), the sensitivity p(þ|HIV, &), and
the specificity p(�|NoHIV, &). The rest of the probabil-
ities have been filled in based on the information provided
by using Bayes’s rule. For example, the probability of
having HIV given that the test says positive is the product
of p(HIV|&) and p(þ|HIV, &) divided by p(þ|&), or
0.749812¼ 0.003 * 0.996/0.003985.

For the second test:

The blood bank is looking to determine whether the
new test, test 2, is better than test 1. One can easily see in
Fig. 2 that the second test is more sensitive and is there-
fore more likely to catch that the sample has the virus,
leading to a lower chance of accepting tainted blood. The
tradeoff is that the test is less likely to correctly state that
the virus is not there, meaning that more samples will be
turned down when there was no reason to turn them
down.

Both tests have extremely low probabilities of error in
the case of a negative test result p(HIV|� , &), but the
probability of making an error on a positive test varies
considerably. Notice (in Fig. 1) that for test 1, a positive
test result resulted in a 75% chance that the individual
has the HIV virus. Meanwhile, a positive result from test 2
(in Fig. 2) yielded only a 16.7% chance of having the HIV
virus.

Figure 3 highlights how the predictive capabilities of
the test are closely related to the specificity. Notice how
quickly the probability that a positive test truly indicates
the HIV virus drops as the specificity gets lower. This
highlights how one may believe that a test is highly
accurate even though the positive test only has a 16.7%
chance of being associated with a person afflicted with the
virus. Note that the perceptions about the test’s accuracy
fall prey to the base-rate fallacy. People tend to lose track
of population statistics, in this case, that the overall
incidence rate of HIV is very low, which leads to the low
value for p(HIV|þ , &).

In the example, test 2 might be more appropriate for a
blood bank testing the blood after it is received; if we
assume that the cost of making an error when the virus is
present (infecting another individual) is much higher than
making an error when it is not (discarding perfectly good
blood). Test 1 may make more sense for individual testing,
because a positive test result might have grave conse-
quences for the individual.

Figure 1. Probability trees for test 1.

Figure 2. Probability trees for test 2.
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4. BAYESIAN INFERENCE WITH CONTINUOUS
DISTRIBUTIONS

As we saw in the previous section, when two events are
relevant (not independent), the prior belief p(A|&) is
related to the posterior belief p(A|B, &) through Bayes’s
Rule. In this section, we will introduce Bayesian inference
with continuous distributions. Thus, the process involves
taking prior beliefs in the form of a probability distribu-
tion and modifying those beliefs on the revelation of other
events or the introduction of new data, to get a posterior
probability distribution. One very common example of
Bayesian inference is taking a population statistic (say
mean and variance), collecting new data via a survey or
experiment, and arriving at a new population statistic
based on the experiment AND the prior statistic.

The basic premise of Bayesian inference is as follows.
Suppose there is an unknown value y. Before any observa-
tion outside of the background level of information, our
belief about y can be represented as p(y |&). In cases
where y is a continuous random variable, p(y |&) is
actually a probability distribution, equal to

pðyj&Þ: ð16Þ

Suppose now that an observation X is made that is
relevant to y. Additionally, we can state that the prob-
ability distribution of X depends on y in some known way,
and this can be represented (in the continuous case) by the
function

pðXjy;&Þ: ð17Þ

We wish to arrive at a posterior probability density func-
tion (pdf) for y, given the prior belief and the new data. As
we have seen, Bayes’s Rule is the tool of choice, and from

its application, we arrive at

pðyjX ;&Þ ¼
pðXjy;&Þpðyj&Þ

pðXj&Þ
; ð18Þ

where p(X|y , &) is the density function with respect to X
and p(y |X, &) is a density function with respect to y. Note
also that, because we are discussing continuous functions,
the unconditional probability can be determined via in-
tegrating the conditional probabilities such that

pðXj&Þ¼

Z

pðXjy;&Þdy: ð19Þ

Note that this is merely the continuous form of the
previously mentioned formula

pðXj&Þ¼
X

i

PðXjyi;&ÞPðyij&Þ: ð20Þ

This allows us to represent Bayes’s Rule as

pðyjX ;&Þ ¼
pðXjy;&Þpðyj&Þ
R

pðXjy;&Þdy
: ð21Þ

For most purposes, though, it is most convenient to think
of p(X|y,&) as a function of y rather than X. This is
because X is an observed value (fixed) and y is our
unknown. When the prior is expressed as a function of y,
it is called the likelihood function, expressed as

pðXjy;&Þ ¼ lðyjX ;&Þ: ð22Þ

The likelihood function is the cornerstone of the analysis
that we will undertake from here on out. The likelihood
function expresses the likelihood of y, given that the data
X were observed. Consequently, we know that the prior
likelihood of X is the integral of the prior likelihood for
each possible state y, implying

pðXj&Þ¼

Z

pðXjy;&Þdy¼
Z

lðyjX;&Þdy; ð23Þ

which allows us to express Bayes’s Rule in a new form,
which is

pðyjX ;&Þ¼
pðyj&ÞlðyjX;&Þ
R

lðyjX;&Þdy
: ð24Þ

The term lðyjX;&Þ=
R

lðyjX ;&Þdy can be thought of as the
standardized likelihood, because it is scaled such that the
volume under the surface is unity. This new form of
Bayes’s Rule allows us to compute the posterior probabil-
ity density function as a product of the standardized
likelihood (which is a function of y) and the prior prob-
ability density function.

The challenge in using the theory described here, as
with any statistical modeling, is in the ability to relate the
likelihood in terms of a function, as well as the ability to
model observations as a function. Aword of caution should
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be offered that adopting particular constraints, such as
assuming normality, may lead to poor models even if the
method is used properly.

5. CONJUGATE PRIORS

Because of this computational complexity associated with
calculating the posterior distribution function given any
arbitrarily chosen prior and likelihood, it is often conve-
nient to choose priors of a specific form. The most common
strategy is to choose a prior such that the posterior will
have the same functional form given the distribution of
the likelihood. Recall that the following relationship holds:

pðyjX ;&Þ / lðyjX;&Þpðyj&Þ: ð25Þ

For a given likelihood function l(y | X, &), a class of prior
distributions is said to form a conjugate family if the
posterior density is in the same class as the prior. The
convenience of using conjugate priors is that the likelihood
function will update the distribution’s parameters without
changing its functional form. The use of conjugate priors
greatly simplifies the computational complexity of the
analysis, but one must be careful not to betray the details
of the problem, which is being analyzed to reduce complex-
ity.

Suppose that you have an unknown parameter y for
which your prior belief can be represented by a normal
distribution with mean y0 and variance s20, such that

y � Nðy0;s20Þ; ð26Þ

and an observation x can be made which is also normally
distributed such that

x � Nðy;s2Þ; ð27Þ

where the mean equals the parameter of interest y. For
this example, we will assume that y0, s20, and s2 are
known. If this is the case, then the following are true:

pðyj&Þ¼ ð2ps20Þ
�
1
2 E
�
1
2
ðy�y0Þ2

s2
0 ; ð28Þ

lðyjX ;&Þ ¼ ð2ps2Þ�
1
2 E�

1
2
ðx�yÞ2

s2 ; ð29Þ

pðyjX;&Þ / pðXjy;&Þpðyj&Þ

/ E
�
1
2 y

2 1
s2
0

þ
1
s2

� �

þ y
y0
s2
0

þ
x
s2

� �

: ð30Þ

If we represent the posterior variance as

s21¼
1

s20
þ

1

s2

� ��1

ð31Þ

and the mean as

y1¼ s21
y0
s20
þ

x

s2

� �

; ð32Þ

then

pðyjX;&Þ / E
�
1
2

y2

s2
1

� �

þ y
y1
s2
1

� �

; ð33Þ

which, upon adding the constant �1=2 y21=s
2
1 into the

exponent, and normalizing so that the density integrates
to unity is equal to

pðyjX ;&Þ / ð2ps21Þ
�
1
2 E
�
1
2
ðy�y1Þ

2

s2
1 : ð34Þ

Therefore, the posterior is also a normal distribution

yjx � Nðy1;s21Þ: ð35Þ

Thus, we have a concise and clear manner in which to
update a normal prior via a normal likelihood function.
The result is a posterior that is also normal, with
s21¼ 1=ð1=s2þ 1=s20Þ and y1¼ s21ðy0=s

2
0þ x=s2Þ. Similarly,

if x represents a set of observations rather than one
specific observation, the posterior remains a normal with

s21¼
1

s20
þ

n

s2

� ��1

; ð36Þ

y1¼s21
y0
s20
þ
X

i

xi
s2

 !

: ð37Þ

Conjugate priors greatly simplify the assessment and
calculation process. Table 1 provides common conjugate
priors.

5.1. Example: A Normally Distributed Prior and Likelihood

Suppose that two separate tests are performed to deter-
mine the level of blood urea nitrogen (BUN). Upon initial
diagnosis, the belief about the BUN could be represented
by a normal distribution with a mean of 20mg and a
variance of 5mg. Thus, our prior belief can be represented
by N(20,5). A set of laboratory tests were conducted that
suggested that the BUN level was a normal distribution
with a mean of 16mg and a variance of 4mg.

If we use the method presented above, then we see that
the posterior belief can be represented by yjx � Nðy1; s21Þ,

Table 1. Some Common Conjugate Priors

Likelihood Conjugate Prior Posterior

l(y|X)¼p(X|y) p(y) p(y|X)
Normal Normal Normal
Binomial Beta Beta
Poisson Gamma Gamma
Multinomial Dirichlet Dirichlet
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where

s21¼ 1=ð1=s2þ 1=s20Þ¼ 1=ð1=5þ 1=4Þ¼ 2:2; ð38Þ

y1¼ s21ðy0=s
2
0þ x=s2Þ¼2:2 � ð20=5þ 16=4Þ¼ 17:8: ð39Þ

Thus, the posterior belief about the BUN is
yjx � Nð17:8; 2:2Þ.

5.2. Example: A Gamma Prior with Poisson Likelihood

Suppose that a particular drug is believed to have some
probability of an adverse effect. Consider also that the
likelihood of an adverse effects increases as the number of
doses taken increases. In such a scenario, the probability
distribution for an adverse reaction is typically modeled
with a Poisson distribution:

Poissonðnjl; t;&Þ¼
e�ltðltÞn

n!
; ð40Þ

where n is the number of incidents, l is the rate of
incidents per dose, and t is the number of doses. This
Poisson distribution represents the likelihood that ‘‘n’’
adverse effects will occur within ‘‘t’’ doses. One would
like to arrive at a posterior probability, after a specific
number of tests, which can then be used for any hypoth-
esis testing or decision making that is relevant to the
drug’s interaction likelihood. The natural choice for the
prior and posterior probability is the Gamma distribution,
because it is the conjugate prior to the Poisson. The
Gamma distribution represents a belief about the rate of
incidence given a particular number of incidents within a
specific number of doses. The Gamma prior takes the
following form:

GammaðljN;T;&Þ¼
e�lTðltÞN�1T
ðN � 1Þ!

; ð41Þ

whereas the posterior takes the form:

GammaðljN;T;n; t;&Þ

¼
e�lðTþ tÞðlðTþ tÞÞNþn�1

ðTþ tÞ

ðNþn� 1Þ!
:

ð42Þ

Thus, the posterior is of the same family as the prior,
whereas the parameters of the Gamma distribution have
shifted from N, T to Nþn, Tþ t.

5.3. Example: A Beta Prior with Binomial Likelihood

Suppose that a particular drug is believed to succeed in
curing an individual a specific portion of the time, but that
portion is currently unknown. We would like to perform
testing on this drug to establish a posterior probability
that can then be used for any hypothesis testing or
decision making that is relevant to the drug’s use. These
tests will each result in a pass/fail determination, so
therefore the likelihood function is a binomial distribu-
tion. The natural choice for the prior and posterior prob-

ability is the Beta distribution, because it is the conjugate
prior to the binomial. The binomial distribution and the
Beta prior take the following forms:

bðnjN;p;&Þ¼
N

n

 !

pnð1� pÞN�n; ð43Þ

Betaðpja; b;&Þ¼
1

bða; bÞ
pa�1ð1� pÞb�1; ð44Þ

where b(r, s) is the Beta function with parameters r and s.
The posterior probability is also a Beta distribution, with
the new form being

Betaðpja; b;n;N;&Þ

¼
1

bðaþn; bþN � nÞ
pnþ a�1ð1� pÞN�nþ b�1:

ð45Þ

Much like with the Gamma example, the Beta prior and
binomial trial lead to a Beta posterior. The new distribu-
tion reflects the prior belief, as well as the evidence from
the data inherent in the binomial likelihood function. The
parameters of the Beta distribution have shifted from a, b
to aþn, bþN�n.

Consider the following example, based on Howard (4).
Consider the long-run fraction of ‘‘Heads’’ in tosses of a
coin. Suppose we have no further information about the
coin and assign a Beta(50,50) as our prior distribution for
the long-run fraction. This particular Beta gives us a
mean of 0.5 and a variance of 0.0025. Now suppose the
coin is flipped 100 times and 54 of the tosses yield a heads.
The likelihood function is represented by the binomial
distribution of Bernoulli trials with r¼ 54 and N¼ 100. As
the binomial likelihood is conjugate to the Beta prior, the
posterior probability for the long-run fraction after obser-
ving the trials is therefore Beta(104, 96). The new mean is
now 0.52. The belief about the long-run fraction of the coin
is no longer symmetric as before, but it may or may not
lead to a different course of action. In the remaining
section, we will address this question of changes in belief,
by examining the issue of hypotheses testing and decision
making from a Bayesian perspective.

6. HYPOTHESIS TESTING

Classic statistics places a large emphasis on hypothesis
testing. Particularly in the area of scientific inquiry, the
tendency is to test hypothesis in the traditional sense, e.g.,
to determine whether two treatments will yield different
results or whether an observed entity is a member of a
classification based on specific parameters. In classic
statistics, testing is usually performed on a null hypoth-
esis H0 (that which must be disproved) and the alternative
hypothesis H1 (which is typically ‘‘not H0’’). The goal is to
investigate the probability of getting a set of data given
the hypothesis. In the Bayesian view, the goal is to
investigate the likelihood of various hypotheses given a
set of data (and a prior belief).
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The challenge with classic hypothesis testing is that it
is highly sensitive to the choice of the null hypothesis. It is
important to note that in classic hypothesis testing, there
is an asymmetry; you do not necessarily come to the same
conclusion if you switch the null and alternative hypoth-
eses. In classic statistics, a decision regarding what test to
use on a hypothesis is made to balance the probability of a
type I error (rejecting a true null hypothesis) and a type II
error (failing to reject a false null hypothesis). Due to the
nature of the null/alternative hypotheses approach, it is
common that the smaller the probability of a type I error,
the larger the probability of the type II error, and vice
versa.

In Bayesian hypothesis testing, the question of testing
is one of determining the likelihood of various hypotheses,
and is only relevant when different conclusions will lead to
different actions on the part of the tester. Otherwise, there
is no reason to perform a test and the prior belief about
each hypothesis will be maintained. We begin by assuming
that there are two hypotheses H0 and H1. It is also
assumed that an action B0 is best if H0 is true and action
B1 is best if H1 is true. Therefore, our problem has two
parts. The first step is to determine the probability of each
case being true: p(H0|&) and p(H1|&). The second step is
to determine the consequences (gains or losses) associated
with successes and errors.

Typically, we refer to the null and alternative hypoth-
esis as

H0 : y 2 Y0; ð46Þ

H1 : y 2 Y1: ð47Þ

In the Bayesian approach, our goal is to calculate the
posterior probabilities given the test data (X), which are

p0 : pðy 2 Y0jX;&Þ; ð48Þ

p1 : pðy 2 Y1jX;&Þ; ð49Þ

where p0þp1 sum to one only when the hypotheses are
mutually exclusive and collectively exhaustive. The pos-
terior probabilities provide us with a means through
which to judge the likelihood of each hypothesis. Posterior
odds, p0/p1, are the ratio of the likelihood of the null
hypothesis to the likelihood of the alternative hypothesis.
If the ratio is low, odds are in favor of the alternative;
likewise, if the odds are high, then the null hypothesis is
viewed as more likely.

As we have shown, to arrive at a posterior probability,
we will need the prior probabilities

p0¼pðy 2 Y0j&Þ ð50Þ

p1¼pðy 2 Y1j&Þ ð51Þ

and the likelihood function. In this situation, it is pre-
ferred to use, instead of the likelihood function, the like-

lihood ratio

pðxjy 2 Y0;&Þ

pðxjy 2 Y1;&Þ
¼

lðy 2 Y0jX ;&Þ

lðy 2 Y1jX ;&Þ
: ð52Þ

The likelihood ratio (in classic and Bayesian statistics) is
viewed as the odds in favor of H0 and H1 given the data X.
Recall also that the posterior odds is the product of the
prior odds and the likelihood ratio.

We may also choose to work with the Bayes’s factor,
which is the ratio of the posterior odds to the prior odds.
When the two hypotheses are mutually exclusive and
collectively exhaustive, p0¼ 1� p1 and p0¼1�p1, and
the Bayes’s factor equals the likelihood ratio. In this
situation, the Bayes’s factor is, as mentioned, the odds in
favor of H0 over H1 given the data.

When the hypotheses are not so simple, which would
indicate either overlapping hypotheses or a hypothesis
consisting of a set of possibilities, the Bayes’s factor must
be computed as follows:

B¼
p0=p1

p0=p1
¼

R

y2Y0
lðy 2 Y0jX ;&Þpðyj&Þ=p0dy

R

y2Y1
lðy 2 Y1jX ;&Þpðyj&Þ=p1dy

: ð53Þ

This factor does not provide the interpretation given by
the likelihood ratio, although it may still yield some in-
sight into the weight of the evidence as it relates to the
hypothesis. One highly useful interpretation of the
Bayes’s factor is that it is the amount by which the beliefs
were altered by the experiment or data. Together, the
Bayes’s factor and the posterior odds provide a powerful
method by which hypotheses can be tested.

6.1. Example: Testing a Simple Hypotheses — A Fair Die

Consider the following example, based on an example
found in von Winterfeldt and Edwards (5). Suppose the
fairness of a die was called into question. It is believed that
either it produces 6 s with a frequency of 1/6 (H0) or 1/5
(H1). The ratio of H0/H1, on the basis of observing a 6, is (l/
6)/(l/5)¼ 5/6. Likewise, the ratio of H0/H1, on the basis of
observing anything other than a 6, is (5/6)/(4/5)¼ 25/24.
Although the prior odds are your prerogative, let us
assume that you feel that the die is twice as likely to be
fair as unfair, and thus the prior odds equal 2. If the die
results in the following sequence, what is the new like-
lihood ratio?

4; 6; 2; 4; 1; 3; 6; 2;5; 6; 1; 3; 5;4:

For this example, the posterior odds are

p0

p1
¼ 2 �

5

6

� �3

�
25

24

� �11

¼ 1:8; ð54Þ

and the Bayes’s factor is

p0=p1

p0=p1
¼

5

6

� �3

�
25

24

� �11

¼ 0:9: ð55Þ
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The die is still more likely to be fair than unfair, but the
die is deemed less likely to be fair than was originally
believed. Additional tests may lead to the alternative
hypothesis being accepted.

6.2. Example: Testing a Simple Null Hypothesis—To Treat or
Not?

Recall the clinical test for BUN. The posterior belief about
the BUN was yjx � Nð17:8; 2:2Þ. Suppose that the patient
in question is currently undergoing dialysis, and that a
BUN of 19 or higher would indicate a need to have dialysis
performed twice as often, or face possible kidney failure. If
we assume that the cost of kidney failure is ten times the
cost of increased dialysis, should the patient have dialysis
performed more often?

To guide our decision making, we must first determine
the likelihood that the BUN is greater than 19. Our null
hypothesis is that the patient has a BUN of 19 or higher.
We begin by calculating the area under the normal curve
that is greater than 19:

p0¼pyjxðy�19Þ¼p Z�
19� 17:8

ffiffiffiffiffiffiffi

2:2
p

� �

¼ 1� Fð0:809Þ¼ 0:21;

ð56Þ

where Z¼ y�17:8
ffiffiffiffiffi

2:2
p is a standard normal random variable and

F is the cumulative distribution function of the standard
normal distribution.

The posterior probability is interpreted to mean that
there is a 21% likelihood that the BUN is greater than 19.
If we establish a threshold, based on the costs given above
as

1

1þ 10
¼ 0:091; ð57Þ

then we see that, because the p0¼ 0.21 is greater than the
threshold (0.091), one would choose to increase the rate of
dialysis. Notice that if the costs were equal rather than
differing by a power of ten, the threshold would have been
0.5, and the hypothesis would be rejected and the dialysis
treatment rate would not be increased.

As a matter of completeness of analysis, we can see that
the posterior odds would be 0.21/(1 � 0.21)¼0.266. The
prior odds would have been 2.05, leaving a Bayes’s factor
of 0.13, indicating that the collected data were in favor of
rejecting the null hypothesis. This is intuitive given that
the prior mean was 20.

6.3. Bayesian View on the Point Null Hypothesis

The examples of hypothesis testing provided above were of
the two more common types. The first is the ‘‘simple’’
hypothesis that tests two competing independent hypoth-
eses whose likelihoods sum to one. The other is called a
‘‘one-tailed’’ test due to the fact that we are looking to
determine whether a value is greater than or equal to
some threshold hypothesized value. The other common
scenario is that of the ‘‘two-tailed’’ hypothesis test, or the

point hypothesis. In this scenario, the null hypothesis is
that a parameter will be exactly equal to a provided value.

This approach is problematic for the Bayesian, because
priors are typically continuous distributions and will
therefore assign a likelihood of zero to any exact value.
Classic statisticians admit that it will essentially never be
the case that some y¼ y0. The Bayesian can take several
approaches to this problem. The first is to translate the
problem to a one-tailed problem whenever possible. The
second would be to change the hypothesis from an exact
value to an appropriately small range of values (y0� e, y0
þ e). The challenge with this approach is determining just
how small the range of values should be.

A third approach to this problem requires that the
Bayesian not use a continuous distribution as the prior.
Other options include discrete and hybrid distributions
that would assign a specific probability p0 to the likelihood
of achieving the exact value, and distribute the rest of the
probability p1¼1� p0 across a range of values that might
appear in the test.

After the third approach, if we define the spread
distribution as z(y), then the prior is

pðyÞ ¼ dy0p0þp1zðyÞ; ð58Þ

where dy0 is the Dirac delta with mass at y0. The posterior
probability is then

pðy¼ y0jx;&Þ¼
pðxjy0;&Þp0

p0pðxjy0;&Þþ p1
R

pðxjy;&ÞzðyÞdy
: ð59Þ

The Bayes’s factor for this type of hypothesis is

B¼
p0=p1

p0=p1
¼

pðxjy0;&Þ
R

pðxjy;&ÞzðyÞdy
: ð60Þ

6.4. Example: Testing a Point Hypothesis and Lindley’s
Paradox

Consider the following example, in the vein of Lindley’s
Paradox (6), as explained in Ref. 7. Suppose that a
sampling x¼ (x1, x2, y ,xn) is taken from a distribution
such that �x¼Nðy;jÞ, with a known variance j. We assume
also that the spread distribution z(y) is also normal, with
N(m,c). It will be assumed that m¼ y0 because we are
assuming that the mean is the most likely value.

By writing �x¼ ð �x� yÞþ y, we can see that the marginal
density for �x is

R

pð �xjy;&ÞzðyÞdy. Thus, because x� y �
Nð0;j=nÞ and y � Nðy0;cÞ, �x has a density of
Nðy0;cþj=nÞ.

The Bayes’s factor B is then

B¼
pð �xjy0;&Þ

R

pð �xjy;&ÞzðyÞdy
¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ð1þnc=jÞ
p

� E�
1
2 z

2ð1þj=ncÞ�1 ; ð61Þ

where Z is again the standard normal. The posterior
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probability is

p0¼
1

1þ ðð1� p0Þ=p0ÞB�1
¼ 0:40: ð62Þ

Lee (7) shows that if p0¼ 1=2 and j¼c, then the values Z
¼ 1.96 and n¼ 15 (n being the number of samples) give
rise to a Bayes’s factor of 0.66 and a posterior probability
of 0.4.

Notice that, from a classic hypothesis testing stand-
point, a Z value of 1.96 would arise with a probability of
0.05, which would lead to a rejected hypothesis at the 5%
level. Meanwhile, the posterior probability indicates that
there is a 0.40 likelihood that the null hypothesis is true.
Even more interestingly, as n reaches 100, the posterior
probability increases to 72.5%. The Bayes’s factor is an
increasing function in n. As n-N, B-N and because p0
is of the order 1=

ffiffiffi

n
p

, we also note that p0-1. Notice that
as n increases, the evidence gets stronger for the Baye-
sian; yet the classic statistician would continue to reject
the null hypothesis when Z¼ 1.96, regardless of the
sample size.

Lindley’s Paradox shows that a two-tailed significance
test may reveal significance at the 0.05 level, whereas the
posterior probability (even with quite small priors) is as
high as 0.95. Lindley (6) points out that the ‘‘common-
sense interpretations’’ are in direct conflict and should
cast serious doubt on use of significance levels when
testing point null hypotheses.

7. SUMMARY

Classic statistics, the ‘‘frequentist’’ version of statistics
based on long-run fractions, has enjoyed a mislabeling for

a considerable time. It is important to note that ‘‘classic’’
statistics is considerably younger than the Bayesian view
of statistics. Statistical tools such as p values, significance
levels, and confidence intervals grew out of the frequentist
statistical camp, but all have their parallels in Bayesian
statistics. Many agree that the Bayesian approaches,
which focus on beliefs and observed data, rather than
expected results of repeated trials, are more natural. It is
only through our training (most likely in our university
courses) that we are taught to consider the classic meth-
ods as natural.
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1. INTRODUCTION

Bioacoustic signals (BAS) are defined as a family of signals
that includes the sounds produced by the human body,
whereas, in general, the study of sounds produced by
living organisms is referred to as bioacoustics (1). As
BAS are the audible outcome emitted from the human
body, they possess valuable diagnostic information regard-
ing the functionality of the human organs involved in the
sound production mechanisms.

An everyday-life example of BAS is the pressure sig-
nals produced from the beating of the heart, namely heart
sounds (HS). To obtain HS, a stethoscope is typically
placed on the chest above the heart. The end of the
stethoscope has a diaphragm that bends in response to
sound; the sound waves travel through the tubes of the
stethoscope to the clinician’s ears. The clinician listens to
these sounds to determine certain aspects of the mechan-
ical functioning of the heart (mostly whether the heart
valves are functioning properly or not), of which the
clinician has been trained to detect. This measurement
is qualitative. A microphone can also be used to pick up
sound. Microphones convert the mechanical energy of
sound into electric energy. The resulting analog electric
signal can be digitized and analyzed quantitatively with
computer-based algorithms. Consequently, proper extrac-
tion and use of the diagnostic information of the digitized
BAS can transform the art of BAS auscultation into a
scientific discipline. With proper signal processing meth-
ods, the BAS could be converted from acoustic vibrations
inside the human organism into graphs and parameters
with diagnostic value, resulting in novel diagnostic tools
that objectively track the characteristics of the relevant
pathology and assist the clinicians in everyday practice.

Apart from HS, the BAS family also includes lung
sounds (LS), bowel sounds (BS), and joint sounds (JS),
with LS and HS being the most often used BAS in every-
day clinical practice, although, recently, sufficient re-
search effort has been placed on BS and JS analysis,
facilitating their adoption by the physicians as diagnostic
means.

2. DEFINITION, CATEGORIZATION, AND MAIN
CHARACTERISTICS OF BAS

2.1. Lung Sounds

2.1.1. Definition and Historical Background. From the
time of ancient Greeks and their doctrine of medical
experimentation until at least the 1950s, the LS were
considered as the sounds originating from within the
thorax and they were justified mainly on the basis of their
acoustic impression. For example, the writings of the
Hippocratic School, in about 400 B.C., describe the chest
(lung) sounds as splashing, crackling, wheezing, and
bubbling sounds emanating from the chest (2). An impor-
tant contribution to the qualitative appreciation of LS and
HS was the invention of the stethoscope by René Theophil
Laënnec in 1816. Laënnec’s gadget, which was originally
made of wood, replaced the ‘‘ear-upon-chest’’ detection
procedure enhancing the emitted LS and HS (3). Unfortu-
nately, it took over a century for quantitative analysis to
appear. Attempts for a quantitative approach date to 1930,
but the first systematic, quantitative measurement of
their characteristics (i.e., amplitude, pitch, duration, and
timing in controls and in patients) is attributed to McKu-
sick et al., in 1953 (4); the door to the acoustic studies in
medicine was finally opened.

2.1.2. Categorization and Main Characteristics. The LS
are divided into two main categories [i.e., normal LS
(NLS) and abnormal LS (ALS)]. The NLS are certain
sounds heard over specific locations of the chest during
breathing in healthy subjects. The character of the NLS
and the location at which they are heard defines them.
Hence, the category of the NLS includes the following
types (5):

– tracheal LS (TLS), heard over the trachea having a
high loudness,

– vesicular LS (VLS), heard over dependent portions of
the chest, not in immediate proximity to the central
airways,

– bronchial LS (BLS), heard in the immediate vicinity
of central airways, but principally over the trachea
and larynx,

– bronchovesicular LS (BVLS), which refers to NLS
with a character in between VLS and BLS heard at
intermediate locations between the lung and the
large airways, and

– normal crackles (NC), inspiratory LS heard over the
anterior or the posterior lung bases (6,7).

The ALS consist of LS of a BLS or BVLS nature that
appear at typical locations (where VLS are the norm). The
ALS are categorized between continuous adventitious
sounds (CAS) and discontinuous adventitious sounds
(DAS) (8), and include the following types (9–11):

– wheezes (WZ), musical CAS that occur mainly in
expiration and invariably associated with airway
obstruction, either focal or general,
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– rhonchi (RH), low-pitched sometimes musical CAS
that occur predominantly in expiration, associated
more with chronic bronchitis and bronchiectasis than
with asthma,

– stridors (STR), musical CAS that are caused by a
partial obstruction in a central airway, usually at or
near the larynx,

– crackles, discrete, explosive, nonmusical DAS,
further categorized between:

* fine crackles (FC), high-pitched exclusively inspira-
tory events that tend to occur in mid-to-late inspira-
tion, repeat in similar patterns over subsequent
breaths and have a quality similar to the sound
made by strips of Velcro being slowly pulled apart;
they result from the explosive reopening of small
airways that had closed during the previous expira-
tion, and

* coarse crackles (CC), low-pitched sound events found
in early inspiration and occasionally in expiration as
well, develop from fluid in small airways, are of a
‘‘popping’’ quality, and tend to be less reproducible
than the FC from breath to breath,

– squawks (SQ), short, inspiratory wheezes that
usually appear in allergic alveolitis and interstitial
fibrosis (12), predominantly initiated with a crackle,
caused by the explosive opening and fluttering of the
unstable airway that causes the short wheeze, and

– friction rub (FR), DAS localized to the area overlying
the involved pleura and occur in inspiration and
expiration when roughened pleural surfaces rub
together, instead of gliding smoothly and silently.

As the preceding paragraph has demonstrated, it is not
difficult to provide evidence that the LS are directly
related to the condition of the pulmonary function. The
variety in the categorization of LS implies changes in the
acoustic characteristics either of the source or the trans-
mission path of the LS inside the lungs because of the
effect of a certain pulmonary pathology. It is likely that the
time- and frequency-domain characteristics of the LS
signals reflect these anatomical changes (13).

In particular, the time-domain pattern of the NLS
resembles a noise pattern bound by an envelope, which
is a function of the flow rate (13). Tracheal sounds have
higher intensity and a wider frequency band (0–2kHz)
than the chest wall sounds (0–600Hz) and contain more
acoustic energy at higher frequencies (14). The CAS time-
domain pattern is a periodic wave that may be either
sinusoidal or a set of more complex, repetitive sound
structures (13). In the case of WZ, the power spectrum
contains several peaks (‘‘polyphonic’’ WZ), or a single peak
(‘‘monophonic’’ WZ), usually in the frequency band of 200–
800Hz, indicating bronchial obstruction (13). Crackles
have an explosive time-domain pattern, with a rapid onset
and short duration (13). It should be noted that this
waveform may be an artifact of high-pass filtering (15).
Their time-domain structural characteristics (i.e., a sharp,
sudden deflection usually followed by a wave) provide a

means for their categorization between FC and CC (16), as
it is shown in Fig. 1.

For an extensive description and a variety of examples
regarding the LS structure and characteristics, the reader
should refer to (13).

2.2. Heart Sounds

2.2.1. Definition and Historical Background. HS are de-
fined as the repetitive ‘‘lub-dub’’ sounds of the beating of
the heart (17). Heart auscultation followed similar path-
ways with lung auscultation because of the topological
coexistence of the heart with lungs. Hippocrates (460–377
B.C.) was familiarized with heart auscultation, and he may
have used HS for diagnostic purposes (18). Nevertheless,
it took almost two thousand years for re-evaluation of HS
by William Harvey (1578–1657), and three hundred years
more, with the contribution of Laënnec’s stethoscope
(1816), for Dr. Joseph Skoda (1805–1881) first to describe
the cardiac sounds and murmurs, by pinpointing their
locations and defining the clinical auscultatory signs that
have allowed the noninvasive diagnosis of cardiac pathol-
ogy via auscultation (18).

2.2.2. Categorization and Main Characteristics. The HS
are named according to their sequence of occurrence and
are originated at specific points in the cardiac cycle (18). In
particular, the HS are categorized as follows:

– first heart sound, or S1, occurs at the beginning of
ventricular systole when ventricular volume is max-
imal and is considered as normal HS,

– second heart sound, or S2, occurs at the end of
ventricular systole and is considered as normal HS
too,

– third heart sound, or S3 or ‘‘S3 gallop,’’ occurs just
after the S2, as a result of decreased ventricular
compliance or increased ventricular diastolic volume,
and is a sign of congestive heart failure,

– fourth heart sound, or S4 or ‘‘S4 gallop,’’ occurs just
before the S1, as a result of decreased ventricular
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Figure 1. An example of the crackles morphology in the time-
domain used for their categorization into fine and coarse crackles.
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compliance or increased volume of filling, and is a
sign of ventricular stress, and

– murmurs, sustained noises that are audible during
the time periods of systole, diastole, or both, asso-
ciated with backward regurgitation, forward flow
through narrowed or deformed valve, a high rate of
blood flow through normal or abnormal valves, vibra-
tion of loose structures within the heart (chordaeten-
dineae), and continuous flow through A-V shunts.
They are further categorized between:

* systolic murmurs (SM), sustained noises that are
audible between S1 and S2, categorized as early SM,
which begin with S1 and peak in the first third of
systole; mid SM (or ‘‘ejection’’ murmur), which begin
shortly after S1, peak in mid-systole, and do not quite
extend to S2; late SM, which begin in the later one-
half of systole, peak in the later third of systole, and
extend to S2; and pansystolic murmurs, which begin
with S1 and end with S2, thus heard continuously at
about constant amplitude throughout systole, and

* diastolic murmurs (DM), sustained noises that are
audible between S2 and the next S1, categorized as
early DM, which begin with S2 and peak in the first
third of diastole; mid DM, which begin after S2 and
peak in mid-diastole; late DM, which begin in the
latter one-half of diastole, peak in the later third of
diastole, and extend to S1; and pandiastolic mur-
murs, which begin with S2 and extend throughout
the diastolic period.

The acoustic content of HS is concentrated in low
frequencies (19). In fact, over 95% of the acoustic energy
of S1 and 99% of the one of S2 is concentrated under the
75Hz (20). The average spectrum decays exponentially
from its peak at approximately 7Hz and often contains
one or more shallow and wide peaks (21). The S2 contains
much more energy in the lower frequencies than S1 does.
In addition, the frequency content of most cardiac mur-
murs is also in the low range (20). The two most common
HS (i.e., S1, and S2) have much longer duration and thus a
lower pitch than crackles, and both of them are short-lived
compared with NLS and CAS (17), which contributes to
the facilitation of their separation from the LS. Never-
theless, HS from patients with irregular cardiac rhythms
(transient character) or loud murmurs tend to overlap the
LS more and thus are less separable.

2.3. Bowel Sounds

2.3.1. Definition and Historical Background. Bowel
sounds are defined as the sounds heard when contractions
of the lower intestines propel contents forward (22). Knowl-
edge of BS has advanced little since Cannon’s pioneering
work in 1902 (23), which used the sounds as a way of
studying the mechanical activity of the gastrointestinal
tract. Clinical tradition assesses the BS in a ‘‘passive’’ way
(i.e., by tracing not their presence but their absence)
because the latter is an indicator of intestinal obstruction
or ileus (paralysis of the bowel) (22). This lack of interest
in ‘‘active’’ abdominal auscultation is due, in part, to its

lack of support in scientific fact and definitely not because
of its lack of diagnostic information. Bowel sound patterns
in normal people have not been clearly defined, as only a
small number of them have been studied (24–28). In
addition, the trivial signal processing methods that have
been involved (29–31) have also been a problem. The
vague notion about the usefulness of the BS in clinical
practice that has been cultivated all these years, along
with the lack of a worldwide-accepted BS categorization,
has resulted in a reduced interest in their processing and
evaluation, even today.

2.3.2. Categorization and Main Characteristics. Up to
now, no reference of what can be considered as normal
bowel sound activity, and no physiological understanding
of the significance of different types of BS exist. Attempts
to describe the acoustic impression of normal BS, such as
‘‘rushes,’’ ‘‘gurgles,’’ etc., fail because of their subjectivity
bias. Sporadic works in the literature try to analyze the
time- and frequency-domain characteristics of BS, defin-
ing as normal BS those with a frequency content in the
range of 100–1000Hz, with durations within a range of 5–
200msec, and with widely varying amplitudes (32). An
analysis of the ‘‘staccato pop,’’ which is one of the most
common BS characteristic of the colon, proves that it has a
frequency content between 500 and 700Hz and a duration
of 5 to 20msec (32).

Recent work based on the differences seen between the
sound-to-sound intervals of BS from different pathologies
(i.e., irritable bowel syndrome, Crohn’s disease, and con-
trols) introduces a time-domain-based tool for relating BS
to the associated bowel pathology (33). In a similar vein,
the approaches of BS presented in this chapter contribute
to the provision of an extended, accurate, and objective
alternative to the current BS processing and evaluation
status.

2.4. Joint Sounds

2.4.1. Definition and Historical Background. JS are de-
fined as the sounds heard during the functioning of a joint.
In particular, the sound heard when our knuckles crack
results when a finger joint is extended almost to the end of
its range. The joint, surrounded by a lubricating fluid, is
encased in a capsule. At times, we intentionally or unin-
tentionally extend the joint so far that the gas dissolved in
the fluid spontaneously separates from the solution, form-
ing a small bubble, and making a cracking sound. Not
until the fluid reabsorbs the gas can the sound be repro-
duced. On the other hand, the sound heard when we do
deep-knee bends is a snapping sound, produced when our
tendons, which are merely the fibers that connect muscles
and bones, elastically snap into new positions as our joints
move under stress. Because the tendons shift back and
forth with the movement of the joint, no waiting time
exists before this snapping sound can be reproduced.

Another interesting joint that produces JS is the tem-
poromandibular (jaw) joint (TMJ), which is the ‘‘ball and
socket’’ joint that allows the lower jaw to open, close, and
move sideways when chewing and speaking. Located
about one centimeter in front of the ears, they are the
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only joints in the head. The ball is technically known as
the ‘‘condyle’’ of the joint, and it rotates in a cuplike
depression (the socket) technically known as the ‘‘fossa.’’
Although the joint looks like it is attached directly to the
sinuses, it is actually separated from them by soft tissue
ligaments that entirely enclose the joint. The ‘‘meniscus’’
is a disk of cartilage that lives in the space between the
condyle and the fossa and is capable of moving forward
and backward as the jaw opens and closes. The condyle
and the fossa are each covered with a thin layer of
nonmovable cartilage of their own. All three layers of
cartilage help to provide smooth, frictionless surfaces for
comfortable joint operation. TMJ sounds (TMJS) are
produced in the form of clicking or crepitation. In many
cases, the cartilage that separates the ball from the socket
tends to tear and displace so that it bunches up in front of
the ball. When opening the jaw wide, the ball moves
forward pushing the bunched up cartilage in front of it.
At some point in this forward movement, the ball jumps
over the mass of cartilage snapping back hard onto the
bone on the other side causing a loud pop or clicking
sound. Sometimes, the bones are forced into such close
approximation that you might hear a grinding noise
(crepitus) when opening or closing (34).

Robert Hooke is credited with the first auscultation of a
joint in the Seventeenth century and for the first sugges-
tion that joint noises could be used as diagnostic sign in
patients suffering from painful joints. Heuter described, in
1885, a ‘‘myo-dermato-osteophone’’ to localize loose bodies
in joints (35). In 1902, Blodgett reported on auscultation of
the knee, with attention to sounds of apparently normal
joints, the change in sounds with repetitive motions, and
reproducibility over several days (36). He notes an age-
related increase of sound and the relative absence of
sound when an effusion was present. Bicher, in 1913,
reported that each type of meniscal injury emitted a
distinctive sound signal (37). A paper on the Value of Joint
Auscultation was published in 1929 by Walters, in which
joint sounds recorded from 1600 patients were graded and
correlated with presumed pathology (38). The results were
said to help in the diagnosis of painful joints, with limited
physical findings and normal ‘‘skiagrams.’’ These studies
were expanded by Erb, who used a contact microphone to
reduce extraneous sounds (39). His was the first attempt
at electronic and graphic recording of the knee joint sound
(KJS) signal. A ‘‘cardiophone’’ was used by Steindel to
listen to sounds at several locations (40), and he appears to
be the first to have recorded joint angles and the first to
include filtering to remove noise and improve the signal.
He classified the JS based on the pitch, amplitude, and
sequence of the sounds, which in many cases were corre-
lated with pathology demonstrated by operative findings.
In 1953, Peylan reported on a study of 214 patients with
several types of arthritis using a regular and an electronic
stethoscope (41). He believed that he could distinguish
between periarticular sounds, osteoarthritis, and rheuma-
toid arthritis, but did not present evidence of any ‘‘blind’’
evaluation of this ability. Fischer and Johnson showed, in
1960, that sound signals could be detected in rheumatoid
arthritis before x-ray changes were observable (42). Chu
et al. at Ohio began the true scientific analysis of JS in a

series of papers dealing with methods to reduce skin
friction and ambient noise; the use of statistical para-
meters, such as the autocorrelation function of the KJS
signal for classification of signals into categories, such as
rheumatoid arthritis, degenerative arthritis, and chondro-
malacia patella; and the relationship between signal
acoustic power and articular cartilage damage (surface
roughness) (43,44). They also pointed to a number of
artifacts (local and ambient) in the acoustic recording of
KJS. A good understanding of the nature of the KJS
signals, their diagnostic potentials, as well as the pro-
blems encountered in practice may be obtained from the
work of Mollan et al. in Northern Ireland (45–49).

2.4.2. Categorization and Main Characteristics. From
the aforementioned JS, the TMJS and KJS are the most
important aspects. According to Widmalm et al. (50), the
TMJS are categorized in five types of clicking, i.e.,:

– Types 1, 2, and 3: short-duration signals with well
localization in the time-frequency domain with a
single energy peak in the frequency range below
600Hz, from 600Hz to 1200Hz, and above 1200Hz,
respectively.

– Types 4 and 5: long-duration crepitation signals with
nonlocalization in the time-frequency domain. Type 4
sounds contain all of the energy in the frequency
region below 600Hz, whereas type 5 sounds have
energy both below 600Hz and above 600 Hz.

Similar to the case of BS, the categorization of KJS is
implied through the related knee pathology. As Mollan et
al. note (49), patients with meniscal injuries produce
characteristic KJS signals, and that alterations in normal
joint crepitus may be a useful indicator of early cartilage
degeneration. They report the largest KJS signal on the
affected side, with a large displacement, and repetitive
appearance at the same knee angle in cycles. In addition,
bizarre, irregular KJS signals are noticable in the range of
300Hz to 600Hz, produced by degenerate articular carti-
lage. Furthermore, Frank et al. (51) report sharp bursts
(click) in the KJS signal for the case of meniscal lesions,
with short-duration energy in the range of 0–200Hz. Mild
chondromalacia (softening of the cartilaginous surface of
the inner side of the patella, namely the chondrol) is seen
in the KJS signal as long-duration activity in the range of
0–300Hz. Finally, KJS signals associated with severe
chondromalacia are of relatively low frequencies (i.e., 0–
100Hz) because of loose cartilage tissue existing between
the rubbing surfaces.

3. RECORDING STANDARDS OF BAS

3.1. Recording Sensor Types

The BAS auscultation is traditionally performed by means
of the stethoscope. Listening to BAS by means of a stetho-
scope involves several physical phenomena, such as vibra-
tions of the chest wall that are converted into pressure
variations of the air in the stethoscope, and these pressure
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variations are then transmitted to the eardrum. However,
the stethoscope cannot be used in the quantitative analy-
sis of BAS, because it does not provide any means of signal
recording. In addition, it presents a selective behavior in
its frequency response instead of a flat one (at least in the
area of interest, 40–4000Hz).

One basic category of recording devices of BAS signals
refers to microphones. Whatever the type of microphone, it
always has a diaphragm, like in the human ear, and the
movement of the diaphragm is converted into an electric
signal. Two major microphone approaches exist: the ‘‘kine-
matic’’ approach, which involves the direct recording of
chest-wall movement (‘‘contact sensor’’) and the ‘‘acoustic’’
approach, which involves the recording of the movement
of a diaphragm exposed to the pressure wave induced by
the chest-wall movement (‘‘air-coupled sensor’’). The
chest-wall movements are so weak that a free-field record-
ing is not possible; it is essential to couple the diaphragm
acoustically with the chest wall through a closed-air
cavity. Whatever the approach, kinematic or acoustic,
vibrations must be converted into electric signals using
transduction principles of (52): electromagnetic induction
(movement of a coil in a magnetic field induces an electric
current through the coil); condenser principle (changing
the distance between the two plates of a charged capacitor
induces a voltage fluctuation); and piezoelectric effect
[bending of a crystal (rod, foil) for the induction of an
electric charge on the surface].

The other category of recording devices includes piezo-
electric accelerometers. A piezoelectric accelerometer ap-
plies the piezoelectric effect in such a way that the output
voltage is proportional to the acceleration of the whole
sensor. Early applications used heavy-weight sensors with
high sensitivity and good signal-to-noise ratio. The dis-
advantages because of its heavy mass are mechanical
loading of the surface wall, difficulties with attachment,
and a low resonance frequency (well within the band of
interest). A piezoelectric accelerometer of very low mass
(1 g) has been applied successfully in the past, yet it may
be so fragile that routine clinical applications may be
difficult (52).

Although both condenser microphones and piezoelec-
tric contact sensors are displacement receivers, the wave-
forms that they deliver are different because of the
coupling differences. Selection criteria of a device should
also include size, average lifetime, and maintenance cost.
Both sensors possess some disadvantages [i.e., piezoelec-
tric sensors are very sensitive to movement artifacts, for
example, by the connecting wire, their characteristics
depend on the static pressure against the body surface
(53) and they are brittle, whereas condenser microphones
need mounting elements that change the overall charac-
teristics of the sound transduction (52)].

3.2. Recording Procedures and Considerations

The most common bandwidth for LS is from 60–100Hz to
2 kHz when recorded on the chest and from 60–100Hz to
4 kHz when recorded over the trachea. In addition, record-
ing of adventitious sounds on the chest requires a band-
width from 60–100Hz to 6 kHz (52). For HS, the useful

bandwidth is from 20Hz to 150Hz, whereas for BS, the
useful bandwidth is similar to the LS recorded from the
chest (i.e. 60–2000Hz). As a result, sampling frequencies
of 5 kHz to 10kHz and of 1kHz to 2kHz are sufficient
enough for the acquisition of all LS and HS signals,
respectively.

The KJS bandwidth is controversial, and different
ranges have been reported in the literature. In particular,
Chu et al. mention that the frequency content of the that
KJS extends to 20kHz (43,44) whereas Mollan’s work
indicates that the KJS signal is predominantly low-fre-
quency in nature (45–49). They also point out the impor-
tance of the lower frequencies, which are missed by
acoustic microphones but are recorded by contact sensors.
The use of the latter obviates the need to record the KJS
signals in an anechoic or soundproof chamber, or the need
to employ a differential microphone pair for noise cancel-
lation, as in Chu’s experimental setup (43,44). Contact
sensors are insensitive to background noise and small in
size in order to be securely fixed to minimize skin friction
(51). Furthermore, multiple sensors can be employed to
localize defects by multichannel KJS signal analysis (49).

For the case of TMJS, recent studies (50,54) indicate
that the analysis of TMJS needs to cover the whole audible
range (from 20Hz to 20kHz). Consequently, sampling
frequency of 48 kHz is the most preferable. Electret micro-
phones, like the SONY ECM 77, have a flat frequency
response from 40Hz up to 20kHz in free-space and are
usually preferred in the recordings of almost all types of
BAS.

For the processing of BAS, an analogue system is
required, which consists of a sensor, an amplifier, and
filters that condition the signal prior to analogue-to-digital
(A/D) conversion (usually with a 12- or 16-bit resolution).
A combination of low-pass filters (LPF) and high-pass
filters (HPF) in cascade is usually applied. The purpose
of using a HPF is to reduce the heart, muscle, and contact
noises. The LPF is needed to eliminate aliasing. The
amplifier is used to increase the amplitude of the captured
signal so that the full A/D converter range can be opti-
mally used, and sometimes to adjust the impedance of the
sensor.

Table 1 tabulates the recommendations regarding the
acquisition of the LS signals. These recommendations can
easily be adapted to the rest of the BAS, taking into
account the aforementioned characteristics per signal
category.

4. BAS ANALYSIS

The original method of BAS interpretation is auscultation
of the sound signals by the physician. Modern computer-
based analysis extend BAS capabilities by supplying in-
formation not directly from the sound perception. Never-
theless, auscultation is still a widespread technique,
because it involves the use of the stethoscope. To this
end, in most cases, the agreement of an automatic method
with physician’s interpretation is a basic criterion for its
acceptance.

BIOACOUSTIC SIGNALS 5



The BAS analysis includes three main categories: noise
reduction-detection, modeling, and feature extraction-
classification.

4.1. Noise Reduction Detection

Objective analysis of BAS requires a preprocessing proce-
dure regarding the elimination of possible noise effect in
the recorded signal, which mainly refers to the elimina-
tion of the impact of the HS on the LS recordings,
elimination of the background noise from BAS recordings
or detection of BAS with transient character, such as DAS
or BS bursts, and reduction of interference in different
representations of BAS, like the TMJS or HS time-fre-
quency representation. The above cases are met in the
routine recordings of BAS; hence, advanced signal proces-
sing techniques are needed in order to efficiently circum-
vent these noise effects.

4.1.1. HS Interference Elimination. Heartbeating pro-
duces an intrusive quasi-periodic interference that masks
the clinical auscultative interpretation of LS. This is a
serious noise effect that creates major difficulties in LS
analysis because of the fact that the intensity of HS is
three- to ten-fold that of LS over the anterior chest and
one- to three-fold that of LS from the posterior bases (55).
This high relative intensity of the HS can easily saturate
the analog amplifiers or the A/D converter, leading to a
truncated signal and artifacts, especially in the case of
children and infants, where the heart rate is high and its
HS are loud (56,57). As it is already mentioned, the main

frequency components of the HS are in the range of 20Hz
to 150Hz (58,59) and overlap with the low-frequency
components of breath sound spectrum in the range of
20Hz to 2000Hz (14).

Two basic approaches for heart noise reduction were
followed in the literature: high-pass (HP) linear filtering,
with a cutoff frequency varying from 50Hz to 150Hz, and
adaptive filtering. The first approach (14,52) effectively
reduces the HS noise, but, at the same time, it degrades
the respectively overlapped frequency region of breath
sounds. The second approach uses the theory of adaptive
filtering (60) with a reference signal highly correlated to
the noise component of the input signal. To this vein, a
signal preprocessing system with varying amplifier gain
using an adaptive filter (61) was initially proposed. In
addition, a portable breath sound analysis system that
uses an adaptive filter based on the Least Mean Square
(LMS) algorithm for removing HS interferences (62) was
suggested. In both cases, HS signals recorded on the
patient’s heart location were used as the reference input
for adaptive filtering, which inevitably included LS as
well. Electrocardiogram (ECG) signal information was
also used as the reference signal for LMS-based adaptive
filtering to reduce HS (57,63), using hundreds of taps (i.e.,
1000 and 300, respectively) resulted, however, in a high
adaptation time. The use of reduced order Kalman filter-
ing (ROKF) for HS reduction was proposed by (64). In this
work, an autoregressive model was fitted to the HS
segments free of respiratory sounds (i.e., breath hold
segments including HS) under the adoption of three
assumptions (i.e., heart and respiratory sounds are mu-

Table 1. Summary of Recommendations for the Case of LS Signal Acquisition with Piezoelectric or Condenser Sensors.

Sensor specifications
Frequency response Flat in the frequency range of the sound.

Maximum deviation allowed 6dB
Dynamic range 460dB
Sensitivity Must be independent of frequency, static pressure, and sound direction
Signal-to-noise ratio 460dB (S¼ lmV �Pa�1)
Directional characteristics Omnidirectional

Coupling
Piezoelectric contact
Condenser air-coupled Shape: conical; depth: 2.5–5mm; diameter at skin: 10–25mm; vented

Fixing methods
Piezoelectric Adhesive ring
Condenser Either elastic belt or adhesive ring

Noise and interferences
Acoustic Shielded microphones; protection from mechanical vibrations
Electromagnetic Shielded twisted pair or coaxial cable

Amplifier
Frequency response Constant gain and linear phase in the band of interest
Dynamic range 460dB
Noise Less than that introduced by the sensor

High-pass filtering Cut-off frequency 60Hz; roll-off 418dB � octave� 1; phase as linear as possible; minimized ripple

Low-pass filtering Cut-off frequency above the upper frequency of the signal; roll-off 424dB � octave� 1; minimized ripple

Source: Ref. 52.
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tually uncorrelated; these sounds have additive interac-
tion; and the prior and subsequent HS are linearly related
to the HS corrupted by the respiratory signal). However,
these prior assumptions make the method inefficient in
practical implementations, and it was tested only with
synthesized data and not actual LS; in addition, this
ROKF-based approach exhibits increased computational
cost.

Kompis and Russi (65) proposed a modification to the
adaptive LMS algorithm (58), which combines the advan-
tages of adaptive filtering with the convenience of using
only a single microphone input, eliminating the need of
recording a reference signal. Their modification consisted
of adding a LPF with a cutoff frequency of 250Hz in the
error signal path to the filter. However, their results
showed that HS were still clearly audible because of the
improper identification of the HS segments within a long
sound recording, achieving a moderate heart noise reduc-
tion by 24% up to 49%.

In the same perspective, yet with much better HS noise
reduction results, another single recording adaptive noise
cancellation (ANC) technique based on fourth-order sta-
tistics (FOS) was proposed by Hadjileontiadis and Panas
(66). The ANC-FOS algorithm is an adaptive de-noising
tool that employs a reference signal z(k) highly correlated
with the HS noise. The ANC-FOS algorithm analyzes the
incoming LS signal x(k) to generate the reference signal
z(k), by detecting the real location of the HS in the
incoming LS signal. Therefore, the ANC-FOS scheme
initially applies on x(k) a peak detection algorithm,
namely localized reference estimation (LOREE) algorithm
(66), which searches for the true locations of HS noise,
based on amplitude, distance, and noise-reduction percen-
tage criteria. Its output, z(k), is a localized signal with
precise tracking of the first (S1) and second (S2) heart-
beats, highly correlated with heart noise and with no extra
recording requirement as Iyer’s method requires (58). The
basic characteristic of the ANC-FOS is that, during the
adaptation procedure, its update equation consists only of
the fourth-order cumulants of the incoming and reference
signals, and it is not affected by Gaussian uncorrelated
noise. This observation reveals the enhancement achieved
in the robustness of an ANC scheme when FOS are
employed in its structure. Comparing the ANC-FOS algo-
rithm with the adaptive schemes proposed by Iyer et al.
(58) and Kompis with Russi (65), it can be deduced that,
unlike the latter, the ANC-FOS algorithm finds the true
locations of S1 and S2 without assuming any similarity in
the two HS. In addition, neither Iyer’s nor Kompis’
methods take into account any nonlinear transformation
that might be necessary to correctly account for nonlinea-
rities in the system, as the ANC-FOS algorithm does
because of the employment of FOS. Furthermore,
although Kompis’ method, unlike Iyer’s, avoids the need
of extra recording, it results in moderate noise reduction
percentages compared with that of the ANC-FOS scheme.
Finally, both Iyer’s and Kompis’ methods are sensitive to
additive Gaussian noise, whereas the ANC-FOS algorithm
is insensitive to Gaussian uncorrelated noise and inde-
pendent of it, because it is based on FOS, which are zero
for Gaussian processes. An example of the output of the

ANC-FOS, when applied on breath sound recordings con-
taminated with HS, is depicted in Fig. 2. From this figure,
the efficiency of the ANC-FOS in deteriorating the HS
noise leaving the LS signal unaffected is evident.

Recently, a bandpass-filtered version of the original
signal was used as the reference input for an ANC-
Recursive Least Squares (ANC-RLS) filtering technique
(67). Although the performance of this method is promis-
ing both qualitatively and quantitatively, its computa-
tional load is quite high.

Multiresolution analysis, based on the discrete wavelet
transform (WT), has also been used to form filtering
techniques for the HS reduction from LS (68,69). In
particular, in (69), an ANC-WT filter is proposed based
on the fact that explosive peaks in the time-domain (HS
peaks) have large signal amplitudes over many WT scales.
On the contrary, ‘‘noisy’’ background (LS) dies out swiftly
with increasing scale. The definition of ‘‘noise’’ is not
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Figure 2. (a) Time waveform of 3.27-s raw contaminated LS
recorded from a subject during normal breathing. (b) Time wave-
form of the corresponding reference signal [LOREE output (66)].
(c) Time waveform of adaptively filtered LS [ANC-FOS output
(66)]. The small, black lines in the input tracing indicate the
presence of the HS noise (S1 and S2 correspond to first and second
HS, respectively).
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always clear. For example, in this case, the HS peaks are
temporary considered as the ‘‘desired’’ signal in order to be
isolated from the LS (background noise); after their isola-
tion, the residual (i.e., the de-noised LS) is now the desired
signal and the isolated HS peaks are the noise. Hence, it is
better to view an N-sample signal as being noisy or
incoherent relative to a basis of waveforms if it does not
correlate well with the waveforms of the basis (70). From
this notion, the separation of HS from LS becomes a
matter of breath sounds coherent structure extraction.
The basic characteristic of the ANC-WT scheme is that,
unlike most of the adaptive-filtering techniques, it does
not need any reference signal for its adaptive perfor-
mance. Comparing the ANC-WT algorithm (69) with the
adaptive schemes proposed by Iyer et al. (59), Kompis and
Russi (65), and the previously described ANC-FOS (66), it
can be noticed that the ANC-WT scheme possesses all the
advantages of the ANC-FOS algorithm over Iyer’s and
Kompis’ methods, such as finding the true locations of S1

and S2 without assuming any similarity in the two HS,
avoiding the need of extra recording, and resulting in high
noise reduction. In addition, the ANC-WT scheme per-
forms better than the ANC-FOS scheme when the additive
noise has an impulsive character (e.g., friction sound
caused by movement, impulsive ambient noise, etc). On
the other hand, the ANC-FOS scheme performs better
than the ANC-WT scheme when the input LS signal is
contaminated by additive Gaussian uncorrelated noise
(66,69). Although the ANC-WT algorithm results in smal-
ler reduction percentages (84.1%) than the ANC-FOS
algorithm (4 90%), its ‘‘reference-free’’ structure
equalizes this loss characterizing both of them as attrac-
tive noise reduction schemes. An example of the perfor-
mance of the ANC-WT when applied on breath sound
recordings contaminated with HS is depicted in Fig. 3.
From this figure, the adaptation efficiency of the ANC-WT
to HS noise reduction only is evident.

4.1.2. Background Elimination-BAS Detection. The elim-
ination of background noise in the BAS recordings is a
major issue to be considered prior to their diagnostic
analysis, because the presence of background noise se-
verely influences the clinical auscultative interpretation
of BAS. The elimination of noise results in de-noised BAS
that provide a more reliable and accurate characterization
of the associated pathology.

The noise sources in the case of the BS recordings
include instrumentation noise introduced during the re-
cording process, sounds from the stomach, as well as
cardiac and respiratory sounds, which occur mostly in
the case of infants. In order to yield a successful BS
classification, an effective reduction of noise from the
contaminated BS signal is required, because the presence
of the noise introduces pseudoperiodicity, masks the re-
levant signal, and modifies the energy distribution in the
spectrum of BS. From the available studies related to BS
analysis, only a few are focused on the BS de-noising
process in order to extract their original structure before
any further diagnostic evaluation (30,71). Unfortunately,
the method used for noise reduction in (30) was based only
on assumptions and general descriptions of the noise

characteristics, forming a static, rather than a dynamic,
noise reduction scheme. In addition, the noise is manually
extracted, after subjective characterization and localiza-
tion of the noise presence in the histogram of the recorded
BS. The second de-noising method of BS, used by Mansy
and Sandler (71), is based on adaptive filtering (60) and
eliminates the HS noise from BS recorded from rats.
Although it results in satisfactory enhancement of BS, it
still requires careful construction of a noise reference
signal, and it needs an empirical set-up of its adaptation
parameters.

The previously described ANC-WT has been success-
fully applied to circumvent this problem (72). By a simple
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Figure 3. (a) Time waveform of 2.48-s raw contaminated LS
recorded from a subject during normal breathing. (b) Time wave-
form of adaptively filtered LS [stationary ANC-WT output (69)].
(c) Time waveform of the estimated HS [nonstationary ANC-WT
output (69)]. The small, black lines in the input tracing indicate
the presence of the HS noise (S1 and S2 correspond to first and
second HS, respectively).
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modification in its input (BS instead of LS), it results in
efficient de-noising of BS signals, as it is apparent from
Fig. 4.

Comparing the ANC-WT algorithm (72) with the adap-
tive scheme proposed by Mansy and Sandler (71), it can be
noticed that, unlike the ANC-WT scheme, Mansy and
Sandler’s method is a ‘‘nonreference-free’’ scheme, be-
cause, apart from the BS recordings, it requires a refer-
ence signal for its performance. In addition, their scheme
constructs a heart sound template, with averaged HS from
previous successive heartbeats, to estimate the character-
istics of the heart noise. On the contrary, it is not required
by the ANC-WT scheme to describe the characteristics of
the aggregated interference. Moreover, Mansy and Sand-
ler’s scheme is only tested on rats for the construction of
the heart noise template, using their structural character-
istics. On the contrary, the ANC-WT scheme is implemen-
ted in BS analysis derived from humans, with or without
any gastrointestinal pathology. Finally, its implementa-
tion, unlike Mansy and Sandler’s scheme, does not require
empirical definition of a set of parameters, which is always
prone to subjective human judgment.

As it was mentioned in the description of the LS
characteristics in the LS section of this chapter, the DAS
behave as a nonstationary explosive noise superimposed
on breath sounds. The DAS are rarely normal, so their
presence indicates an underlying pathological malfunc-
tion, which means that their separation from the back-
ground sound (i.e., the vesicular lung sounds or VLS)
could reveal significant diagnostic information. In order
to achieve automated separation, the nonstationarity of
DAS must be taken into account. Thus, neither HP filter-
ing, which destroys the waveforms, nor level slicing, which
cannot overcome the small amplitude of FC, are adequate
for this task. Application of time-expanded waveform

analysis in crackle time-domain analysis (16,73) results
in separation; it is, however, time-consuming, with large
interobserver variability. Nonlinear processing, proposed
by Ono et al. (74), and modified by Hadjileontiadis and
Panas (75), obtains more accurate results, but requires
empirical definition of the set of parameters of its Sta-
tionary-nonstationary (ST-NST) filter. To more efficiently
overcome this problem (i.e., to achieve reliable automated
separation of three types of DAS, namely fine crackles (or
FC), coarse crackles (or CC), and squawks (or SQ), from
VLS), a series of works have been proposed in the litera-
ture based on WT, fuzzy logic (FL), and fractal dimension
(FD).

In particular, the WT-based method for automated
separation of DAS from VLS refers to a form of the
ANC-WT scheme adapted for this task. As the problem
addressed here deals with the separation of the nonsta-
tionary part of the LS from the stationary part, the ANC-
WT scheme is renamed to wavelet transform-based ST-
NST (WTST-NST) filter, originally introduced by Hadji-
leontiadis and Panas (76). The only changes needed to the
ANC-WT scheme refer to the input signal, which is now
the breath sounds (DAS and VLS), and to the two outputs
(nonstationary and stationary) corresponding to the sepa-
rated DAS and the background VLS, respectively. Com-
paring the results of the WTST-NST algorithm (76) with
those derived from the application of the nonlinear
scheme (ST-NST) proposed by Ono et al. (74) at the same
breath sounds [analytically shown in Table II in (76)], it is
clear that the WTST-NST filter performs better than the
ST-NST filter in all cases of each type of DAS, which is a
result of the empirical definition of the parameters em-
ployed in the performance of the ST-NST filter, depending
on the characteristics of the input signal. The WTST-NST
filter may be applied to all types of DAS requiring neither
empirical definition nor adaptive updating of its para-
meters according to the characteristics of the input signal.
In addition, the WTST-NST filter, unlike the ST-NST
filter, separates the whole DAS, without leaving the later
parts (i.e., the part of DAS that follows the initial peak).
Regarding the performance of the WTST-NST filter with
that of the rest of separation techniques mentioned before,
the WTST-NST filter clearly overcomes the disadvantages
of HP filtering, because it results in nondestroyed DAS
and VLS; unlike a level slicer it detects all DAS, even
those with small amplitude, and unlike time-expanded
waveform analysis (16,73), it results in accurate, fast, and
objective results, regardless of DAS type and without
employing any human intervention.

Although the WTST-NST filter obtains the most accu-
rate separation results among all other methods reported
in the recent literature, it cannot serve as the optimum
solution when the real-time analysis of the LS is the
primary aim. To this end, enhanced real-time DAS detec-
tors based on FL have been proposed. The first one,
namely generalized FST-NST (GFS-NST) filter, is based
on a generalized version of the fuzzy logic-based ST-NST
(FST-NST) filter proposed by Tolias et al. (77), and uses
one fuzzy inference system (FIS) dedicated to the estima-
tion of the stationary part of the signal to provide a
reference to the second FIS that estimates the nonsta-

(a)

(b)

(c)

Figure 4. The performance of the ANC-WT filter when applied
on recorded BS from a patient with irritable bowel syndrome (72).
(a) The originally acquired BS signal. The arrowheads in the
input tracing indicate the events of interest that correspond to
BS. (b) The de-noised BS [nonstationary output of the ANC-WT
filter (72)]. (c) The estimated background noise [stationary output
of the ANC-WT filter (72)].
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tionary part (78). In an alternative approach in developing
fuzzy models for real-time separation of DAS from VLS,
the model generation process is based on the Orthogonal
Least Squares (OLS) concept (79), providing structure and
parameter identification, as well as performing input
selection. In particular, the parameters of the resulting
models are calculated in a forward manner without re-
quiring an iterative training algorithm. Therefore, the
method does not suffer from drawbacks inherent to gra-
dient-based techniques, such as tapping to local minima
and extensive training time. This approach uses two FISs
that operate in parallel and form the OLS-based fuzzy
filter (OLS-FF) (80). In general, the OLS-FF improves the
structure employed in (78), introducing a more flexible
architecture. As a result, it activates the optimum em-
ployed fuzzy rules, uses a lower number of rules, and
comprises the most appropriate inputs for each of them,
which is a clear advantage over the previous work (78),
because the latter uses a complete rule base and conse-
quent parts with fixed number of terms. In addition,
unlike the GFST-NST filter, the OLS-FF does not require
a training phase for the estimation of the optimum model
parameters, because they are calculated on the spot.
Although the OLS-FF exhibits an inferior performance
compared with the WTST-NST filter (76), it satisfies the
real-time implementation issue. However, the GFST-NST
filter (78) performs better than the OLS-FE by 1% up to
4% for the cases of CC and SQ, and by 14% for the case of
FC as a trade-off between the structural simplicity of the
OLS-FF. On the contrary, the OLS-FF requires a signifi-
cantly smaller (by 62%) computational load than the
GFST-NST filter, improving the procedure of clinical
screening of DAS under a real-time implementation con-
text (80,81). Figure 5 illustrates some examples of the
performance of the WTST-NST and the GFST-NST filters.

Recently, an FD-based approach has been proposed to
address the detection of DAS in the LS signal and of BS in
the background noise (82). In particular, this technique
forms an FD-based detector (FDD), which assesses the
complexity of the sound recordings in the time-domain in
order to efficiently detect the time location and duration of
the nonstationary LS and BS. As nonstationarity is the
key feature for the detection of these sound recordings, its
direct relationship with the signal complexity makes the
FD measure a possible tool for their detection. Compared
with the previous approaches (75–78,80,83), the FDD is
more attractive because of the simplicity in the evaluation
of the FD measure, because the FDD is a time-domain FD
algorithm that operates directly on the signal and not on
state space, and hence it has fast computational imple-
mentation.

4.1.3. Reduction of Interference in TMJS and HS Time-
Frequency Representation. Time-frequency signal analysis
has recently experienced an accelerating development of
interest. Although spectrogram and Wigner–Ville distri-
bution [both members of Cohen’s Class of Distributions
(84)] have been used in tracking the frequency content of
nonstationary signals, they both exhibit liabilities, such as
failure to resolve signal components close in frequency
and production of interference (cross terms) because of

interactions between signal components, respectively. To
this end, Williams and Jeong have proposed a reduced
interference distribution (RID) (85,86), aiming at achiev-
ing high-resolution time-frequency distributions within
Cohen’s class with much reduced cross-term or interfer-
ence activity. The suppression of cross terms was achieved
by attenuating distant terms in the ambiguity-domain, at
the same time retaining a number of other desirable
mathematical properties, which are not exhibited by other
members of Cohen’s class (85,86). The RID-based analysis
of TMJS (50,86–88) provided the successful categorization
of TMJS to five types described in the Joint Sounds section
of this chapter.

In a similar vein, Wood and Barry and their colleagues
(89–92) used the binomical form of the RID in the HS
analysis in order to clearly track the alterations of the
dynamic changes in physiological properties caused by
pathology. Guo et al. (93,94) devised the Bessel kernel that
generally falls into the RID class, exhibiting further
advantages in the HS analysis, particularly of valve
sounds. They have also found that, by increasing the
computational burden and relaxing some of the con-
straints on the distribution, like the time support con-
straint such that the kernel is integrating (or summing)
over a larger range of signal values, the noise is further
suppressed (93,94).

4.2. Modeling

Modeling of the system that produces the BAS contributes
to the understanding of their production mechanisms. The
way the pathology affects these mechanisms is reflected in
the modeling parameters adopted, which is a very impor-
tant issue in the analysis of BAS, because efficient model-
ing could lead to an objective description of the changes a
disease imposes to the production or transmission path of
the BAS.

LS originated inside the airways of the lung are
modeled as the input to an all-pole filter, which describes
the transmission of LS through the parenchyma and chest
wall structure (95). The output of this filter is considered
to be the LS recorded at the chest wall. As it is already
mentioned in previous subsections, the recorded LS also
contain heart sound interference, the reduction of which
has been thoroughly addressed in the Noise Reduction-
Detection section of this chapter. Muscle and skin noise,
along with instrumentation noise, are modeled as an
additive Gaussian noise. With this model, given a signal
sequence of LS at the chest wall, an autoregressive (AR)
analysis based on third-order statistics (TOS), namely AR-
TOS, can be applied to compute the model parameters.
Therefore, the source and transmission filter character-
istics can be separately estimated, as it is thoroughly
described in (81,96). The profound motivations behind
the use of the AR-TOS model is the suppression of
Gaussian noise, because TOS of Gaussian signals are
identically zero. Hence, when the analyzed waveform
consists of a nonGaussian signal in additive symmetric
noise (e.g., Gaussian), the parameter estimation of the
original signal with TOS takes place in a high-SNR
domain, and the whole parametric presentation of the
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process is more accurate and reliable (97,98). The model
used for the LS originated inside the airways considers the
LS source as the output from an additive combination of
three kinds of noise sequences (14). The first sequence
(periodic impulse) describes the CAS sources, because they
have characteristic distinct pitches, and they are produced
by periodic oscillations of the air and airway walls (see
also the Categorization and Main Characteristics subsec-
tion of Lung Sounds) (9,17). The second sequence (random
intermittent impulses) describes the crackle sources, be-
cause they are produced by sudden opening/closing of
airways or bubbling of air through extraneous liquids in
the airways, both phenomena associated with sudden
intermittent bursts of sounds energy (see also the Cate-
gorization and Main Characteristics subsection of Lung
Sounds) (9,17). Finally, the third sequence (white non-
Gaussian noise) describes the breath sound sources, be-
cause they are produced by turbulent flow in a large range
of airway dimensions (see also the Categorization and
Main Characteristics subsection of Lung Sounds) (9,17).

The estimation of the AR-TOSmodel input (LS source) can
be derived from the prediction error by means of inverse
filtering (96,99).

As it was described in the Lung Sounds section, among
the different kinds of BAS recorded from the human body,
some exhibit sharp peaks or occasional bursts of outlying
observations that one would expect from normally dis-
tributed signals, such as the DAS and some types of
impulsive BS. In addition, these BAS occur with a differ-
ent degree of impulsiveness. As a result of their inherent
impulsiveness, these BAS have a density function that
decays in the tails less rapidly than the Gaussian density
function (100). Modeling based on alpha-stable distribu-
tion is appropriate for enhanced description of impulsive
processes (100). Furthermore, under the nonGaussian
assumption in the context of analyzing impulsive pro-
cesses, among the various distribution models that were
suggested in the past, the alpha-stable distribution is the
only one that is motivated by the generalized central limit
theorem. This theorem states that the limit distribution of
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Figure 5. Examples from the performance of (i) the WTST-NST filter (76) on FC and (ii) the GFST-
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the sum of random variables with possibly infinite var-
iances is stable distribution (101). Stable distributions are
defined by the stability property, which says that a ran-
dom variable, X, is stable if and only if the sum of any two
independent random variables with the same distribution
as X also has the same distribution (101). Following this
approach, impulsive LS (i.e., DAS) and BS with explosive
character can be modeled by means of alpha-stable dis-
tribution, symmetrical alpha-stable (SaS) distribution,
and lower-order statistics (LOS) (102). From the estimated
parameters of the (SaS) distribution of the analyzed
impulsive BAS with the log|SaS| method (100) (because
the fractile method (103) works only for a � 0:6, and the
regression method (104), needs empirical parameter set-
ting), it is derived that when the contaminated (without
de-noising) impulsive BS are analyzed, the values of a are
large enough (near 1.5), whereas when the AR-estimated
inputs of the de-noised data are analyzed, these values
decrease dramatically. This fact is because of the increase
of impulsiveness of the analyzed signal, since the vesicu-
lar sound and the background noise are suppressed after
de-noising. In fact, the impulsive source sound, initiated
inside the lung or the bowel, reaches the surface with
different signal characteristics, indicating a shifting to-
ward the Gaussian distribution because of the superim-
posed Gaussian noise. Generally, the values of dispersion g
are low enough, indicating small deviation around the
mean, whereas the location parameter a has mean values
around zero, indicating low mean and median for 1oa � 2
and 0oao1, respectively (102). The covariation coefficient
lSQ–FC calculated for the cases of the sound sources of SQ
and FC (102) shows an almost 50% correlation between
the SQ and FC, confirming the accepted theory that SQ
are produced by the explosive opening, because of a FC,
and decaying fluttering of an unstable airway (9,17),
which proves that SaS distribution- and LOS-based mod-
eling of impulsive BAS provide a measure of their impul-
siveness, and, at the same time, reveals the underlying
relationships between the associated production mechan-
isms and pathology.

4.3. Feature Extraction Classification

The characteristics of BAS provide a variety of structural
features that are directly connected to the underlined
pathology. The correlation of these features with para-
meters derived from advanced processing of BAS provides
a means for their efficient classification and, consequently,
for the classification of the associated pathology.

The LS that are characterized as musical are the CAS
[i.e., wheezes (WZ), rhonchi (RH), and stridors (STR)]
described the Categorization and Main Characteristics
subsection of Lung Sounds. The musical character of these
LS is reflected to the power spectrum through distinct
frequency peaks (14). As the second-order statistics sup-
press any phase information, they fail to detect and
characterize the nonlinear interactions of the distinct
harmonics. Spectral-based methodologies have been
widely applied to frequency-domain analysis of musical
LS (mainly wheezes) (14,105,106). They, however, do not
take into account the nonlinearity and nonGaussianity of

the analyzed processes. On the contrary, higher-order
statistics (HOS) preserve the phase character of the
signals (97) and have been used as a useful tool for the
detection of nonlinearity and deviation from Gaussianity
of the signals. In this way, the process of musical LS is
expanded to more accurate estimations of their true
character. In particular, based on the results presented
in (107), it can be concluded that a strong quadratic phase
coupling exists among the distinct harmonics of the
musical HS along with a strong nonGaussianity of the
analyzed processes for the case of increased pathology.

Furthermore, bispectral analysis of HS (108) indicate
that more efficient discrimination of cardiac pathologies
could be established in the bispectrum-domain [higher
(42)-order spectrum] rather in the power spectrum one,
which can be used for further elicitation of the diagnostic
character of HS.

Moreover, bispectral analysis of BS (109) shows the
ability of bispectrum to differentiate the BS recorded from
a patient with bowel polyp before and after the polypect-
omy, hence to reflect the anatomical changes of the bowel.
In addition, in (109), HOS-based analysis of BS recorded
from controls shows a strong deviation from normality and
linearity; for BS recorded from patients with diverticular
disease, it shows increased nonGaussianity and decreased
nonlinearity; for BS recorded from patients with ulcera-
tive colitis, it reveals a strong deviation from normality
and linearity; and for BS recorded from patients with
irritable bowel syndrome, it results in increased nonGaus-
sianity and decreased nonlinearity (109). These results
show that HOS provide a new perspective in the compu-
terized analysis of BS, defining an enhanced field of new
features, which reinforce the diagnostic character of BS.

Considering the nonGaussianity and the impulsiveness
of crackles and artifacts, we could model them as SaS-
distributed processes, in the way it is described in the
Modeling section of this chapter. By estimating the char-
acteristic exponent a for each category (crackles, back-
ground noise, and artifacts) using the log|SaS| method
(100), a classification criterion could be established based
on the estimated alpha values. This approach has been
adopted in (110), which deduces that the FC follow ap-
proximately the Cauchy distribution (mean a¼ 0.92,
which is close to a¼ 1.0 and holds in the case of the
Cauchy distribution), whereas the CC deviate both from
Cauchy and Gaussian distributions (mean a¼ 1.33). The
artifacts have high impulsiveness (mean a¼ 0.0218). The
events that resemble the vesicular sound are seen as
background noise and are modeled as Gaussian processes
(values of a41.8 or very close to 2.0; a value that holds in
the case of the Gaussian distribution).

Higher-order crossings (HOC) [i.e., the zero-crossing
counts resulting from the application of a bank of filters to
a time series (111)] have also been applied in the classifi-
cation analysis of BAS, because HOC constitute a domain
by itself, which ‘‘sits’’ between the time- and spectral-
domains (111). Consequently, the use of the white noise
test (WNT) (i.e., the measurement of the distance of the
signals under consideration from white Gaussian noise)
and the HOC-scatter plot (HOC-SP), which is a scatter-
gram that depicts a pair of simple HOC (Dj, Dk) (111), can
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be used for the BAS classification. In particular, the WNT
is employed so the two categories of the signals, for
example, FC and CC, are indirectly compared with each
other. The ith order of HOC that results in the maximum
distance between the two categories, defined as the max-
imum distance from the lower curve of one category to the
upper curve of the other at the ith order, provides with a
linear discrimination in the HOC domain. In particular,
by plottingDi versusDi7m, wherem usually equals 1, 2, or
3 (for iZ5), the resulted HOC-SP reveals two linearly
separated classes. As a result of the linear character of the
separation, a simple single-layer perceptron neural net-
work (112) can be used for decision on class membership.

Results from the HOC-based analysis of crackles (113),
initially de-noised with the WTST-NST filter (76), are
illustrated in Fig. 6. From Fig. 6a, it is clear that the
order, which provides with the maximum distance be-
tween FC and CC, the so-called ‘‘opened-eye,’’ equals 12
(denoted by an arrow). This distance is reflected to the
corresponding HOC-SP (D12,D13) of Fig. 6b, where FC and
CC are concentrated in two distant, linearly separated
classes. These results indicate that the HOC-based indices
result in fast, easy, and efficient discrimination of crackles,
providing with a simple decision rule for categorizing FC
and CC.

Further application of HOC-based classification of BAS
includes discrimination between normal LS and abnormal
bronchial LS heard over the trachea (tracheobronchial LS)
(114); de-noised BS recorded from patients with different
pathologies of the large bowel, such as ulcerative colitis
and diverticular disease; and de-noised BS recorded from
patients with small volume ascites and controls (115). In
all referenced cases, a linear separation is feasible, ex-

hibiting the potentiality of the HOC-based analysis to
provide an efficient classification domain in a diversity of
BAS types.

Classification of TMJS from joint with and without
effusion using spectrogram-based analysis is presented in
(116) where it is concluded that joints with effusion can be
identified through the unstable sound patterns as they are
revealed in the time-frequency domain. In this way,
screening of patients with suspected effusion is much
more simple and less expensive than the current use of
magnetic resonance imaging.

The way the head tissues affect spectral characteristics
of TMJS and how these differences (because of different
positioning of sensors) can be used in the localization of
source are explored in (117). They conclude that spectral
analysis of bilateral electronic TMJS recordings is of
diagnostic value when bilateral clicking is heard at aus-
cultation and can help to avoid diagnosing a silent joint as
clicking.

Wavelet transform-based representations of TMJS are
used in (118) to visually differentiate between controls and
patients with reducing displaced disks. A 3� 7 biorthogo-
nal spline WT is used to create three-dimensional time-
frequency graphs of the TMJS from each category, result-
ing in distinct visual differences between patients and
controls (118).

In parallel to the aforementioned approaches, a num-
ber of research efforts have been placed on the computer-
ized classification of TMJS, especially in the RID-analysis
domain. In particular, replacement of the visual analysis
of RIDs of the TMJS (an expensive and error-prone
procedure) with neural networks has been proposed in
(119). Adaptive Gabor transforms (120) and the third-
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order Rényi number of the RIDs were also used for
discrimination among the five TMJS types (see the Joint
Sounds section of this chapter), especially for the differ-
entiation between the clickings and the crepitations (120).
Yang et al. (121) used neural networks-, nearest linear
combination-, and nearest constrained linear combina-
tion-based classifiers to automatically distinguish be-
tween types 1–3 of the TMJS classes (see the Joint
Sounds section of this chapter). Finally, an extension of
Yang’s work, employing concepts of time-shift invariance
with and without scale in variance, is presented in (122),
which shows that the classifier performance is signifi-
cantly improved when scale invariance is omitted.

Spectrogram-based analysis of KJS from patients with
end-stage osteoarthritis, patellofemoral joint disorders,
and lateral meniscal bucket handle tears is presented in
(123). They have found a distinct shift of the spectrum to
lower frequencies after intra-articular injection of Hya-
luronic acid to the knee, establishing an efficient way of
measuring the improvement of the lubricative functions
through the spectral characteristics of KJS.

The use of matching pursuit method (124) in creating
high-resolution and interference-free time-frequency re-
presentations of KJS is presented in (125). They involve
time-frequency features, such as instantaneous energy,
instantaneous energy spread, instantaneous frequency,
and instantaneous frequency spread, in order to classify
KJS from normal and abnormal knees. They report clas-
sification accuracy up to 86%, exhibiting high sensitivity
in screening patellofemoral articular cartilage disorders,
such as chondromalacia patella. Furthermore, they em-
ploy Hough (126) and Radon (127) transforms in order to
extract patterns/signatures from the time-frequency do-
main, which could aid in better screening and under-
standing of how the movement of knee affects KJS
patterns.

The issues presented here adopt the same endeavor:
exploitation and surfacing of the valuable diagnostic in-
formation that exists in bioacoustic signals. Under this
common aim, the different approaches of de-noising, de-
tection, modeling, feature extraction, and classification
described here introduce new pathways in the analysis
of BAS, toward a noninvasive, efficient, and objective
evaluation and understanding of the human body func-
tioning.
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1:417–423.

9. S. S. Kraman, Lung Sounds: An Introduction to the Inter-

pretation of Auscultatory Findings. Northbrook, IL: Amer-
ican College of Chest Physicians, 1983, pp. 14–21.

10. R. L. H. Murphy, Discontinuous adventitious lung sounds.
Semin. Respir. Med. 1985; 6:210–219.

11. D. W. Cugell, Lung sound nomenclature. Am. Rev. Respir.
Dis. 1987; 136:1016.

12. J. E. Earis, K. Marsh, M. G. Rearson, and C. M. Ogilvie, The
inspiratory squawk in extrinsic allergic alveolitis and other
pulmonary fibroses. Thorax 1982; 37(12):923–936.

13. N. Gavriely and D. W. Cugell, Breath Sounds Methodology.
Boca Raton, FL: CRC Press, 1994, p. 2.

14. N. Gavriely, Y. Palti, and G. Alroy, Spectral characteristics of
normal breath sounds. J. Appl. Physiol. 1981; 50:307–314.

15. T. Katila, P. Piirila, K. Kallio, E. Paajanen, T. Rosqvist, and
A. R. A. Sovijarvi, Original waveform of lung sound crackles:
a case study of the effect of high-pass filtration. J. Appl.
Physiol. 1991; 71(6):2173–2177.

16. R. L. H. Murphy, S. K. Holford, and W. C. Knowler, Visual
lung-sound characterization by time-expanded wave-form
analysis. New Eng. J. Med. 1978; 296:968–971.

17. N. Gavriely and D. W. Cugell, Breath Sounds Methodology.
Boca Raton, FL: CRC Press, 1994, p. 8.

18. B. Erickson,Heart Sounds andMurmurs: A Practical Guide,

3rd ed. St. Louis, MD: Mosby-Year Book, 1997, p. 2.

19. R. C. Cabot and H. F. Dodge, Frequency characteristics of
heart and lung sounds. JAMA 1925; 84:1793–1795.

20. N. Gavriely and D. W. Cugell, Breath Sounds Methodology.

Boca Raton, FL: CRC Press, 1994, p. 116.

21. A. P. Yoganathan, R. Gupta, J. W. Miller, F. E. Udwardia, W.
H. Corcoran, R. Sarma, J. L. Johnson, and R. J. Bing, Use of
the fast Fourier transform for frequency analysis of the first
heart sound in normal man. Med. Biol. Eng. 1976; 1:69–81.

22. AcademicMedical Publishing & CancerWEB. (1997).Online

Medical Dictionary (online). Available: http://www.grayla-

b.ac.uk/cgi-bin/omd?bowelþ sounds.

23. W. B. Cannon, Auscultation of the rhythmic sounds pro-
duced by the stomach and intestine. Am. J. Physiol. 1905;
13:339–353.

24. G. E. Horn and J. M. Mynors, Recording the bowel sounds.
Med. Biol. Eng. 1966; 4:205–208.

25. W. C. Watson and E. C. Knox, Phonoenterography: the
recording and analysis of BS. Gut. 1967; 8:88–94.

26. D. Dalle, G. Devroede, R. Thibault, and J. Perrault, Compu-
ter analysis of BS. Comp. Biol. Med. 1975; 4:247–256.

27. J. P. Politzer, G. Devroede, C. Vasseur, J. Gerand, and R.
Thibault, The genesis of bowels sounds: influence of viscus
and gastrointestinal content. Gastroenterology 1976;
71:282–285.

14 BIOACOUSTIC SIGNALS



28. J. Weidringer, S. Sonmoggy, B. Landauer, W. Zander, F.
Lehner, and G. Blumel, BS recording for gastrointestinal
motility. In: M. Weinbeck, ed., Motility of the Digestive

Track. New York: Raven Press, 1982, pp. 273–278.

29. S. Michael and M. Redfern, Computerized Phonoenterogra-
phy: the clinical investigation of a new system. J. Clin.
Gastroenterol. 1994; 18(2):139–144.

30. H. Yoshino, Y. Abe, T. Yoshino, and K. Ohsato, Clinical
application of spectral analysis of BS in intestinal obstruc-
tion. Dis. Col. Rect. 1990; 33(9):753–757.

31. R. H. Sandler, H. A. Mansy, S. Kumar, P. Pandya, and N.
Reddy, Computerized analysis of bowel sounds in human
subjects with mechanical bowel obstruction vs. ileus. Gastro-

enterology 1993; 110(4):A752.

32. D. Bray, R. B. Reilly, L. Haskin, and B. McCormack, Asses-
sing motility through abdominal sound monitoring. In: B.
Myklebust and J. Myklebust, eds., Proc. 19th Annu. Int.
Conf. IEEE/EMBS, Chicago, IL: IEEE Press, 1997, pp. 2398–
2400.

33. B. L. Craine, M. L. Silpa, and C. J. O’Toole, Enterotachogram
analysis to distinguish irritable bowel syndrome from
Crohn’s disease. Dig. Dis. Sci. 2001; 46(9):1974–1979.

34. M. S. Spiller, (2000) TMJ (online). Available: http://
www.doctorspiller.com/TMJ.htm.

35. C. Heuter, Grundiss der Chirurfie, 3rd ed. Leipzig, Ger-
many: FCW Vogel, 1885.

36. W. E. Blodgett, Auscultation of the knee joint. Boston Med.

Surg. J. 1902; 146(3):63–66.

37. E. Bircher, Zur diagnose der meniscusluxation und des
meniscusabrisses. Zentralbl. Chir. 1913; 40:1852–1857.

38. C. F. Walters, The value of joint auscultation. Lancet 1929;
1:920–921.

39. K. H. Erb, Uber die moglichkeit der registrierung von
gelenkgerauschen. Deutsche Ztschr. Chir. 1933; 241:237–
245.

40. A. Steindler, Auscultation of joints. J. Bone Int. Surg. 1937;
19:121–124.

41. A. Peylan, Direct auscultation of the joints (Preliminary
clinical observations). Rheumatism 1953; 9:77–81.

42. H. Fischer and E. W. Johnson, Analysis of sounds from
normal and pathologic knee joints. Proc. 3rd Int. Congr.
Phys. Med., 1960: 50–57.

43. M. L. Chu, I. A. Gradisar, M. R. Railey, and G. F. Bowling,
Detection of knee joint diseases using acoustical pattern
recognition technique. J. Biomechan. 1976; 9:111–114.

44. M. L. Chu, I. A. Gradisar, and R. Mostardi, A non-invasive
electroacoustical evaluation technique of cartilage damage
in pathological knee joints.Med. Biologic. Engineer. Comput.

1978; 16:437–442.

45. R. A. B. Mollan, G. C. McCullagh, and R. I. Wilson, A critical
appraisal of auscultation of human joints. Clin. Orthopaed.

Related Res. 1982; 170:231–237.

46. W. G. Kernohan and R. A. B. Mollan, Microcomputer analy-
sis of joint vibration. J. Microcomp. Applicat. 1982; 5:287–
296.

47. R. A. B. Mollan, W. G. Kernohan, and P. H. Watters, Artefact
encountered by the vibration detection system. J. Beome-

chan. 1983; 16(3):193–199.

48. W. G. Kernohan, D. E. Beverland, G. F. McCoy, S. N. Shaw,
R. G. H. Wallace, G. C. McCullagh, and R. A. B. Mollan, The
diagnostic potential of vibration arthrography. Clinic. Ortho-
paed. Related Res. 1986; 210:106–112.

49. G. F. McCoy, J. D. McCrea, D. E. Beverland, W. G. Kernohan,
and R. A. B. Mollan, Vibration arthrography as a diagnostic
aid in diseases of the knee. J. Bone Joint Surg. 1987;
B(2):288–293.

50. S. E. Widmalm, W. J. Williams, R. L. Christiansen, S. M.
Gunn, and D. K. Park, Classification of temporomandibular
joint sounds based upon their reduced interference distribu-
tion. J. Oral Rehab. 1996; 23:35–43.

51. C. B. Frank, R. M. Rangayyan, and G. D. Bell, Analysis of
knee joint sound signals for non-invasive diagnosis of carti-
lage pathology. IEEE Eng. Med. Biol. Mag. 1990; 9(1):65–68.

52. L. Vannuccini, J. E. Earis, P. Helistö, B. M. G. Cheetham, M.
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1. INTRODUCTION

Bioactive bone cements is just a topic of the fascinating
field of biomaterials. Before commenting on the concept of
‘‘bioactive cements,’’ this review begins with some words
from Professor Larry L. Hench who, in 1998, wrote: ‘‘It is
time to accept that the revolution of the last 30 years, the
revolution of replacement of tissues by transplants and
implants has run its course. It has led to a remarkable
increase in the quality of life for millions of patients y

However, continuing the same approach of the last 30
years is not likely to reach a goal of 20–30 years implants
survivability, a requirement of our ageing population. We
need a change in emphasis in biomaterials research; in
fact, we need a new revolution’’ (1). The words of Professor
Jonathan Black can also help to understand where exactly
we are now and what kind of new approaches we should be
looking for; in 1999 he wrote: ‘‘Since my retirement y this
y marks the end of a 30-year career as student, researcher
and teacher in this field. It has been an interesting time,
with gains and losses, both personally and for society. As I
move on to other pursuits, I wish the very best to those who
continue. May your efforts and insights continue to pro-
duce improvements in the human condition’’ (2).

In order to improve our understanding of today’s
biomaterials field, it is interesting to note that Professor
Hench (1) defined biomaterials as ‘‘man-made materials to
interface with living, host tissues,’’ whereas Professor
Black (2) expanded this definition to include ‘‘materials
of natural or man-made origin used to direct, supplement,
or replace the functions of living tissue.’’ A consensus
definition is that of Professor David F. Williams in 1987
(3) i.e., ‘‘a material intended to interface with biological
systems to evaluate, treat, augment, or replace any tissue,
organ, or function of the body.’’

The above definitions lead to the concept of biocompat-
ibility that Professor Black solves in the following manner
(2): ‘‘The real issue of biocompatibility is not whether there
are adverse biological reactions to a material, but whether
that material performs satisfactorily (that is, in the in-
tended fashion) in the application under consideration,
and can be considered a successful biomaterial.’’ According
to this concept, biomaterials are today classified as: (a)
inert [i.e., implantable materials that elicit little or no host
response (local and systemic response, other than the
intended therapeutic response, of living systems to the
material)]; (b) interactive (i.e., implantable materials de-
signed to elicit specific, beneficial responses, such as in-
growth, adhesion, etc); (c) viable (i.e., implantable
materials, incorporating or attracting living cells at the
implantation site, that are treated by the host as normal
tissue matrices and are actively resorbed or remodeled);
and (d) replant (i.e., implantable materials consisting of

native tissue, cultured in vitro from cells obtained pre-
viously from the specific implant patient).

According to Prof. Black (2), a replant material (im-
plantable, live tissue with identical genetic code and
immunological determinants of the recipient patient)
‘‘represents the fulfilment of the original search for bio-
compatibility: implantable materials demonstrating har-
monious interaction,’’ which is exactly the same idea
reported by Prof. Hench (1): ‘‘The message for the next
millennium y We need to shift the emphasis of biomater-
ials research towards assisting or enhancing the body’s
own reparative capacity y The proposal is that we seek
biomaterials that behave in a manner equivalent to an
autograft, i.e. a regenerative allograft.’’

The above conclusion helps to clarify the history of
biomaterials where in the past the key question was the
removal of tissue, in the present is the replacement of
tissues, and in the future will be the regeneration of
tissues. If we consider the present [i.e., the replacement
of tissues by implants (manmade materials to interface
with living, host tissues)], such biomaterials have the
advantages of availability, reproducibility, and reliability
(GMPs, standards, and regulations). On the other hand,
the main reported disadvantage relates to the interfacial
stability with host tissue (i.e., fixation of the implant) (1).
Some partial solutions have promoted morphological fixa-
tion (press-fitting), cement fixation, biological fixation
(porous ingrowth), or the trendy approach of Prof. Hench
(1), the bioactive fixation (i.e., interfacial bonding of an
implant to tissue through a biologically active hydroxya-
patite layer on the implant surface). In this sense, materi-
als showing bioactive fixation are called bioactive
implants. A more general definition is that a bioactive
material is a biomaterial that is designed to elicit or
modulate biological activity (2). However, the term bioac-
tive is often related to the presence of the bone-like
mineral phase hydroxyapatite. In this sense, bioactive
bone cements are those cementitious materials (calcium
phosphate based) that through setting reactions form a
scaffold of interconnecting crystals of bone apatite-like
mineral phase.

In this chapter, the authors will approach this topic to
give the reader some insights on the evolution of bioactive
bone cements since their discovery in 1985 by Brown and
Chow (4) until the present time, where minimally invasive
surgery (5,6) and tissue engineering (7) are the key issues
controlling further developments.

2. THE CONCEPT OF CEMENT MATERIAL

Cements are made up of a powder and a liquid phase that,
on mixing, form slurry-like materials that set with time to
a solid body. Bioactive bone cements are made up of a
mixture of calcium phosphates (8) and an aqueous-base
liquid solution (see Fig. 1). The physical, the chemical, or
the mechanical properties Pðxi; tÞ that characterize the
setting of these materials can be approximated by math-
ematical functions f ðxi; tÞ depending on the experimental
factors xi and the time t (see Equation 1). This procedure
has been often used in experimental design (9) to plan for

1
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new product development processes in bioactive bone
cement’s research (10).

Pðxi; tÞ � f ðxi; tÞ: ð1Þ

3. THE CONCEPT OF SETTING

The setting of bioactive bone cements is a continuous
process that involves dissolution and precipitation chemi-
cal reactions (11). During these processes, new crystals are
formed; with time, the crystals grow and entangle, so the
initial cement-like material loses its viscofluid properties
into a solid body (12). The entire process is called the
setting of cement. However, in bioactive bone cements, it is
often distinguished into the setting and the hardening of
the cement. The setting is identified to the period of time
from the initial powder and liquid mixture until the
cement starts to lose the viscofluid properties. On the
other hand, the hardening makes reference to the period
between the setting (as defined before) and the full
transformation of the cement into a solid body, when no
further chemical reactions are observed (see Fig. 1).

3.1. Characterization of the Setting Period

Some physical properties that are often measured to
characterize the setting period are the swelling time
S(xi), the initial setting time I(xi), and the final setting
time F(xi) (see Fig. 1). The swelling time S, also called the
cohesion time (13), is defined as the time needed, after
mixing the cement’s powder and liquid phase into a
homogeneous paste, not to observe any cement disintegra-

tion upon early contact with liquid phases (water, Ringer’s
solution, simulated body fluid or blood) (14–16) (see Fig. 2).
The initial setting time I, which marks the start of the
setting period, has been identified to the maximum time
the surgeon has to implant the homogeneous cement paste
into the body without affecting the microstructure of the
cement and, as a result, its final properties after hard-
ening (17,18). Similarly, the final setting time F, which
marks the end of the setting and the start of the hardening
period, has been defined as the maximum time the sur-
geon must wait before closing and stressing the wound
without affecting the mechanical stability and the end
properties of the cement implant (17,18).

The above definitions are used in experimental design
to optimize research or commercial bioactive bone ce-
ments. In this sense, researchers are looking for bioactive
bone cements with swelling times approaching zero (S-0)
(15,16) or at least with swelling times being much lower
than the initial setting time ðS{IÞ (19,20), otherwise
cement disintegrates upon contact with body fluids. Opti-
mum values for the initial and final setting times in
clinical procedures have been reported to be 4oI(min)o8
and 10oF(min)o15 (18,21).

The setting times are measured using the standards
ASTM C191-92 (Vicat needles) (22) or ASTM C266-89
(Gillmore needles) (23) (see Fig. 3). Basically, both stan-
dards measure a static pressure. The procedure is as
follows: (a) a needle of certain diameter and weight is
rested, at control times, onto a flat surface of certain
volume of cement; (b) when no visual mark is let down
onto the surface by the resting needle, the cement is
considered to be set. Whereas the Vicat method only
uses a needle to determine the final setting time F, the
Gillmore method uses two different needles: one for the

Rigid paste

Hard cement

BIOACTIVE BONE CEMENT

• Chemical composition
• Particle size
• Inorganic additives
• ...

• Chemical composition
• Inorganic  additives
• Organic  additives
• ... 

Fluid paste

• Liquid to Powder ratio
• Temperature
• Humidity
• ...

Powder LiquidXP XL

XPL

Setting period ≡ S(xi), I(xi), F(xi)

Hardening period ≡ C(xi,t), D(xi,t)  

Figure 1. Block diagram of bone ce-
ment’s technology. Some factors affecting
the powder ðXPÞ, the liquid ðXLÞ, and the
mixing ðXPLÞ are listed. Distinction be-
tween the setting and the hardening
periods are clearly stated. (Note: S, I,
and F are the swelling, the initial, and
the final setting times, respectively; these
characteristic times can be affected by XP,
XL, or XPL factors. C and D are the
compressive and the diametral-tensile
strength, respectively; these properties
are also affected by the above factors but
also change with time t. See the text for
further details.)
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initial setting time I and the other for the final setting time
F. Most researchers prefer the Gillmore method because it
also gives a measure for I. The equivalent static pressures
applied by the Gillmore needles are 0.3 MPa for I and
5 MPa for F (23). It is found experimentally that F doubles
the I time ðF � 2IÞ (19).

The Vicat and Gillmore methods have been used since
the discovery of calcium phosphate cements (11,24). How-
ever, these methods have not avoided criticism because of

their inherent subjectivity (visual inspection) and to the
relative value that setting times have in minimally in-
vasive surgery procedures, such as spinal surgery (ver-
tebro- or kyphoplasties), where the cement should be
injected far before the completion of the initial setting
time I; otherwise it is impossible to inject the cement into
the implant site. For this reason, some authors have
started to record the setting period in a continuous
manner (25,26) as well as to point out that the lack of
injectability of the present bioactive bone cements is the
key issue to be solved in today’s minimally invasive
surgery (10,27).

3.2. Characterization of the Hardening Period: Mechanical
Point of View

The hardening period (transition from viscous to solid
state) is characterized by measuring the evolution of some
mechanical property. For convenience, the compressive
strength Cðxi; tÞ or the diametral tensile strength Dðxi; tÞ
are often used (28). Most authors use the compressive
strength and follow the standard ISO 9917-1 (29) for
dental cements. Basically, compressive strength samples
of 6 mm of diameter and 12 mm of height are made using
teflon or stainless-steel molds. Then, samples are allowed
to set for different fixed times at near in vivo conditions
(i.e., 371C and 100% humidity, by immersion in a liquid
solution (water, Ringer’s solution, or simulated body
fluid). Then, the cement samples are immediately tested
under compression in an electromechanical testing ma-
chine at a normal cross-head speed of 1 mm/min, and the
maximum compressive strength before fracture is re-
corded (30) (see Fig. 4).

The optimum procedure to characterize the hardening
of bioactive bone cements is by recording the whole hard-
ening curve (i.e., the compressive strength Cðxi; tÞ for a
fixed and controllable number of experimental factors xi as

Figure 3. Gillmore needles according to the standard ASTM
C266-89. The light (heavy) needle on the left (right) is used to
measure the initial setting time (final setting time).

Figure 4. Cement samples are tested under compression in an
electromechanical testing machine. The maximum compressive
strength at failure is recorded against the reaction time to obtain
the hardening curve [i.e., Cðxi; tÞ].

Figure 2. The cement sample on the left shows disintegration
upon early contact with the liquid phase; after the swelling time,
the cement on the right shows no disintegration.
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a function of time t), from after the final setting time F (if
possible) until saturation with time (i.e., no further evolu-
tion of the compressive strength) (30–35) (see Fig. 5). This
way, relevant information is obtained about the chemical
and physical mechanisms that are involved during the
hardening period. These mechanisms are confirmed by
other characterization techniques (Scanning Electron Mi-
croscopy or X-ray Diffraction) (31–35), which is commen-
ted later on.

Moreover, it is the only way two different cements (i.e.,
cements made with different experimental factors xi) can
be objectively compared, and it is the only way to study
seriously the influence of several experimental factors xi

on the mechanical properties. Following this procedure,
some authors have recorded the hardening curve and
modeled the hardening process of bioactive bone cements
following Equation 2 (31–35) (see Fig. 5).

Cðxi; tÞ¼C0ðxiÞ
�
½1� expð�t=tcðxiÞ� ð2Þ

The information obtained through the mechanical char-
acteristic time constant tcðxiÞ, which is a function of the
experimental factors xi, has linked the microstructural
development of the crystal scaffold network, responsible
for the mechanical strength, to the chemical reactivity of
the powder cement’s phases (31–35). Moreover, this ap-
proximation has put forward the relevance of kinetic
versus thermodynamic studies.

Unfortunately, since the discovery of bioactive bone
cements (4,11) most authors have reported the compres-
sive strength at only certain times (28,36) (i.e., after 24 h
of setting) in accordance to the standard of dental cements
(29), which has been the consequence of traditionally
looking for bioactive bone cements passing certain ‘‘re-
quired’’ threshold to be considered for further optimiza-
tion. In this sense, it is not rare to find in the past
literature certain discrepancies among authors claiming
for high [i.e., 90 Mpa (28,36,37), 55 Mpa (38,39), 40 Mpa

(4,12)] or low [i.e., 5–10 Mpa (40)] compressive strength
values, all suitable values for the claimed bone applica-
tions.

Whatever the strength threshold, experience has
shown that bioactive bone cements (i.e., a ceramic mate-
rial) should be intended for nonload bone bearing applica-
tions (6). For this reason today, strength values around the
compressive strength of cancellous bone (i.e., 10–30 MPa)
are considered enough for these materials, and research
has been focused on more relevant problems such as their
injectability (5,6,10,41–44) or their stability and transfor-
mation into bone tissue in vivo (45,46).

3.3. Characterization of the Hardening Period:
Microstructural Point of View

Bioactive bone cements are intended for bone filling
applications. It is important to remember that the trendy
approach of biomaterials for this century is the replant-
type materials or tissue engineering (see the Introduc-
tion). In this sense, a key issue in bioactive cements’
research has been how to improve the osteointegration
and further transformation of the cement implant into
real bone tissue. Some authors have used the concept of
osteotransductive bone cements to explain that the micro-
structure of these materials (network of chemically en-
tangled apatite-like crystals) are slowly resorbed and
replaced by new bone tissue without loss of mechanical
stability during transformation (47).

Since the discovery of bioactive bone cements (4,11),
researchers have followed by scanning electron micro-
scopy (SEM) the evolution of the crystal-network struc-
ture developed during the cement’s hardening, something
like a function Oðxi; tÞ, which obviously has not been
measured but has been visually observed and reported
(see Fig. 6). The information gained on the hardening
behavior of bioactive bone cements has been tremendous.
It has been possible to observe how the microstructure
changed completely by only adding, for example, minor
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Figure 5. Hardening curves obtained for a bioac-
tive bone cement after modification with iron citrate
(adapted from Ref. 35, with kind permission of
Springer Science and Business Media).
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additions of citric acid (32) or polymeric additives (48) or
how the porosity developed within the cement (34,48,49)
(see Fig. 7). Most important, these observations have
helped to explain the short-range and long-range mechan-
ical stability of these materials during setting. The pro-
cesses of dissolution, nucleation, precipitation, growth,
and entanglement of apatite-like crystals have been per-
fectly reported (32,33,48,50) (see Fig. 8). This information
has also served to point out the relevance of kinetic versus
thermodynamic studies in calcium phosphate cements.

3.4. Characterization of the Hardening Period: Chemical
Point of View

The chemistry (thermodynamics) of calcium phosphate
cements is well known and for a long time has been the
basis for further material’s development. In the literature,
many good reviews exist that explain the main facts of
chemical cement’s technology. Interested readers should
address them (4,6,8,11,51,52). In particular, concepts such
as solubility isotherms, singular points, supersaturated
solution, dissolution, and precipitation should be well
understood. Although this knowledge has served to iden-
tify those thermodynamically optimum calcium phosphate
powder mixtures (6,51,52), as well as the expected crystal-
lization steps, in practice, the actual evolution of the

Figure 6. Scanning electron pictures, taken
at different hardening times, showing the
evolution of the microstructure of a bioactive
bone cement (reprinted from Ref. 34, with
kind permission of Elsevier).
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cement’s chemistry has been followed by X-ray diffraction
(XRD) (12,31–34,50,53).

Some authors have followed at the same time the
evolution of the compressive strength (as reported before)
and the evolution of the chemical phases disappearing
(dissolution of cement’s powder phases) or appearing
(precipitation of new crystal phases) during the setting/

hardening process. Similarly, the extent of chemical reac-
tion [i.e., Rðxi; tÞ] has been calculated for both the dissolved
or the new precipitated phases according to Equation 3,
and comparison with Equation 2 has led to very interest-
ing results and conclusions (31,32,34).

Rðxi; tÞ¼R0ðxiÞ
�
½1� expð�t=trðxiÞ� ð3Þ

For example, it has been made clear throughout the
values of tcðxiÞ and trðxiÞ that the cement’s strengthening
and the extent of chemical reaction (chemical reactivity)
are directly related (i.e., both are different measures
(observations) of the same interrelated processes (dissolu-
tion, nucleation, precipitation, growth, and entanglement
of apatite-like crystals) (31,32,34). It has also been ob-
served that the dissolution of the main cement’s powder
reactant, accounted by XRD through the time constant
td

r ðxiÞ, is directly followed by the precipitation of the
apatite phase [i.e., tp

r ðxiÞ � td
r ðxiÞ], which means that

some grade of dissolution is needed before precipitation
can occur, which also agrees with the fact that some
precipitation is also needed before some mechanical
strength can be measured [i.e., tcðxiÞ � tp

r ðxiÞ] (31,32,34).
Most complex analyses have also clarified, with the sup-
porting help of SEM microstructure observations, when
the chemical reactions were being controlled by the avail-
able surface area for dissolution of the main cement
powder reactant or by diffusion through a shell of pre-

Figure 7. This bioactive bone cement, named BioCSD-25, devel-
oped macroporosity after 35 days of setting when modified with
calcium sulphate dihydrate crystals (adapted from Ref. 34, with
kind permission of Elsevier).

Figure 8. Scanning Electron Microscopy pictures showing different stages of Biocement-Hr’s
setting (left-top: dissolution of a-tricalcium phosphate particles after 1 h of setting; right-top:
nucleation and growth of apatite crystals after 8 h; left-bottom: further surface-control growth after
24 h; right-bottom: further diffusion-control growth after 120 h) (reprinted from Ref. 48, with kind
permission of Elsevier).
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cipitated apatite crystals surrounding the main reactant
particles (32,33,50) (see Fig. 9).

In general, these studies have put forward the rele-
vance of the kinetic versus the thermodynamic approx-
imation to the study of the setting of bioactive (calcium
phosphate-based) cements. Moreover, the understanding
that cement’s properties can be modulated, according to
Equation 1, by selecting a proper set of experimental
factors xi has been the start of a new revolution in the
experimental design of bioactive bone cements. In the next
section, the attention is put on these experimental factors.

4. FACTORS AFFECTING CEMENT’S PROPERTIES

Equation 1 makes clear that any measurable cement
property (at some time t) is a complicated function depend-
ing on several experimental factors xi (controlled or not).

Some of the main factors xi affecting the powder phase
(and so the end-setting properties of the cement) are: (a)
the chemical nature of the reactants (6,52), (b) the number
and the relative weight proportion of the reactants
(19,30,52); (c) the particle size of the reactants (33,44);
and (d) the presence of some minor additives (accelerators
or retarders) (44,54). Similarly, the main factor affecting
the aqueous liquid phase is its chemical purity because of
the presence of some additives (accelerators, retarders,
fluidifiers, etc.) (20,44,48). The main factor affecting the
mixing is the liquid-to-powder (L/P) ratio, acting on both
the setting times and the cement’s rheology (44,55); other
factors are the temperature (i.e., at higher temperatures
cements set faster) and the humidity (43,56,57) (see Fig.
1).

It is evident from the above description that cement
optimization is an iterative and complicate process. For
example, optimum bioactive bone cement could be defined
as that cement that shows no swelling, short setting times,
maximum strength, good injectability, or the ability to

develop porosity. However, experience shows (as an exam-
ple) that in order to shorten setting times and increase the
ultimate strength, it is good to have reactants with small
particle size (33), which is understandable because from
thermodynamics small particle size (high surface area)
show high chemical reactivity (faster dissolution, super-
saturation is attained earlier and, as a result, precipita-
tion).

However, if the L/P ratio is maintained constant the
swelling often increases (19), which is also understandable
because if surface area is increased, more liquid is ad-
sorbed onto the particles and so the cement paste is dryer
(19), which makes the cement impossible to inject despite
the fact that it could show higher strength at saturation
(19,33). This example is clear on how factors xi, interact
between them in an experimental design to favor certain
properties (setting times or strength) in front of others
(injectability or porosity). For this reason, bioactive bone
cements should be optimized having in mind its final
clinical application, which is why the opinion of the final
user (i.e., the surgeon (clinical procedure)) is so important
and should be considered from the start of any cement
product development.

A critical assessment on how to handle these technolo-
gical issues to develop more efficient calcium phosphate
bone cements has been recently published (58); interested
readers should carefully look at it to see that critical
properties, such as the injectability, are today open ques-
tions where several researchers are focusing their efforts.
It is expected that more publications will appear soon on
this direction.

5. FINAL REMARK

It should be mentioned that the term bioactive bone
cements makes reference in this review to those cementi-
tious materials made exclusively by bioactive materials
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Figure 9. Bioactive bone cement modified with
citric acid. Certain models determine when the
setting reaction was controlled by dissolution or
by diffusion (adapted from Ref. 32).
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(i.e., calcium phosphate cements). However, it has been
suggested by Prof. Oonishi (59) that three types of bioac-
tive bone cements exist: (a) bioactive bone cements where
the whole material is bioactive [i.e., calcium phosphate
cements (the focus of the present review)]; (b) surface-
bioactive bone cements, where, for example, a bioactive
filler particle is added to a nonbioactive matrix (i.e.,
hydroxyapatite added to polymeric cements such as poly-
methyl-methacrylate); and (c) interface-bioactive bone ce-
ments where a bioactive material is placed between the
bone and the nonbioactive cement (i.e., layers of hydro-
xyapatite granules between bone cement). Those readers
interested in surface-bioactive bone cements can also look
at the review made by Dr. Harper (60).
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1. INTRODUCTION

When a person has a joint pain, he or she is mainly con-
cerned with relieving the pain and returning to a healthy
and functional lifestyle. Degeneration and diseases often
make surgical repair or replacement necessary, which
usually requires replacement of skeletal parts, including
knees, hips, finger joints, elbows, vertebrae, teeth, and re-
pair of the mandible. The worldwide biomaterials market
is valued at over US$24,000M. Revenues generated by
sales of total orthopedic products worldwide exceeded
US$13,000M in 2000 (1). Expansion in these areas is ex-
pected to continue because of a number of factors, includ-
ing the aging population, an increasing preference by
younger to middle-aged candidates for undergoing sur-
gery, improvements in technology and lifestyle, a better
understanding of body functionality, improved aesthetics,
and the need for better function.

Biomaterial by definition is ‘‘a nondrug substance suit-
able for inclusion in systems that augment or replace the
function of bodily tissues or organs.’’ From as early as a
century ago, artificial materials and devices have been
developed to a point where they can replace various com-
ponents of the human body. These materials are capable of
being in contact with bodily fluids and tissues for pro-
longed periods while eliciting little, if any, adverse reac-
tions.

Even in the preliminary stages of this field, surgeons
and engineers identified materials and design problems
that resulted in premature loss of implant function
through mechanical failure, corrosion, or inadequate bio-
compatibility of the component. For the success of any im-
plant, the key factors identified in a biomaterial are its
biocompatibility and biofunctionality. Ceramics, and, in
certain applications, bioactive glasses and glass ceramics,
are ideal candidates with respect to the above functions,
except for their brittle behavior.

In this chapter, we review general definitions of glass;
types of glass presently available and used bioactive
glasses; and glass ceramics, their preparation methods,
properties, and applications. Classification of biomaterials
and bioactivity will be introduced to cover the develop-
ment and the progress of the commercially available and
currently investigated bioglasses and glass ceramics, their
chemistry, bioactivity, theories behind their bonding
within a physiological environment, their preparation
methods, and their applications in the biomedical field.

2. HOW CAN GLASS AND GLASS CERAMICS BE DEFINED?

Glass has been known to humankind for thousands of
years. Obsidian, a natural glass formed from silicate
magma, was known to prehistoric people long before
how to make glass was discovered. The Phoenicians are
thought by many to have been the first people to make
glass.

Glass is made from the molten product of oxides; the
molten material is cooled rapidly to prevent crystallization
or devitrification. A hard, brittle, and amorphous material
is produced.

Glass can now be manufactured in such a way that the
properties of the glass can be predicted and therefore con-
trolled. Much of this control comes from the use of appro-
priate raw materials. The choice of materials is usually
based on their glass-making properties, as mentioned be-
low.

2.1. Glass-formers

Glass-formers are oxides that can be made into a glass
without the addition of any other oxide, although very
high temperatures are required to initially melt the oxide.
The most common glass-former is silica (SiO2), usually
obtained from sand; other examples of glass-formers are
B2O3 and P2O5.

2.2. Modifiers

The major groups of compounds usually added to silica are
called modifiers. As the name suggests, they change or
modify the properties of the glass-forming oxides. They
may also be used to prevent defects in the final glass prod-
uct. Two types of modifiers are generally added to glass-
forming oxides: fluxes and stabilizers.

Fluxes are chemical components that, when added to
glass-forming oxides, change the underlying properties of
the oxides. For example, fluxes can lower the melting point
of glass-forming oxides. Examples of common fluxes are
sodium oxide (Na2O) and potassium oxide (K2O). Particu-
larly when used in conjunction with boric oxide (B2O3),
these oxides can lower the viscosity of the glass, allowing
the compounds to move with a greater degree of freedom
(increased fluidity). Modifiers such as calcium oxide
(CaO), magnesium oxide (MgO), and aluminum oxide
(Al2O3) are known as stabilizers. They can be used to pre-
vent the crystallization of oxides as well as to improve the
chemical durability of glass. Crystallization may be unde-
sirable in certain applications because of its effect on light
scattering, hence reducing transparency. Like fluxes, sta-
bilizers may also affect the working temperature of glass-
formers.

2.3. Melting and Refining Agents

Small bubbles are undesirable in the manufacture of glass
as they substantially affect the properties of the glass. To
reduce the number of bubbles, the glass is said to be re-
fined via the addition of compounds such as sodium sul-
phate, sodium nitrate, sodium chloride, calcium fluoride,
and carbon. However, the purity and close control of ad-

1
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ditives during the synthesis of glasses are important areas
for the biomedical applications of these materials, because
of biocompatibility and toxicity issues.

3. TYPES OF GLASSES

The chemical composition of the glass can be used to give
the glass specific properties. Table 1 and Table 2 provide
an indication of some of the different types of glasses made
in this fashion, along with the desired properties for a
range of engineering applications.

3.1. Soda-Lime Glasses

The presence of soda (Na2O) in glass lowers the melting
point of the glass, and the lime (CaO) keeps the glass from
crystallizing.

3.2. Borosilicate Glasses

Boron oxide (B2O3) acts as both a modifier and a glass
former; it produces a glass with a low coefficient of thermal
expansion, which results in a glass that is better equipped
to deal with thermal shock. Pyrexs is the common trade
name for borosilicate glasses and is often used in areas
where temperature differences are a problem. The higher
presence of alumina (Al2O3) is intended to prevent crys-
tallization and to improve chemical durability and the
hardness of the glass.

3.3. Aluminosilicate Glasses

One particular type of aluminosilicate glass is used in the
production of E-glass fibers (also contains CaO). Alumino-
silicate glasses are hard, usually have a good chemical re-
sistance, and do not devitrify readily. They also have high-

heat shock resistance and can withstand heat even better
than borosilicate glasses.

3.4. Lead Glasses

Lead glass is often called crystal glass because the im-
proved machinability allows the glass to be engraved more
easily. It also gives the glass a heaviness and blue appear-
ance.

A high refractive index is one of the most important
properties of this glass, which gives brilliance when prop-
erly cut or graved. As the lead oxide (PbO) acts as a flux
and a modifier, the melting point and shaping (hot work-
ing) temperature of the glass are lowered to acceptable
levels. Another useful application for lead glasses is in ra-
diation shielding.

Some of the older terms associated with glass are flint
and crown glasses. The term flint glass was originally
used to describe lead glass, because flint was used as a
source of good-quality silica free from color. It is now more
loosely used to describe glasses with good color. Crown
glasses are alkali-lime-silica based, for example, soda-lime
glass.

3.5. Glass Ceramics

A glass ceramic is initially a glass in which, at some stage,
the formation of nuclei is enhanced by using specific com-
positions, which are self-nucleating, or by the addition of a
nucleating agent (2). The resulting material contains very
small crystals. Various factors influence the glass ceram-
ics’ final properties of crystalline phase, crystal orienta-
tion, grain size, intergranular bonding, percentage of
crystallinity, and distribution of any remaining glassy
phase. In the past, we have been successful in controlling
these factors by controlling the base composition, the

Table 2. Major Components of Various Glass Products

Type
Major Components, Weight Percent

Requirements
SiO2 Na2O CaO Al2O3 B2O3 MgO

Window 72 14 10 1 — 2 High durability
Plate (arch) 73 13 13 1 — High durability
Container 74 15 5 1 — 4 Easy workability, chemical resistance
Light bulbs 74 16 5 1 — 2 Easy workability
Fibre (elect.) 54 — 16 14 10 4 Low alkali
Pyrexs 81 4 — 2 12 — Low thermal expansion, low ion exchange
Fused silica 99 — — — — — Very low thermal expansion

Table 1. Types of Glasses, Showing their Chemical Composition in Weight Percent

Component Soda-Lime Glass Lead Glass Borosilicate Glass Alumino Silicate Glass High-Silica Glass Vycors Bioglasss 45S5

SiO2 70–75 53–68 73–82 57 96 45
Na2O 12–18 5–10 3–10 1.0 — 24.5
K2O 0–1 1–10 0.4–1 — — —
CaO 5–14 0–6 0–1 5.5 — 24.5
PbO — 15–40 0–10 — — —
B2O3 — — 5–20 4.0 3 —
Al2O3 0.5–2.5 0–2 2–3 20.5 — —
MgO 0–4 — — 12.0 — —
P2O5 — — — — — 6
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choice of nucleant (nucleating agent), and an appropriate
heat-treatment schedule (2). Early work on glass ceramics
was concentrated in the lithia-silica (Li2O-SiO2) system,
and at a later stage, alumina was introduced to destabilize
the basic composition (Li2O-SiO2-Al2O3). A polymorph of
LiAlSiO4, b-spodumene, is precipitated to occupy most of
the volume of the glass ceramic, for example, in a Pyroce-
rams system. In this system, Al3þ substitutes for Si4þ in
the network structure and Liþ is held nearby to maintain
the charge balance. The preceding system was a MgO-
Al2O3-SiO2 system, in which MgO replaces the lithia com-
pletely. Nucleation is achieved by TiO2, ZrO2, and SnO2.
In another composition, Na2O is used to replace the lithia.

Glasses and glass ceramics, as we will demonstrate in
the following sections, are widely investigated and pro-
duced as bioactive or surface-active biomaterials with CaO
and P2O5 additions to their base compositions. One of the
main advantages of phosphate-based materials is their
chemical relationship with carbonated apatite, one of the
main constituents of bone and teeth.

The structures of phosphate glass ceramics and glasses
are based on networks of corner-sharing phosphate tetra-
hedra. Apatite-mullite glass ceramics based on SiO2-
Al2O3-P2O5-CaO-CaF2 compositions have been developed
and have been observed to form fluorapatite and mullite
with a specific heat-treatment procedure.

3.6. Machinable Glass Ceramics

The base composition of the glass ceramics (MgO-Al2O3-
SiO2) can be changed by replacing Li2O with a mixture of
K2O and MgF2 to improve machinability. Glass ceramics
are produced by reheating these specific glasses in the
temperature range of 650–11501C to induce a randomly
oriented dispersion of tetra-silicic-mica crystals. These
crystals have the formula KMg2 � 5Si4O10F2, a structure
similar to the tri-silicic mica fluorophlogopite, KMg3Al-
Si3O10F2. The structure is, therefore, analogous to the
natural mica mineral phlogopite. Cleavage or rotation in
the Kþ planes is relatively easy, and because the crystals
in the glass ceramic are in random orientations, the prop-
agating cracks in the material are continuously deflected
in different directions, which results in the propagation
energy being quickly absorbed. The fracture paths follow
the mica-cleavage planes or the mica-glass interfaces, re-
moving very small fragments in the process, so that a good
machined finish is easily obtained (2).

3.7. Bioglasses and Glass Ceramics

Since the discovery of the bioglasses, which bond to living
tissue (Bioglasss), by Hench and Wilson (3), various kinds
of bioactive glasses and glass ceramics with different func-
tions, such as high mechanical strength, high machinabil-
ity, and fast setting ability, have been developed. Bioactive
is the name given to a range of biocompatible materials
that bond relatively fast to hard (bone) and soft (skin) tis-
sues without generating any adverse reaction. The glasses
that have been investigated for implantation are primar-
ily based on silica (SiO2), which may contain small
amounts of other crystalline phases. The most prominent
and successful application is Bioglasss, which is de-

scribed in detail in various comprehensive reviews (4–6).
The first generation bioactive glass compositions lie in the
system Na2O-CaO-P2O5-SiO2. The first development of
such a bioglass began in 1971 when 45S5 Bioglasss was
proposed with a composition of 45% SiO2, 24.5% CaO,
24.5% Na2O, and 6% P2O5 by weight (7). Hench (4) and
Vrouwenvelder et al. (8) suggested that Bioglasss 45S5
has greater osteoblastic activity than hydroxyapatite,
which is attributed to a rapid exchange of alkali ions
with hydronium ions at the surface, which in turn leads to
the formation of a silica-rich layer over a period of time.
This layer allows for the migration of Ca2þ and PO43

� ions
to the silica-rich surface where they combine with soluble
calcium and phosphate ions from the solution, where the
formation of an amorphous CaO-P2O5 layer takes place.
This layer undergoes crystallization upon the interaction
of OH� , CO2

3� , and F� from solution. A similar phenom-
enon has been observed in bioglass with similar composi-
tions by other researchers (9). Li et al. (10) prepared glass
ceramics from a similar composition with differing degrees
of crystallinity and found that the amount of glassy phase
remaining directly influences the formation of an apatite
layer, with total inhibition when the glassy phase consti-
tutes less than about 5 weight percent (wt%).

As a result of their surface activity, these specific
glasses (for example, Bioglasss) have been accepted as
bioactive biomaterials and have found applications in non-
load-bearing conditions. Bioglassess have been used suc-
cessfully in clinical applications as artificial middle-ear
bone implants and alveolar ridge maintenance implants
(3).

By using a specific heat-treatment method, a bioactive
glass with reduced alkaline oxide content can be produced,
containing precipitated crystalline apatite within the
glass. The resultant glass ceramic, which was named
Ceravitals, showed a high mechanical strength but lower
bioactivity than Bioglasss.

In 1982, Kokubo et al. (11) produced a glass ceramic
containing oxyfluorapatite Ca10(PO4)6(OH,F2) and wol-
lastonite (CaO .SiO2) in an MgO-CaO-SiO2 glassy matrix,
which was named A-W glass ceramic (Cerabones A-W).
In the earlier stages, it was reported that the A-W glass
ceramic spontaneously bonded to living bone without
forming fibrous tissue around them.

A bioactive and machinable glass ceramic named Bio-
verits, containing apatite and phlogopite (Na,K)Mg3(Al-
Si3O10)(F)2, has also been developed. It has been used in
clinical applications, such as the artificial vertebra.

3.8. General Concepts in Bioceramics

A biomaterial that is designed to have or modulate bio-
logical activity is defined as a bioactive material (12).
When exposed to body fluids, bioactive materials develop
an adherent interface with the host tissue. In many cases,
this interfacial strength is equivalent to or even greater
than the strength of the material itself or the tissue
bonded to the bioactive implant (13). The interfacial bond-
ing is mostly formed between the bioactive implant and
bone, but some specialized bioactive materials elicit the
property of bonding to soft tissue as well (14). Naturally,
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depending on the material’s characteristics, different bio-
active materials show different bioactivity if tested in vitro
or in vivo. When a manmade material is placed within the
human body, tissue reacts to the implant in a variety of
ways, depending on the material type. It has been ac-
cepted that no foreign material placed within a living body
is completely compatible. The only substances that con-
form completely are those manufactured by the body itself
(autogenous), and any other substance that is recognized
as foreign initiates some type of reaction (host-tissue re-
sponse). The mechanism of tissue interaction (if any) de-
pends on the tissue response to the implant surface. In
general, a biomaterial may be described or classified into
one of three groups, represented by the tissues’ responses:
bioinert, bioresorbable, and bioactive, which are well cov-
ered in a range of excellent review papers (3–5,13).

The term bioinert refers to any material that, once
placed within the human body, has minimal interaction
with its surrounding tissue. Examples of such materials
are stainless steel, titanium, alumina, partially stabilized
zirconia, and ultra-high molecular weight polyethylene.
Generally, a fibrous capsule might form around bioinert
implants, hence its biofunctionality relies on tissue inte-
gration through the implant.

Bioactive refers to a material that, upon being placed
within the human body, interacts with the surrounding
bone and, in some cases, even soft tissue. This interaction
occurs through a time-dependent kinetic modification of
the surface, triggered by its implantation within the living
bone. An ion-exchange reaction between the bioactive im-
plant and surrounding body fluids results in the formation
of a biologically active carbonate apatite (CHAp) layer on
the implant that is chemically and crystallographically
equivalent to the mineral phase of bone. Prime examples
of these materials are synthetic hydroxyapatite [Ca10(-
PO4)6(OH)2] (7), glass ceramic A-W (6,8,9), and bioglasss
(10).

Bioresorbable refers to a material that, upon placement
within the human body, starts to dissolve (resorbed) and is
slowly replaced by advancing tissue (such as bone). Com-
mon examples of bioresorbablematerials are b-tricalcium
phosphate [Ca3(PO4)2], calcium carbonate, calcium oxide,
gypsum, and a range of new-generation polymers (for ex-
ample, polylactic-polyglycolic acid copolymers).

4. BIOACTIVE BIOMATERIALS

The pioneer in the field of bioactive biomaterials, Profes-
sor Hench, describes two distinct classes of bioactive ma-
terials according to their biological behavior: class A
(osteopromotive or osteoinductive) and class B (osteocon-
ductive) (15,16). On the surface of a bioactive material

representing class A a process occurs whereby a biological
surface is colonized by osteogenic stem cells free in the de-
fect environment as a result of surgical intervention. Thus,
class A bioactive materials show both an extracellular and
intracellular response at the interface and are, accord-
ingly, osteoproductive materials. Class B bioactive mate-
rials, however, allow only bone ingrowth, therefore
showing osteoconductivity (15). According to this A/B class
system, the different bioactive materials can be divided
into subgroups: synthetic hydroxyapatite (HA) (class B),
some glass ceramics (class A), and bioactive glasses (class
A). As a result of the chemical reactions occurring on the
surface of bioactive materials, a bond is formed between
the material surface and host tissue. The bioactivity of a
material somehow can be carried out by measuring the
strength of the interfacial bond. In order to minimize the
gap between the implant and host bone, in 1992, Anders-
son et al. (17) introduced a method of using conical im-
plants for press-fit insertion. At predetermined time
intervals, the animals were sacrificed, the bone blocks
containing the implants were harvested, and the cylindri-
cal bones were opened using a diamond drill. The cones
were then mechanically pushed out from the holes and the
maximum force at failure was measured. The strength of
the bonding was expressed as the maximum strength at
failure per unit contact area. According to a comparative
study (18), the interfacial strengths of various bioactive
materials correlate well with the above-mentioned classi-
fication of the bioactive materials (Table 3). In the case of
bioactive materials, the failure is usually caused by frac-
ture of the material or the bone. However, the separation
of an inert implant from the host bone occurs at the in-
terface (17,19). It is important to note that many investi-
gators employed their own protocols and settings such as
the shape, size, location, insertion techniques of the im-
plants, and testing methods that the load for failure at
push-out or pull-out methods cannot be easily compared
with each other.

In general, the nature and rate of the bioactivity de-
pend on the nature of chemical reactions occurring on the
material’s surface. As a result of the high interfacial
strength formed between the implant and host tissue, bio-
active materials are widely used to enhance the biological
fixation of prostheses to bone as an implant or a coating.

4.1. Bioactive Glass Ceramics

Bone is a natural composite consisting of 60–70 wt% cal-
cium phosphate, a mineral analogous to hydroxyapatite
and 6–7 wt% collagen fibers. The rest of the bone consists
of water. The composite structure of bone has an impor-
tant advantage from a mechanical point of view: The nu-
merous interfaces between the different components of the

Table 3. Some Comparative Properties of Various Bioactive Materials

Biomaterial Classification of Bioactivity Shear Strength (MPa) Type of the Failure

Bioactive glass A 29.8 Cohesive
Hydroxyapatite B 19.6 Cohesive
Titanium Inert 1.9 Interfacial
Zirconia Inert 1.3 Interfacial
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material make it a perfect crack-arrester, resulting in the
unique strength of the skeleton material (20).

In the 1980s and 1990s, various groups including Gross
et al., Bromer et al., Kitsugi et al., Nakamura and Yam-
amuro, and Kokubo et al. introduced a range of phos-
phate-based glass and glass ceramics (16,21–30). Kokubo
and Nakamura and their colleagues gradually heated
glass powder in the system MgO-CaO-P2O5-CaF2-SiO2

up to 10501C. As a result, a material consisting of crystal-
line wollastonite (CaO .SiO2) and oxyfluoroapatite (Ca10(-
PO4)6(O,F2) within a homogenous glassy phase was
obtained (21,22). As stated earlier, this bioactive glass ce-
ramic was called A-W, derived from the names of the crys-
talline phases. The two-phase structure of the bioactive A-
W glass ceramic (A-W-GC) was reported to resemble the
composite structure of bone and can be machined into
various shapes with diamond tools. The bending strength
of the A-W-GC is almost double that of dense hydroxyapa-
tite and even higher than that of human cortical bone (23).
During the 1970s and 1980s, other groups of researchers
introduced different glass ceramics (Ceravitals, Bioverit
I–IIIs, Ilmaplants, BAS-O) (24–27). All these glass ce-
ramics consist of apatite crystals or apatite/wollastonite/
phlogopite crystals within a homogenous glassy matrix. Of
all glass ceramics, it was reported that A-W-GC elicits the
highest mechanical strength and bioactivity (class A)
(11,16).

The bioactivity of glass ceramics is believed to be
caused by the dissolution of calcium from wollastonite or
the glassy phase. The bonding between glass ceramic and
bone is formed by the precipitation of the dissolved cal-
cium from the material and phosphate originating from
the body fluid (28,29). The silicate ions probably provide
nucleation sites for the calcium phosphate formation
(22,28). Table 4 (23,31) presents the compositions and
some mechanical properties of glass ceramics and sintered
synthetic HA. The varying bioactivities of different glass
ceramics may be explained by different calcium contents

in the materials. Rigid nondegradable bioactive glass ce-
ramics can be manufactured with various methods for dif-
ferent applications (29). They are widely used in
orthopedics, odontology, and in head and neck surgery as
prostheses, spacers, or granuled defect fillers.

With the development of next-generation bioactive
glass ceramics, questions were raised regarding their ap-
propriateness as a coating material. In early experiments,
the bioactive glass ceramic was fixed on the load-bearing
implant with various techniques (30,32). In 1993, Takat-
suka et al. (33) in turn modified A-W-GC, which was suc-
cessfully sintered on Ti-alloy because of the similar
coefficients of thermal expansion. The bioactive coating
showed bonding strengths comparable with A-W-GC im-
plants, which were used as the control. A-W-GC coatings
have also demonstrated encouraging results in various
other studies (34–36). As mentioned earlier, it is believed
that the glassy part of the material is mainly responsible
for the ion dissolution from the material and, conse-
quently, the chemical reactions occurring on the material
surface. Thus, one part of the coating substance is re-
sorbed and the mechanical properties of the material
change. Kitsugi et al.’s studies (36) suggest that the use
of A-W-GC-coated metal implants should be limited to
short-term implantation only, because of the risk of frac-
ture of the coating layer.

4.2. Bioactive Glasses

The concept of a strong bonding between bone and syn-
thetic materials by chemical reactions occurring on a glass
surface was first proposed in 1969 (31,37). The innovation
concerned the chemical reactivity of the surface of a silica-
based material, which had the amorphous structure of sil-
icate glass. The biomaterial, a bioactive glass, which was
appropriately named Bioglasss, was introduced by Hen-
ch in the early 1970s (38). In fact, bioactive glasses can be
considered precursors to all bioactive ceramics. A major
characteristic of glasses is the amorphous structure of the

Table 4. The Compositions and Some Mechanical Properties of Glass Ceramics and Synthetic Sintered Hydroxyapatite in
Clinical Use

Composition (mass %) Ceravitals A/W-CGs ImplantsL1 Bioverits

Na2O 5–10 0 4.6 3–8
K2O 0.5–3.0 0 0.2 3–8
MgO 2.5–5.0 4.6 2.8 2–21
CaO 30–35 44.7 31.9 10–34
Al2O3 0 0 0 8–15
SiO2 40–50 34 44.3 19–54
P2O5 10–15 16.2 11.2 2–10
CaF2 0 0.5 5.0 3–23 (F)

Phase(s) Apatite Apatite Apatite Apatite
(Ca10(PO4)6(O,F2))
b-Wollastonite b-Wollastonite Phlogopite glass

Glass (CaO �SiO2) Glass (Na,K)Mg3(AlSiO10)F2)
Glass

Property
Compressive strength (MPa) 500 1080 — 500
Bending strength (MPa) 100–150 215 160 100–160

Modified from Kokubo et al. (23) and Hench and West (31).
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material. In general, the structure of silicate glass is based
on the SiO4 tetrahedron (Fig. 1). The tetrahedra are only
linked to the oxygen ions at the corners. In crystalline sil-
ica, the tetrahedra are regulary arranged, which is char-
acteristic of all crystalline material (Fig. 2a). In the
structure of silica glass, the tetrahedra are present but
they are no longer regularly arranged (amorphous struc-
ture); however, as in crystalline quartz, each of the oxygen
ions still connects two tetrahedra (Fig. 2b). A silica glass,
however, has a more open structure, which enables the
accommodation of cations (as stated earlier, referred to as
network modifiers), thus providing an option to manufac-
ture a wide range of silicate glasses. The presence of some
cations in the glass (for example, Naþ , Kþ , and Ca2þ )
results in disruption of the continuity of the glassy net-
work caused by the breaking of some of the Si–O–Si bond-
ing, leading to a formation of nonbridging oxygen ions
(Fig. 2c). Bioactive glasses resemble ordinary soda-lime
silica glass. However, the composition of bioactive glasses
has one main difference compared with ordinary glass. In
ordinary glass, the amount of the network former SiO2 is
465% and the network modifier part consists mainly of
Na2O (o14%) and CaO (10%). Bioactive glasses, in turn,
contain significantly less network former, which is re-
placed mainly by metal oxides (network modifiers).

The chemical characteristics of bioactive glasses are as
follows: The amount of SiO2 is between 45 and 60 wt%, the
Na2O or K2O content is high, and the ratio of Ca/P is rel-
atively high (13).

As a result, the surface of a bioactive glass is highly
reactive when exposed to body fluids. In general, the com-

plex reactions occurring at the surface of the glass under
in vitro or in vivo conditions based on various studies
(13,39–49) can be summarized as:

* Exchange of Naþ and Kþ with Hþ or H3Oþ from
solution (in vivo or in vitro).

* During this exchange, the other constituents of the
glass are unaffected.

* Dissolution of the silica network caused by the attack
of Hþ ions, resulting in breaking of the Si–O–Si
bonds and formation of SiOH and Si(OH)4 groups at
the surface of the glass. This process is dependent on
the silica content of the glass, and the possible expla-
nations for this will be discussed in the next section.

* Condensation and repolymerization, resulting in a
SiO2-rich layer on the glass surface, which is depleted
in alkalis and alkaline-earth cations:

Si�OHþOH�Si! Si�O�SiþH2O:

* Migration of Ca2þ and PO4
3� groups to the surface

through the Si-rich layer, forming a calcium phos-
phate-rich layer on the top of the Si-rich layer. (How-
ever, the fine details of the calcium phosphate
formation are still only partially understood, which
will be discussed in the next section.)

* Growth of the calcium phosphate layer by incorpora-
tion of soluble calcium and phosphate from the solu-
tion.

* Formation of a polycrystalline apatite layer, by incor-
poration of OH� , CO3

2� , or F� anions from solution
to form a mixed hydroxyl, carbonate, and fluorapatite
layer on the uppermost portions of the bioactive
glass.

* Incorporation of organic components.

The formation of an Si-rich layer and calcium phos-
phate layer on bioactive glass is well established and re-
ported (42–47). Figure 3 shows EDAX line-profiles of Si,
Ca, and P scanned over a cross section of a bioactive glass
sphere at 21 days of immersion in simulated body fluid
(SBF) (48).

The Si-rich layer is clearly seen on the white bulk glass
and the calcium phosphate is seen as a light uppermost
layer on the Si-rich gel. However, several factors contrib-

(a) (b) (c)

Figure 2. (a) Two-dimensional diagrammatic
representation of a crystalline SiO2 (quartz).
The SiO4 tetrahedra are regularly ordered,
which is characteristic of a crystal. (b) Two-di-
mensional diagrammatic representation of
glassy SiO2. The SiO4 tetrahedra are no longer
regularly arranged; the structure is more open.
(c) Two-dimensional diagrammatic representa-
tion of silicate glass. The open structure of glass
is able to accommodate cations. Some cations,
such as Naþ , Kþ , and Ca2þ (black circles),
produce nonbridging oxygen ions (semicircles).

Figure 1. Diagrammatic representation of a basic building block
on which the crystalline and glassy structures of silica are based.
Silicon ion is bonded to four oxygen ions forming a silicon (SiO4)
tetrahedron.
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uting to the formation of the reaction layers exist. Today,
the in vitro bioactivity of bioactive glasses can be con-
trolled by the oxide composition of the glass (48).

5. BIOACTIVITY AND THE INTERFACIAL STRENGTH

Bonding of glasses to bone has been demonstrated for a
certain compositional range of bioactive glasses contain-
ing SiO2, Na2O, CaO, and P2O5 in specific proportions. As
stated above, three compositional changes differentiate
them from soda-lime-silica glasses: high Na2O and CaO
content, less than 60% SiO2, and a high CaO/P2O5 ratio.
These compositional features create highly reactive sur-
faces when exposed to an aqueous medium. However, in
bioactive glasses, the amount of SiO2, which is only about
45–60%, and hence repeated hot working, can easily cause
problems in the form of phase separation and crystalliza-
tion of the glassy material (38,50). Crystallization of the
material will reduce the rate of bioactivity of the glass
(51), and partial crystallization leads to a glassy phase of
incontrollable composition. Crystallization of a bioactive
glass can be controlled by its chemical composition (49,52).

A new generation of bioactive glasses in the system,
Na2O-K2O-MgO-CaO-B2O3-P2O5-SiO2,can be repeatedly
heated without the risk of devitrification (53). Thus, for

instance, microspheres can be manufactured and sintered
into porous implants of different shapes and sizes (54). The
porosity of a bioactive glass body does not only noticeably
increase the total reacting surface of the glass, but also
allows a three-dimensional formation of the healing bone
tissue. The porosity and the mechanical strength of the
bioactive glass implant can be controlled with different
sintering temperatures and times (55). For the best me-
chanical strength of the sintered implant, the glass must
retain its amorphous structure during the heat treatment.
The development of third-generation bioactive glasses at
Åbo Akademi University, Turku, Finland has enabled
spinning of high-quality thin (20–30mm) bioactive glass
fibers. From these fibers, a variety of bioactive glass fab-
rics can be made. Moreover, an impulse laser beam can be
used to melt a fine powder made from the new bioactive
glass. As a result, a glass coating on a titanium implant
can be relatively easily produced. This coating consists of
very small glass droplets firmly attached to the titanium.
The glass shows excellent bioactivity in spite of the re-
peated high temperature procedures involved in the pro-
cess (56,57).

0

400

800

1200

1600

2000

0 10 20 30 40 50 60

Micrometers

C
ou

nt
s

Glass 

Si 

Silica-rich
gel 

Calcium 
phosphate

Ca 

P

Figure 3. EDAX line-profiles of Si, Ca, and P
scanned over a cross section of a bioactive glass
sphere after 21 days of immersion in simulated
body fluid (SBF). The line-profiles demonstrate
bulk glass, a silica-rich layer, and a calcium phos-
phate layer (magnification � 2000).
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5.1. Bioactivity of the Glass

As with other bioactive materials, bioactive glasses can be
divided into the two categories mentioned earlier: osteo-
promotive or osteoinductive (class A) and osteoconductive
(class B). Class A bioactive glasses rapidly release soluble
silicic acid, and consequently Ca2þ , resulting in fast pre-
cipitation of calcium phosphate on the depleted Si-rich
glass surface. Class B bioactive glasses, in turn, possess a
low rate of network dissolution (16,58). Glasses with a
high rate of dissolution contain less than 55 wt% SiO2 (58).
The higher the concentration of SiO2 in the glass, the
lower the rate of network dissolution and formation of an
Si-rich layer. When the concentration of SiO2 exceeds
about 60 wt%, the rate of Si-rich gel formation on the
glass surface is so low that it has no practical significance
on the bioactivity. A reasonable explanation was given by
Strnad (59) and at a later stage by Karlsson and Ylänen
(60), who showed that the bioactivity of glass is based on
the mean number of nonbridging oxygen ions in the silica
tetrahedron. Instead of sharing a corner with another tet-
rahedron, the charge of the oxygen ion in the corner is
balanced by a network modifier anion, that is Naþ , Kþ , or
Ca2þ . When exposed to body fluid, because of a rapid ex-
change of these anions for Hþ or H3Oþ from the solution,
a hydration of the gel structure (�Si–(OH) instead of �Si–
O� Naþ , Kþ ) occurs. In silicate glasses, each silicon is
bonded to four oxygen atoms, thus the number of non-
bridging oxygen ions in the tetrahedron can take any
value between 0 and 4. Number 0 represents a fully poly-
merized, three-dimensional network of silica tetrahedra;
number 4 a dissolved SiO4

4� ion. In order to get bioactivity
(SiO2 less than 60 wt%), the number must be greater than
2.6. The surfaces of glasses with the concentration of SiO2,
50–55 wt% contain 2–3 nonbridging oxygen ions, resulting
in hydration of two or three oxygen ions of each silica tet-
rahedron, that is, formation of ¼Si(OH)2 or –Si(OH)3. The
influence of nonbridging oxygens on the bioactivity of the
glass has also been studied recently by Serra et al. (61,62).
The number of nonbridging oxygen ions as a function of
SiO2 and Na2O content in a glass is presented in Table 5.

During the dissolution of the glass, the silica network is
partially broken and SiOH and Si(OH)4 groups are found
on the uppermost layer of the glass. The higher the num-
ber of nonbridging oxygen ions in the gel, the higher the
bioactivity of the glass. Finally, if none of the four oxygen
ions is bridged, a totally dissolved monomeric SiO4

4� ion is
formed. In this case, however, the concentration of SiO2

needs to be very low (SiO2 less than 40 wt%) and it is
questionable whether obtaining a glass phase of this com-
position is possible (39). In summation, the crucial factor

controlling the bioactivity of a glass is said to be the for-
mation of the hydrated Si-rich gel on the glass surface for
which the SiO2 content should be 50–60 wt%.

5.2. The Interfacial Strength of the Bonding Between
Bioactive Glass and Bone

Several studies have concluded that the interfacial chem-
ical reactions occurring on the bioactive glass surface re-
sult in a unique and firm bonding of bone to the glass
implant. The strength of the bonding has been empha-
sized by mechanical testing in which the interfacial
strengths of different biomaterials are compared with
each other by determination of the push-out to failure
forces. Andersson et al. (63) showed that true bioactive
glasses bond to host bone through a firm calcium phos-
phate layer. However, glasses with appropriate amounts
of SiO2 (o60 wt%) but containing Al3þ 42.5 wt% showed
only a low interfacial strength. Titanium cones were used
as the reference in the same study. The bonding strength
of titanium implants was, however, only about one-tenth
of that of the bioactive glass implants (63). Glass contain-
ing both greater than 60 wt% SiO2 and greater than
2.5 wt% Al3þ showed no bone contact at all. By using
the same method, Niki et al. (18) showed the same differ-
ence in bonding strength between bioactive glass implants
and titanium implants. The bonding of bioactive glass to
bone is based on an even dissolution of material and for-
mation of a calcium-phosphate layer connecting the glass
implant to the host bone. The difference in the type of the
interfacial bonding between hydroxyapatite and bone can
also be seen by comparing the bonding strengths of
hydroxyapatite implants with those of bioactive glass
(18,64,65). In most studies, the interfacial bonding
strength of bioactive glass to bone has been superior com-
pared with that of hydroxyapatite. This finding supports
the principle of classifying the bioactive materials in two
distinct classes according to their bioactivity. Theoreti-
cally, the weakest point of the interface between bioactive
glass and bone is the silica-rich gel. However, according to
mechanical testing, the push-out failure by the maximum
force occurs in most of the cases by fracture of the bone
close to the glass implant (19,63).

The valuable property of bioactive glasses being able to
bond firmly to bone through chemical reactions and to ul-
timately be replaced by bone allows them to be used for
medical applications. Most importantly, the constituents
in bioactive glass are physiological chemicals found in the
body: silicon, sodium, potassium, magnesium, oxygen, cal-
cium, and phosphorus. During the bonding and formation
of bone, the concentration of the specific elements never
increases to a level that could disturb the adjacent tissues
(65,66). The use of bioactive glass as an implant material
or in manufacturing medical devices is, however, limited
by the mechanical properties of glass. Glass is brittle and,
accordingly, cannot be applied in places where load-bear-
ing properties are needed. Glass can be cast to plates, rods,
etc., or it can be formed by sawing or grinding cast rods to
rigid medical devices. Alternatively, glass can be used as a
filler material in the form of particulate. The use of bio-
active glass as a bioactive coating on mechanically stron-

Table 5. Number of Nonbridging Oxygen Ions as a
Function ofSiO2 andNa2O Content in a Glass (wt%)

Qn SiO2 Na2O Non-bridging O�

4 100 0 0
3 66.6 33.3 1
2 50 50 2
1 40 60 3
0 33.3 66.6 4
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ger implant materials is also an option that has recently
been widely studied.

6. APPLICATION OF BIOACTIVE GLASSES AND GLASS
CERAMICS

6.1. Maxillofacial and Ear, Nose, and Throat Applications

The composition of this first bioactive glass, Bioglasss,
and the composition of S53P4, which has been widely used
clinically, is presented in Table 6. Although the SiO2 con-
tent in this Bioglasss is relatively low, it has been re-
ported to have good bioactive properties.

The glass can be cast into shaped implants for use as
small medical devices in places subject to only minor me-
chanical loading. The glass is relatively soft and thus ap-
propriate for microsurgical drilling techniques (67).
Bioglasss has been used to replace small bones in the
middle ear and as cone-shaped implants to fill defects in
the mandible and maxilla. It also elicits a property of
bonding to soft tissue, which has opened new possibilities
for wider application, for example, in ear, nose, and throat
surgery. In the treatment of profound deafness, various
electronic components are used within appropriate de-
vices. Electrodes attached to the electronic devices outside
and inside the middle ear are coated with Bioglasss (67).
The device is inserted so that a part is in contact with
bone, resulting in a firm anchoring. The other part of the
bioactive glass-coated anchor passes through the eardrum
and bonds to the soft tissue, thus providing a seal between
the inner and outer ear. Stanley et al. (68) introduced the
concept of filling a hole in the jawbone after extracting a
tooth in order to prevent resorption of the bone. For this
procedure, conical implants are made using injection
molding. For the best possible fit of the conical implant,
a mating drill bit is used to prepare the bone for the im-
plant. Solid-shaped bioactive glass of a different composi-
tion (S53P4) has also been used in the treatment of facial
injuries to replace the bone that supports the eye (69,70).
The clinical results of Aitasalo et al. (70) suggest that thin,
slowly resorbable bioactive glass provides a promising op-
tion for the reconstruction of orbital floor defects.

In odontology, bioactive glass particles are widely used
to fill defects associated with periodontal disease, for ex-
ample, the loss of bone surrounding teeth (58).

Some recent studies show promising results from using
crushed bioactive glass or paste as obliteration material in
frontal sinusitis and in special types of rhinitis (70–74).
The findings of Stoor et al. (73,74) suggest that the en-
couraging results of using bioactive glass crush in ear,
nose, and throat surgery are partially because of the an-
tibacterial effects of bioactive glass paste on oral micro-or-

ganisms. Sintering of bioactive glass microspheres enables
the manufacture of rigid porous bioactive glass bodies.
The rate of bone ingrowth into the three-dimensional po-
rosity of the bioactive glass material is significantly higher
compared with the similar porosity of porous titanium
(75).

6.2. Bone Graft Applications

Using animal models, solid-shaped bioactive glass im-
plants have been investigated for the reconstruction of
deep osteochondral defects (joint surface defects, which
penetrate the bone under the joint cartilage) (76,77). Ac-
cording to these studies, the bioactive glass implants
bonded to bone, but the rate of hyaline-like cartilage for-
mation on the joint surface was only minimal, or at best
moderate. The use of porous bioactive glass implants re-
sulted in more promising results (54).

Critical size defect can be defined as the smallest size
defect that cannot heal spontaneously during the lifetime
of a clinical animal. A number of clinical trials showed
that an 8-mm diameter defect created in the calvaria of
Sprague–Dawley rats did not heal after a 12-week period.
In contrast, many long bones contain a primary nutrient
artery. No primary nutrient artery exists in human calv-
aria. The results of Lee et al. (78) have indicated that cal-
cium phosphate glass (bioglass) can affect the
differentiation and calcification of the pre-osteolastic
(MC3T3-E1) cells in vitro and promotes new bone forma-
tion in the calvarial defects.

Using bioactive glass as granules, it is reported to en-
hance bonding because of the chemistry associated with
the bioactivity, reactivity because of increased surface
area, and the method of application (58,79–81). Bioactive
glass granules have been reported as providing a promis-
ing option to be used alone as a filler material in bone de-
fects or to fill the gap around the implants (82–84).
However, according to Virolainen et al. (85), the bone-
forming capacity of bioactive glass particulate seems to be
lower compared with an autogenous bone graft.

6.3. Bioglasses in In Situ Radiotherapy and Hyperthermia

One of the most common approaches in cancer treatment
is the removal of the diseased parts; however, recovery or
return of full function is unfortunately seldom achieved.
Noninvasive treatment techniques in which only the can-
cer cells are destroyed were introduced in the mid-1980s.
In 1987, microspheres of 17Y2O3-19Al2O3-64SiO2 (mol%)
glass, 20–30 mm in diameter, were shown to be effective for
in situ radiotherapy of liver cancer (86,87). 89Yttrium in
this glass is nonradioactive, but can be activated by neu-
tron bombardment, to 90Y, which is a b-emitter with a half-
life of 64.1 hours. The microspheres are usually injected
into diseased liver through the hepatic artery and en-
trapped in small blood vessels, which block the blood sup-
ply to the cancer and directly irradiate the cancer with b-
rays. As the b-ray transmits living tissue only 2.5 mm in
diameter and the glass microspheres have high chemical
durability, the surrounding normal tissue is hardly dam-
aged by the b-rays.

Table 6. Compositions of Bioglasss and S53P4 (wt%)

Component Bioglasss S53P4

SiO2 45 53
Na2O 24.5 23
CaO 24.5 20
P2O5 6 4
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These glass microspheres are already used clinically in
Australia, Canada, and the United States and are com-
mercially available. The content of Y2O3 in the micro-
sphere is, however, limited to only 17 mole%, as they are
prepared by conventional glass melting techniques. Re-
cently, Kawashita et al. successfully prepared pure Y2O3

polycrystalline microspheres 20–30 mm in diameter by a
high-frequency induction thermal plasma melting tech-
nique (88) (Fig. 4). It was reported that they observed
higher chemical durability than the Y2O3-containing glass
microspheres. It was further reported that these ceramic
microspheres are more effective for in situ radiotherapy of
cancer.

Oxygen is known to be poorly supplied to cancerous
cells to produce lactic acid, and hence can be destroyed
around 431C, whereas the normal living cells can be kept
alive even around 481C. If ferri- or ferromagnetic materi-
als are implanted around cancers and placed under an al-
ternating magnetic field, it is expected that locally heated
cancer cells can be destroyed by magnetic hysteresis loss
of the ferri- or ferromagnetic materials.

Kawashita et al. (88) prepared ferrimagnetic glass-ce-
ramic compositions containing 36 wt% of magnetite
(Fe3O4) particles 200 nm in size within a CaO-SiO2 ma-
trix. It was reported that cancerous cells in the medullary
canal of a rabbit tibia were completely destroyed when
this glass ceramic was inserted into the tibia and placed
under an alternating magnetic field of 300 Oe with
100 kHz (89). This kind of invasive treatment, however,
cannot be applied to humans, because cancer cells metas-
tasize. In the case of humans, ferri- or ferromagnetic ma-
terial must be injected into the cancer in a form of
microsphere of 20–30 mm in diameter through blood ves-
sels similar to the radioactive microspheres. For this pur-
pose, the heat-generating efficiency of the ferrimagnetic
material must be further increased.

Recently, microspheres of 20–30mm in diameter in
which number of layers of magnetite particles of 50 nm
were deposited on silica microspheres were produced. The

technique involved deposition of FeO(OH) from a solution
and its subsequent transformation into Fe3O4 by a specific
heat treatment at 6001C under CO2-H2 gas atmosphere
(90). The heat-generating efficiency of this material was
reported to be about four times that of the glass ceramic
described above.

7. CONCLUDING REMARKS

As discussed in this chapter, the properties of biomaterials
in general, bioactive glasses, and glass ceramics are
strongly influenced by the synthesis methods employed,
the chemistry and the compounds used, and any other
thermal processes used. All of these factors contribute to
their final structure and hence to their long-term perfor-
mance as bioglasses. In the early 1970s, bioceramics were
employed to perform biologically inert roles, such as pro-
viding parts for bone replacement. The realization that
cells and tissues in the body perform many other vital
regulatory and metabolic roles has highlighted the limi-
tations of synthetic materials as tissue substitutes. The
demands placed on bioceramics have changed from main-
taining an essentially physical function without eliciting a
host response to providing a more integrated interaction
with the host, which has been accompanied by increasing
demands on medical devices to improve the quality of life,
as well as to extend its duration.

Bioceramics can be used as body interactive materials,
helping the body to heal, or promoting regeneration of tis-
sues, thus restoring physiological functions. This ap-
proach could be further explored in the development of
next-generation bioceramics incorporating biogenic mate-
rials with a widened range of applications. Recently, the
tissue-engineering field has been directed to take advan-
tage of the combined use of living cells and tri-dimensional
ceramic scaffolds to deliver vital cells to a patient’s dam-
aged site. Feasible and productive strategies have been
aimed at combining a relatively traditional approach such
as bioceramics implants with the acquired knowledge ap-
plied to the field of cell growth and differentiation of
osteogenic cells.

A common characteristic of bioactive glasses and bio-
active ceramics is a time-dependent kinetic modification of
the surface that occurs after implantation. The surface
forms a carbonate hydroxyapatite (hydroxylcarbonate
apatite) layer. Results of various studies show that bioac-
tive glass affects the osteogenesis by increasing collagen
synthesis and calcification of the extracellular matrix in
vitro and promotes new bone formation in calvarial defects
in the Sprague–Dawley rats. Bonding of glass ceramic to
bone has been observed to occur between two weeks and
two months after implantation. Clinical studies are prom-
ising and their use in the orthopedic field is increasing.
Glass ceramics are known to have high bending strength
and compressive strength, and it has been reported that
they could be used in the reconstruction of acetabular de-
fects. Bioglasss and bioactive glasses are currently filling
a gap in surgical orthopedic and maxillofacial applica-
tions. However, the challenge of providing safe and effica-
cious glass and glass ceramics with the required

Figure 4. SEM image of Y2O3 microspheres for radiotherapy ap-
plications [after Kawashita et al. (88)].
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properties and an acceptable biocompatibility level re-
mains. As the field of biomaterials finds increasing appli-
cations in cellular and tissue engineering, it will continue
to be used in new ways as part of the most innovative
therapeutic strategies.
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1. A BRIEF PERSPECTIVE ON BIOCHEMICAL PATHWAYS
RESEARCH

All living organisms, whether existing as single-cellular or
more complex multicellular forms, perform the same basic
chemical reactions for life. These include reactions for
energy transformation, chemical transformations (meta-
bolism), synthesis of cellular materials (anabolism), and
breakdown of cellular materials (catabolism) (1). These
chemical processes occur in living cells through serial
chemical reactions that are conceptually organized as
biochemical pathways. Such pathways for processes like
electron transport, photosynthesis, glycolysis, lipid bio-
synthesis, amino acid biosynthesis, and purine catabolism
are the focus of introductory textbooks (2,3) familiar to
every beginning student of biochemistry and medicine. In
addition to essential biochemical pathways found in all
cells, a vast array of pathways exist that are unique to
different species (e.g., plant pigment biosynthesis) and to
different cell types within multicellular organisms (e.g.,
neurotransmitter biosynthesis in neurons).

Although the substrate, metabolite, and product bio-
molecules of chemical reactions in cells are typically used
to illustrate biochemical pathways, the field of biochem-
istry is more concerned with the chemistry-specific biopo-
lymers that catalyze their reactions. Protein enzymes are
the main biopolymers responsible for catalyzing cellular
biochemical reactions. In general, unlike chemical cata-
lysts, which can increase the rate of reactions between
diverse types of molecules (e.g., acid-base catalysis; metal
surface catalysis), enzymes are efficient catalysts for
usually only one type of chemical reaction between specific
biomolecules.

Catalyst-chemistry specificity is a unique feature of
biochemical pathways. This development in Earth chem-
istry may have been the key evolutionary event that led to
the emergence of living organisms. Catalyst-chemistry
specificity makes possible the assembly of chemical sys-
tems in which chemical reactions are partitioned in time
and space by the dynamic production or localization of the
catalysts. Encapsulation of such systems may have been
the beginning of living cells capable of regulation of
chemical reactions in a manner that led to self-duplication
and other properties ascribed to living organisms.

Much of the early biochemical pathway research was
concerned not with the origins of life, but instead with the
elucidation of the nature of the chemical reactions of life
and properties of the responsible enzyme catalysts. Che-
mical reactions found to be essential for life were intensely
studied, because they were likely to be important effectors
on human health, disease, and death. Many enzyme
catalysts have been investigated for their potential to be
therapeutics, diagnostics, and targets for drug develop-

ment. This research yielded a wealth of knowledge and
understanding about cellular biochemical reactions, their
substrates, their cofactors, their products, their organiza-
tion into pathways, and the physicochemical properties of
the enzymes that catalyzed them. Much of this knowledge,
and the principles of biochemical pathway research devel-
oped in its pursuit, can be found in well-known textbooks
of biochemistry (2,3).

Often, in modern discussions of the contributions of the
field of biochemistry to our understanding of cellular
function and the future of this field of investigation,
classic intermediary metabolism is the primary focus,
which is a gross oversight of the breadth of biochemical
pathway research. The field of biochemical research en-
compasses more than just the anabolism and catabolism of
small metabolites. All enzyme-based reactions that lead to
chemical changes in biomolecules fall under the rubric of
biochemistry (Fig. 1). Therefore, many aspects of molecu-
lar biological research also fall well within the realm of
biochemical investigation, and in many cases have their
beginning there as well. Typically, macromolecular synth-
esis processes that preserve, translate, and modify genetic
information, like DNA replication, RNA transcription,
RNA editing, protein translation, protein modification,
and signal transduction, are considered to be in the realm
of molecular biology. However, these essential cellular
processes are all accomplished by the action of enzymes
often functioning in the context of highly regulated mole-
cular ensembles and machines, which catalyze chemical
reactions that either extend biopolymers or modify them
with small covalent biomolecules (e.g., phosphates). As
will be discussed later in greater detail, the biochemical
underpinning of molecular biology is often overlooked,
especially in terms of how macromolecular synthesis and
modification reactions are integrated with other small
biomolecule pathways (e.g., nucleotide metabolism) (4).

DNA replication

Enzymes

Energetics Metabolism Catabolism Anabolism

Gene transcription

Protein translation

Figure 1. Enzymes at the integration point of molecular and
biochemical processes in cells. Enzymes are both the components
and products of macromolecular synthesis pathways. Thus, bio-
chemical pathway research encompasses molecular processes, as
well as the biochemistry of small biomolecules.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



2. BIOMEDICAL APPLICATIONS OF BIOCHEMICAL
PATHWAY RESEARCH

Biochemical pathway research has had its greatest impact
in biomedicine in the areas of disease diagnosis and drug
development. Biomedicine is distinct frommedicine per se.
Medicine is largely an applied discipline in which a vast
store of empirical information regarding the nature of
human disease and health is integrated with an exact
practiced method to effect improvements in the health of
injured or ailing individuals. In contrast, biomedicine is a
discipline in which knowledge from life sciences research
is sought that can be used to better inform the empiricism
of medical practice and thereby yield significant advances
in medical care.

During the twentieth century, few, if indeed any, areas
of life sciences discovery contributed more to advances in
biomedicine than biochemical pathway research. One of
the best illustrations of its great impact is research to
elucidate biochemical defects caused by inborn errors of
metabolism (5). Long before the genetic basis for many of
these inherited childhood illnesses were known, the miss-
ing or defective enzymes responsible for specific defects in
biosynthesis or catabolism were identified. This research
showed that debilitating and life-threatening diseases
could result from defects in single enzymes that catalyzed
a specific reaction in biochemical pathways. These studies
discovered enzymes and biochemical pathways that were
essential for human health and life.

Research on inherited biochemical pathway defects
also contributed greatly to the evolution of two major
concepts in medicine and biomedicine, respectively. First,
it became clear that changes in specific metabolite con-
centrations could signal alterations in their respective
biochemical pathways and, therefore, could be used to
diagnose a disease and provide clues to disease etiology.
Second, enzymes in defective biochemical pathways iden-
tified as responsible for a disease process could be targeted
with drugs to restore normal pathway function and
health. These two concepts are core principles for modern
medical diagnoses and drug discovery, respectively. The
first-year medical student is already well-versed in the
battery of metabolite tests that are performed for patients
on admission to evaluate the status of several important
biochemical processes; and specific signs and symptoms
lead to additional evaluations of metabolites that provide
information of specific suspected defects in biochemical
pathways that govern health. The majority of drugs in our
vast arsenal of pharmaceuticals that act against cell and
tissue processes have a basis as effectors of well-defined
biochemical pathways; and the guiding principle of mod-
ern-day pharmaceutical discovery is to first identify an
important enzyme involved in a disease mechanism and
then target it for development of therapeutic effectors of
its action.

3. CHALLENGES FOR APPLICATION OF BIOCHEMICAL
PATHWAY RESEARCH TO BIOMEDICAL ENGINEERING

Whereas the great impact of biochemical pathway re-
search in advances in biomedicine is self-evident, its role
in biomedical engineering is less clear. To begin this
discussion, it is important to consider the areas of biome-
dical engineering for which biochemical research is likely
to be most relevant, based on whether biochemical path-
way research can enable biomedical engineering. Two
subfields of biomedical engineering seem most appropri-
ate for this: metabolic engineering and cell and tissue
engineering.

Metabolic engineering, or biochemical engineering as it
is also called, is a recently established discipline that has
the goal of elucidation and manipulation of metabolic
pathways (6). Its primary focus is manipulation of meta-
bolic pathways in microbial organisms to improve their
efficiency for production of industrial compounds, includ-
ing pharmaceuticals. It is instructive that the motivation
for establishment of this field is recent advances in
genomics, not biochemistry. Much of the engineering in
this field is in the form of genetic manipulation of enzymes
responsible for biochemical processes that can yield in-
dustrial and pharmaceutical products. Although meta-
bolic engineering does have the potential to impact
medicine indirectly through designing better methods for
production of pharmaceuticals, it does not have a goal of
elucidation of the biological processes on which the pro-
duced drugs act. As many of the methods of metabolic
engineering are designed for application to microbial
systems, they may not be readily transferable to biomedi-
cal engineering efforts that have the goal of direct manip-
ulation of human cell and tissue physiology.

Cell and tissue engineering is more in sync with the
areas of biomedical engineering that seek to elucidate and
manipulate human cells and tissues for the purpose of
improving health. Much of previous cell and tissue en-
gineering has been in the area of development of pros-
theses and tissue-compatible materials, including
acellular biological substrates for tissue grafts like skin.
Knowledge from cellular biochemistry has not been a
major factor in the development of these applications.
Even theoretical approaches for direct cell engineering
have largely taken the form of genetic engineering to alter
cell function, instead of regulation of biochemical path-
ways.

As the field of biomedical engineering continues its
growth into the areas of cell and tissue engineering,
knowledge of biochemical pathways will play a more
important role. Biochemical reactions are the ultimate
readout of all information programmed in the genome. All
changes in gene expression programs are reflected in
cellular changes that reconfigure a complex four-dimen-
sional system of small biomolecules with time-varying
states that are unbound, transiently noncovalently or
covalently bound to reactive enzyme surfaces, transiently
noncovalently interacting with specific target molecules,
covalently bound to macro- or micromolecules, or nonspe-
cifically interacting with molecules. Theoretically, detailed
exact knowledge of kinetics and regulation of each cellular
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enzyme, exact monitoring of the concentrations of small
biomolecules in each of the described states, and rates of
chemical change for all involved components could be used
to specify the gene expression status, physiological state,
or pathological state of cells and tissues. The goal of cell
engineering for biomedicine is to use such information to
design approaches to (1) predict cell behavior; (2) manip-
ulate cell behavior; (3) induce repair of diseased cells and
tissues; and (4) provide better technologies for interrogat-
ing cell and tissue function for the purpose of engineering.

A major barrier to infusion of concepts from biochem-
ical pathway research into cell and tissue engineering is
that the current body of knowledge from biochemical
pathway research is not suitably formulated for produc-
tive cell and tissue engineering for medicine. The genera-
tion of ideas and information from biochemical pathway
research was not performed with engineering principles in
mind. The information in biochemistry textbooks is a
summarization of data derived from many different in-
vestigators working over the years with species as diverse
as bacteria, rats, and humans. Although the main outline
of essential biochemical pathways are very well conserved,
important differences exist even for the same chemical
reaction coordinate that make it impractical to consider all
sources of data as universally applicable to human cell
physiology, health, and disease. Moreover, it is woefully
inadequate for engineering design.

Many examples exist in which differences in detailed
aspects of bacterial versus human biochemical pathways
manifest as significant differences in biological effects. In
many cases, these detailed differences have been signifi-
cant enough to support the development of effective anti-
microbials for medicine. For example, several folate
antagonists are potent inhibitors of the bacterial enzyme
dihydrofolate reductase (DHFR), which is essential for
nucleotide biosynthesis, but, at similar concentrations,
have little effect on the analogous human enzyme. How-
ever, at higher doses, these drugs are used as a cancer
chemotherapy agent, because actively proliferating tumor
cells are more sensitive to DHFR inhibition than normal
tissues that have a smaller fraction of cycling cells.
Similarly, compared with single-celled organisms, multi-
cellular organisms have more enzyme isoforms that ex-
hibit similar enzyme-chemistry specificity, but differences
in regulation. For example, the rate-limiting enzyme for
guanine ribonucleotide metabolism, inosine-50-monopho-
sphate dehydrogenase (IMPDH), has a single form in
bacteria, four different genes in some yeasts (7), and two
different genes in mammals (8), and the different isoforms
of enzyme produced differ in cellular regulation and en-
zyme kinetics properties (8).

Thus, the current body of biochemical pathway data is
heterogeneous and incongruent because of the summation
of findings from different species, different cell types,
different experimental conditions, studies using different
levels of technological sophistication, and different histor-
ical periods of investigation. Moreover, much of it was not
developed with human cells and tissues. A first response
to this situation is obvious. Ideally, effective biomedical
engineering cannot be accomplished with information of
such low intrinsic continuity and questionable relevance

to human cellular processes. It will be difficult to effec-
tively design when the data are characterized by incon-
sistencies of scale, quantification, and biology. In addition,
despite the overall tremendous volume of data, for any
specific segment (e.g., cell type-specific), it is likely to be
incomplete as well.

One essential goal exists that must be achieved if the
great potential of biochemical pathway research in biome-
dical engineering will be realized. For each of the main
areas of medical therapy challenges (e.g., cancer, cardio-
vascular disease, neurological disease), a technically
sound, self-consistent body of quantitative data that cap-
tures the dynamics of all key biochemical determinants of
cellular behavior, their modes of regulation, and their
connectivity must be developed. Such a store of informa-
tion could be used by cell and tissue engineering efforts
worldwide. It is unlikely that any one entity or institution
will have the expertise and resources to accomplish such a
lofty goal alone. So, the field of biomedical engineering
must adopt a general consensus that collective develop-
ment of a comprehensive base of knowledge that covers all
areas of cell and tissue biochemistry relevant to human
health and disease is a critical undertaking for continued
advances in biomedicine. Individual efforts should strive
to build self-consistent datasets that can be integrated
easily with others. Successful integration will require the
establishment of standardized methods of biochemical
quantification and analysis, and a mandate for using
human cells and tissues for interrogation whenever pos-
sible. Studies in animal models will still have an impor-
tant role to play, but it will be important to precisely define
their relationship to processes in humans.

4. CHANGING TIMES FOR BIOCHEMICAL PATHWAY
RESEARCH

Despite this rich history of life science discoveries and
biomedical applications, including groundbreaking ad-
vances in chemistry, enzymology, protein crystallography,
macromolecular regulation, spectroscopy, and medicine to
give but a small sampling, many would say that biochem-
istry is no longer an active field of investigation. Instead, it
has gone the way of the Latin language: once spoken in
most of the Eurocentric world, now only seen in the
foundations of languages that are derivative of it. So
may appear the current fate of biochemistry.

Until the 1990s, biochemistry was a major field of
investigation in every major research institute and med-
ical school. However, because of its molecular genetic
methods for isolation and production of enzymes that
were much more efficient than the biochemical method
of assay-based protein fractionation, the rapidly maturing
field of molecular biology eclipsed biochemistry. One un-
foreseen effect of the advances in molecular technology
was a change in the life sciences focus from enzymology
and biochemical regulation to molecular modification and
gene expression regulation. Research on the actions of
biochemical pathway metabolites and small biomolecules
in the regulation of cell behavior took a backseat to the
rapid emergence of the ability to evaluate regulation and
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gene product function by molecular genetic approaches
(e.g., site-directed mutagenesis; polymerase chain reac-
tion).

The effects of advances in molecular biology on bio-
chemical research were compounded by the lack of com-
parable advances in biochemical methods. The core
principles and conceptual approaches to biochemical re-
search have not changed fundamentally in the last cen-
tury. Biochemical research is grounded in the
fundamental concepts of separation chemistry, analytical
chemistry, and protein fractionation. Although incremen-
tal improvements in these technologies have occurred,
there have been no recent fundamental conceptual or
technological advances, as in the field of molecular biology
(e.g., DNA sequencing, gene cloning, polymerase chain
reaction, gene microarrays).

Ancillary fields, like protein crystallography, that have
a connection to the field of biochemistry have gone their
own way, integrating new technologies and conceptual
approaches (e.g., nuclear magnetic resonance and compu-
tational approaches) to make advances in their own right.
In contrast, biochemical pathway research has all but
stopped. Even laboratories that previously focused on
enzymology and biochemical pathway regulation have
begun studying gene regulation of involved enzymes. Of
course, such studies are quite relevant to understanding
biochemical pathway function, integration, and regula-
tion. Unfortunately, the greater challenges of quantifying
and evaluating the biochemical features of these systems
have given way to more yielding molecular analyses.

Here, it is important to acknowledge that biochemical
research is inherently difficult because of the nature of the
molecules and processes under study. Protein enzymes are
inherently more complex in structure and information
coding than DNA and RNA; and, unlike nucleic acids,
they have an unpredictable molecular structure, have
functions that cannot be predicted from knowing their
molecular structure, cannot be synthesized directly with
their own structure as a template, can be intractable to
purification, and lack a method for routine comprehensive
sequencing. Many of the biomolecules acted on by en-
zymes are difficult to detect, because of low concentration
or challenging separation properties, and interconvert or
turnover rapidly. These properties combined to make
biochemical pathway questions impenetrable at times
given current methodologies.

These challenges that currently confront biochemical
research may yield to new interdisciplinary approaches
that are brought to bear in a focused way on general
problems in biochemical pathway research. Many exam-
ples of cellular biochemical pathways exist in which many,
if indeed not all, of the substrates, metabolites, products,
cofactors, and enzymes are known in detail. In addition,
the kinetics properties of the involved enzymes have been
determined in vitro; and their molecular expression prop-
erties in cells are known. However, the metabolite con-
centrations and reaction rates in vivo are unknown, and it
is not possible to measure changes in them as a cell
changes with time or as it is induced to transit between
different physiological states. Recent developments in
identification of cellular biomolecules by mass spectro-

metry (MS) after their separation by different methods of
liquid chromatography (LC) have potential for application
to problems of this type. However, currently, the difficult to
control, unpredictable nature of molecular ionization
poses a major limitation to development of the quantita-
tive MS approaches needed. This limitation might be
overcome by chemically preparing isotopic standards for
all evaluated pathway biomolecules that can be added to
cell extracts prior to LC separation and MS analysis,
which is no small undertaking, of course, but is the scope
of the problems that must be solved for continued ad-
vances in understanding biochemical pathways.

5. NEW TOOLS FOR BIOCHEMICAL PATHWAY RESEARCH

The previous two sections make the case that, for bio-
chemical pathway research to have a greater impact in
biomedical engineering, new approaches to the acquisition
and management of biochemical data must be adopted
that are compatible with engineering methodology. How-
ever, it will be difficult to make these conceptual shifts
without parallel advances in new tools and technologies
for biochemical pathway research that can provide the
necessary advances in biochemical data.

In particular, three general categories of technology
development are envisioned that will be critical for reali-
zation of the proposed revisions in biochemical pathway
research practice. The first category is technologies for
high-volume cellular biochemical steady-state and ki-
netics measurements. The second category is improved
technologies for making such measurements for indivi-
dual cells. The third category is technologies for perform-
ing these evaluations with temporal resolution (i.e.,
‘‘biochemical time lapse’’). The focus on these three cate-
gories of technology development is in keeping with the
goal of quantifying changes in diverse pathway compo-
nents (e.g., enzymes, substrates, metabolites, products)
simultaneously. Such measurements under steady-state
conditions will be useful. However, it will be the ability to
monitor the kinetics of pathway component changes after
small or large perturbations from steady state or as a
function of cell lifetimes that will yield the greatest
advances in knowledge of cell and tissue function.

Currently, the gene expression microarray tool equiva-
lent does not exist for pathway enzymes and metabolites.
Although new microarray tools are in development for
proteins, complexity comparable with that of gene micro-
arrays is not in the foreseeable future. In addition, just as
in many cases mRNA expression is not a valid metric for a
given protein’s production level, so too, the cellular con-
centration of a given enzyme will often misrepresent its
cellular activity. Unlike mRNA-protein nonequivalencies,
which have no solution other than direct protein quanti-
fication, protein-activity nonequivalencies can be resolved
by the development of specific activity probes. Activity
probes are enzyme substrate analogues that give a con-
veniently detected and quantified signal (e.g., fluores-
cence) when enzymatically transformed into a product
analogue. When provided to cells in tracer amounts,
activity probes can provide direct quantitative informa-
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tion about the cellular activity level of their targeted
enzyme. The applicability of activity-probe analyses falls
off rapidly as the number of enzymes in the biochemical
pathway/network of interest increases, because a chemi-
cally specific and spectrally distinct probe is required for
each enzyme. Thus, increased chemistry ingenuity, fo-
cused on the development of diverse libraries of well-
defined, specific activity probes for cellular pathways of
interest, will also be an important factor.

If the signal basis is fluorescence, then the activity-
probe approach is quite compatible with a longstanding
mainstay technology for single-cell fluorimetry, flow cyto-
metry. Several brands of highly sophisticated flow cyt-
ometers are commercially available. These instruments
are capable of simultaneous multiprobe measurements.
They are also effective for isolation of individual cells
based on their quantitative fluorescence profile. This
feature allows for subsequent orthogonal analyses (e.g.,
proliferation capability) of biochemically profiled cells.
However, although flow cytometry provides many of the
answers for high-throughput, quantitative, single-cell
analyses when combined with the activity-probe ap-
proach, it has two significant shortcomings. It lacks
single-cell temporal resolution, and it loses cell lineage
relationship information.

Determination of how biochemical pathway activities
are integrated with cell lifetime and cell developmental
programs is the present frontier of cell biochemistry
research. In the last hundred years, cell function research
has largely been based on the average properties of
studied cell populations. Evaluating the distributions of
single-cell function will be significantly more informative
regarding the structure and kinetics of cellular biochem-
ical systems, which is particularly true in the case of
tissue cell systems that are composed of collections of
patterned, lineage-related cells with distinctive, but inter-
dependent, processes and functions. Although these chal-
lenges are formidable, questions in this area have begun
to yield to recent ingenuity in integrating existing tech-
nologies to produce novel ones specifically designed for
these analyses. For example, capillary electrophoresis has
been coupled to temporally defined ‘‘chemical cytometry’’
in a manner that provides quantitative data on the specific
protein content of single sister cell products of individual
cell divisions (9,10). As technologies of this power are
integrated with improvements in metabolite separation
resolution and analytical chemistry sensitivity, the envi-
sioned new era of biochemical pathway research will take
off, with major advances in biomedical engineering not far
behind.

6. AN EXAMPLE OF CELL ENGINEERING ENABLED BY
BIOCHEMICAL PATHWAY RESEARCH

It may be instructive to consider a case study of how
biochemical pathway research can beneficially inform
biomedical engineering in the particular case of cell en-
gineering. A recent example can be found in the field of
adult stem cell biological engineering (11). Biomedical
engineering falls under the heading of the newly emerging

field of biological engineering. Biological engineering is
here defined as the engineering discipline concerned with
application of engineering methods and principles to
biological discovery for the benefit of humanity. Beyond
engineering for problems in medicine, like the applied
field of biomedical engineering, biological engineering is a
novel engineering discipline that, in addition to invention
and manipulation, sets discovery across all scales of
biology as a problem to solve.

A major goal of adult stem cell biological engineering is
to gain sufficient knowledge of adult stem cell function, so
that these unique tissue cells can be engineered in a
manner that supports continued investigation of their
special properties while providing useful biotechnology
(e.g., drug screening) and biomedical applications (e.g.,
cell replacement therapy). Adult stem cells are found in all
major human tissues and organs. These cells are a small
fraction of total tissue cells that are responsible for the
renewal, regeneration, and repair of tissues. They exist in
a relatively undifferentiated state, but divide to yield
daughter cells with ‘‘asymmetric’’ differentiation and cell
kinetics properties. Specifically, one daughter retains the
properties of its stem cell predecessor. It remains rela-
tively undifferentiated and retains division capacity for
the life span of the body.

In contrast, the other daughter cell becomes a nonstem
cell. It serves as the precursor for a differentiating cell
lineage that terminates as a population of permanently
nondividing cells. This nondividing lineage may be com-
posed of the initial nonstem cell daughter that undergoes
differentiation and terminal arrest without further divi-
sion. However, in most tissues, the terminal cell lineage is
characterized by multiple transient cell divisions asso-
ciated with differentiation of cell phenotype. For some
tissues, a single type of mature, terminal, arrested cell
type is produced. Adult stem cells that produce this type of
single-phenotype differentiating lineage are called unipo-
tent (e.g., lens stem cells, sperm stem cells). In other
tissues, adult stem cells produce progeny lineages that
undergo branching differentiation programs to produce
several distinct functional cell types that construct the
tissue. These adult stem cells are described as multi-
potent.

The property of adult stem cells to divide continuously
while maintaining their cell kinetics capacity and potency,
and simultaneously producing differentiating progeny
cells, is called asymmetric self-renewal. Asymmetric cell
kinetics underlie this defining adult stem cell property.
Adult stem cell kinetics are defined as asymmetric, be-
cause, whereas adult stem cells have capacity to divide for
the life span of the body, their differentiating progeny
undergo a terminal cell cycle arrest. In vivo, the cell cycle
arrest is followed by expiration of mature cells and their
subsequent removal from tissues by apoptosis programs or
physical wear. By fueling the continuous production of
new differentiating cells that progress to arrest and
removal, adult stem cells effect tissue renewal. A similar
program is thought to be responsible for replacement and
repair of damaged tissue during wound healing. However,
in the injury setting, it is postulated that adult stem cells
must also undergo symmetric divisions to create addi-
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tional tissue units to replace lost tissue. Symmetric adult
stem cell divisions produce two adult stem cells that are
identical to each other and their predecessor. These ex-
panded adult stem cells, under controls present in the
wound environment, are thought to restart their asym-
metric self-renewal program for restoration of normal
tissue architecture and function. Adult stem cells must
also undergo regulated symmetric divisions during
growth of the body from neonatal through adult develop-
ment. Tight regulation of such divisions is recognized as
imperative to avoid development of benign masses or
malignant tumors (8).

As a result of their remarkable regenerative properties,
adult stem cells are an exciting prospect for cell engineer-
ing. These cells are ideal for in vitro tissue engineering
research, organ culture efforts, and drug metabolism and
toxicology research. They are ideal targets for gene ther-
apy, and they are the key to development of biomedical
applications toward effective cell replacement therapies.
Yet, progress in all of these areas has been incredibly slow
because adult stem cells are rare tissue cells, impossible to
prospectively identify, and difficult to isolate. In particu-
lar, expansion and propagation of any adult stem cell in
culture has been a well-known intractable problem in
stem cell biology (8). Prior to the research that will now
be described, it had been especially difficult to establish
clonally pure cultures of adult stem cells. The ability to
prepare such populations opens up the possibility to attain
the level of completeness needed in our understanding of
adult stem cell function to effectively engineer them for
biomedical applications.

The first successful engineering of adult stem cell
expansion was the result of integrating molecular biologi-
cal and biochemical pathway knowledge in the context of a
carefully designed model cell culture system that was
found fortuitously to exhibit asymmetric self-renewal
[reviewed in (8)]. Conceiving an approach to the expansion
problem required several steps of logic. First, it had been
shown that restoration of normal expression of the well-
studied p53 tumor suppressor protein in established cul-
tured cell lines induced asymmetric self-renewal. This
finding led to an examination of the cell division kinetics
of explanted tissue cells that had been cultured only for
short periods. If these cells were derived from mice that
produced normal p53, they exhibited asymmetric self-
renewal. However, if they were derived from transgenic
mice engineered to have a p53 gene knockout, they ex-
hibited symmetric self-renewal, which promoted exponen-
tial proliferation of cells from these mice.

Given a sufficient period of culture, all explanted adult
mammalian tissue cells are known invariably to undergo a
complete cell division arrest called senescence. Asym-
metric self-renewal by adult stem cells in culture was
postulated to be an important factor that led to senes-
cence. As the stem cell number does not increase during
asymmetric self-renewal, whereas the number of differ-
entiating progeny cells does increase, adult stem cells
were predicted to be ‘‘lost’’ with continued culture as a
simple consequence of dilution among accumulating dif-
ferentiating progeny cells.

Based on these concepts, the idea was advanced that
expanding functional adult stem cells in culture would
require converting them from asymmetric self-renewal to
symmetric self-renewal. For engineering the expansion of
adult stem cells based on this principle, it would be ideal to
effect a reversible change in self-renewal. A reversible
method would allow expanded adult stem cells to be
subsequently returned to asymmetric self-renewal for
study and evaluation for potential medical and biotech-
nology applications. A method for reversible ‘‘suppression
of asymmetric cell kinetics’’ (SACK) was available because
of prior research on biochemical pathways that control
p53-dependent asymmetric cell kinetics. The ability of p53
to induce asymmetric self-renewal had been shown to
depend on its ability to reduce the synthesis of IMPDH,
the rate-limiting enzyme for guanine ribonucleotide bio-
synthesis (see Fig. 2). Knowledge of the involvement of
this biochemical pathway led to the discovery that the
purine nucleoside xanthosine (Xs) could reversibly convert
p53-dependent cultured model cells from asymmetric self-
renewal to symmetric self-renewal. The basis for this
regulation is the ability of Xs supplementation to main-
tain guanine nucleotide pools even though IMPDH is
under regulation by p53.

SACK engineering is based on knowledge of asym-
metric self-renewal gained from studies with cultured

Impd gene

AAAAAA mRNA

IMP

XMP

GMP

rGNPS

(Xs)

p53

Symmetric cell kinetics Asymmetric cell kinetics

IMPDH

Figure 2. A molecular-biochemical pathway for engineering
adult stem cell expansion. The p53 gene product controls the
decision between asymmetric and symmetric cell kinetics by
molecular regulation of the synthesis of the IMPDH enzyme.
Expression of p53 is associated with a concomitant reduction in
expression of IMPDH messenger RNA and protein. IMPDH is
rate-determining for conversion of inosine monophosphate (IMP)
into guanine ribonucleotides (rGNPS). Higher levels of cellular
rGNPs promote symmetric cell kinetics, which promote adult
stem cell expansion; and reduced levels induce asymmetric cell
kinetics characterized by production of a nondividing cell or
progenitor for a terminal cell lineage (represented by square) at
each adult stem cell division. By promoting the IMPDH-indepen-
dent formation of xanthosine monophosphate (XMP), the SACK
agent xanthosine (Xs) expands rGNP pools sufficiently to convert
adult stem cells from asymmetric cell kinetics to symmetric cell
kinetics.
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mouse cell models that exhibit p53-dependent asymmetric
self-renewal. This manipulation was applied to develop
several independent murine cell strains by using parent
cells of diverse tissue origin (e.g., adult breast cells and
fetal fibroblast cells) and two different gene promoter
systems for controlling p53 gene expression. Each of these
different cell strains exhibits the same p53-dependent
asymmetric self-renewal because of the same biochemical
pathway. The findings with these cell strains led to the
general proposal that an integrated molecular-biochem-
ical system composed of p53, IMPDH, and guanine ribo-
nucleotide metabolites regulated the symmetry of adult
stem cell kinetics. This knowledge was tested for its
completeness for designing an approach to expansion of
adult stem cells.

As a first test of the SACK engineering, an attempt was
made to expand adult stem cells from adult rat liver (11).
Much interest exists in liver stem cells that can produce
mature hepatocytes for applications in cell therapy devel-
opment, drug metabolism analyses, and preclinical toxi-
city testing. In addition to hepatocytes, the liver contains
several other resident cell types that are also of interest
(e.g., stellate cells, Kupffer cells, sinusoidal endothelial
cells, and cholangiocytes). If other hepatic cell types are
renewed by asymmetrically cycling liver stem cells, the
SACK method should lead to their expansion as well.

In these studies, single isolated liver cells were cul-
tured in the presence of Xs and expanded to become stable
clonal cell strains. Cell strains established in the presence
of Xs show evidence of asymmetric self-renewal when Xs
was withdrawn. The two best-characterized cell strains,
which had the highest degree of asymmetric self-renewal,
had in vitro properties indicative of the two liver epithelial
cell types, hepatocytes and cholangiocytes, respectively.
Previously, there had been only limited success in cultur-
ing primary cholangiocytes, and stable cholangiocyte stem
cell lines had not been reported. The SACK-engineered
cell strains exhibit Xs-dependent asymmetric self-renewal
and Xs-controlled expression of respective mature hepatic
differentiation markers.

The success with the SACK engineering approach
demonstrated its potential to become a general method
for the expansion of diverse types of adult stem cells. The
cellular biochemistry of nucleotide metabolism is one of
the most conserved cellular processes across diverse spe-
cies. It is noteworthy that biochemical pathway knowledge
established in murine cells led to success in rat tissues.
This initial success in translation across species is a
harbinger for success in future attempts to engineer the
expansion of human adult stem cells based on the same
biochemical pathway principles.

7. THE FUTURE OF BIOCHEMICAL PATHWAY RESEARCH
IN BIOMEDICAL ENGINEERING

The success in engineering the expansion of adult rat liver
stem cells serves to highlight the advantage gained from
developing a biomedical engineering strategy that inte-
grates advances in molecular biology and biotechnology
with those from biochemical pathway research. This in-

tellectual advance has not occurred in several other active
areas of biomedical engineering research, including cell
engineering targeted to gene regulation, cell cycle regula-
tion, and signal transduction. These processes are central
to normal tissue function, and defects in them are im-
portant elements in the etiology of many illnesses. A major
shortcoming in current biomedical engineering research is
that elucidation of cellular regulation mechanisms is
characteristically viewed as a problem in macromolecular
interactions. Little attention is paid to the small cellular
molecules that fuel and modify the macromolecular com-
ponents of these systems.

The major impetus for recent interests in engineering
cell regulation processes is the perception that genomics
has given a complete ‘‘parts list’’ of all the important
components in cell regulation networks. Of course, even
the least informed students of biology now appreciate that
a significant proportion of cell regulation information is
coded in postgenomic sites such as RNAs and proteins.
Accordingly, to fill in these missing parts, new technolo-
gies for comprehensive cataloguing of RNA expression are
maturing; analogous technologies for protein and protein
modification systematics are in development (i.e., proteo-
mics); and other methods for identifying and quantifying
all members of a class of information bearing macromole-
cules are said to be on the horizon (e.g., glycomics).
However, little attention has been given to comprehensive
quantitative assessment of small cellular molecules that
act as cofactors for enzymes, metabolites in biochemical
pathways, allosteric regulators, substrates for macromo-
lecular synthesis, storehouses of chemical energy, and
substrates for macromolecular modification reactions. Un-
fortunately, often in science and engineering, expediency
is the mother of failed inventions.

Currently, most efforts to engineer cell regulation based
on genomic and gene expression profiling data is in the
mathematical modeling stage. In general, modeling fea-
tures common to nonbiological disciplines have been ap-
plied to modeling gene transcription networks, protein
interaction networks, and growth factor signaling net-
works. Measurements of enzymatic activities and biomo-
lecular interactions are included in these models, but
concentrations and conversion rates of involved small
molecules are not. For example, modeling of signaling
networks based on hydrolysis of guanosine-50-tripho-
sphate (GTP) or adenosine-50-triphosphate (ATP), with
either phosphate release or phosphate transfer, does not
include the concentrations and dynamics of GTP and ATP
pools. An untested assumption is made that these pools
are saturating and stable, which is certainly unlikely for
GTP, a small nucleotide pool whose levels change signifi-
cantly with changes in cellular state (12).

Mathematical models based on data that omits incor-
poration of information on critical small cellular molecules
are unlikely to be faithful predictors of cellular behavior
for which small biomolecules are most certainly important
determinants. Thus far, these types of mathematical
models have not been put to this practical test. Therefore,
it is a powerful statement that one mathematical model
that has been put through such testing, and does well, is
based on both pathway enzymes and metabolites. Curto et
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al. (13) developed a comprehensive mathematical model
for purine nucleotide metabolism that incorporates the
dynamics of pathway metabolites as well as the interre-
gulation and intrinsic kinetics properties of involved en-
zymes. This model showed excellent performance in
predicting known clinical outcomes for specific physiolo-
gical perturbations. Thus, it may have application in
diagnosis disturbances in purine metabolism from several
measurements of metabolites in patients; and it may be
effective in predicting clinical responses to agents that
have a known effect on particular components of the
purine nucleotide biosynthesis system. This model is one
of the best examples of biomedical engineering enabled by
biochemical pathway research. If others emulated the
principles provided by this excellent example, then pro-
gress in cell and tissue engineering would be rapidly
accelerated.

The biochemical knowledge and principles of biochem-
istry are fundamental to our understanding of life pro-
cesses across diverse species. In the fast-paced modern
world of genomic science, much is made of the recognition
that many examples of gene and protein sequences exist
that are conserved even among organisms that are quite
different in form. Yet, myriad biochemical processes are
invariant throughout nature, indicating that the common
denominator of all life forms is chemistry not gene se-
quence. Thus, the future of biochemical pathway research
seems as vibrant as ever.

At the moment, many emerging new fields based on the
high-throughput cataloguing principles of genomics (e.g.,
proteomics and glycomics) go forth without consideration
of cellular chemistry. However, eventually, all of these
constructions will be found to be lacking for successful
engineering, because they omit key determinants required
for effective design and manipulation of complex cellular
systems. In the end, the vast majority of the information
encoded in the genome is chemical. The macromolecules
that currently engender the most excitement in cell en-
gineering efforts are only ends to the means for chemical
reactions that build, energize, and renew life forms. Life
is, in its essence, a collection of self-sustaining chemical
reactions.

One of the currently more esoteric forms of cell en-
gineering, the design and synthesis of minimal genomes
provides one final illustration of the impact that biochem-
ical pathway research can have in biomedical engineering.
In these efforts, gene assembly, gene ablation, and in silico
gene analysis approaches are applied to design and pro-
duce minimal genomes based on the calculated minimal
requirements for a living cell (14,15). In some design, no a
priori consideration is given to what biochemical pro-
cesses might be required for life. For instance, a genome
chosen for minimization may be dissected by random
insertion mutagenesis. The pattern of insertions that
result in a viable organism is used to decipher the minimal
set of essential gene elements (14). Whereas the final
outcome of such an undertaking holds intrigue for biolo-
gists, its utility for biomedical engineering is dubious. In
other studies (15), significant effort is placed in developing
experimentally testable computer models that incorporate
detailed biochemical data along with molecular data.

These studies demonstrate that comprehensive incorpora-
tion of molecular and biochemical information yields in-
creased power in developing robust models that can be
used to predict cellular properties in related organisms for
which experimental data is not available. The models
developed provide an effective means to explore cellular
dimensions that are otherwise inaccessible with current
technology. So far, this comprehensive approach that
embraces data from biochemical research has been limited
to microbial organisms. However, its future acceptance as
the preferred approach to engineering of human cells and
tissues will yield tremendous benefits in medicine as well
as significant growth in our grasp of the fundamental
nature of life.
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1. INTRODUCTION

Biochemical processes are responsible for the proper
metabolic functioning of cells and organisms. They include
transport steps, chemical conversions, and mechanisms of
signal transduction. Individual biochemical process steps
are typically arranged in biochemical pathways, which
convert an initial substrate into a desired metabolite, such
as an amino acid, carbohydrate, or lipid. Although text-
books may give the impression that pathways neatly
organize the biochemical machinery within a cell, the
truth is that pathways are massively interconnected,
and their widespread use lies in the fact that they are
simply convenient representations. Thus, although glyco-
lysis is depicted as a more or less linear chain of events, in
reality, many branches that siphon material off the path-
way or supply the pathway with material from other
pathways exist.

The analysis of biochemical processes and pathway
systems employs approaches from three complementary
fields: thermodynamics, kinetics, and stoichiometry.
Although the prime focus here is on kinetics, it is useful
to sketch out how these three contributors elucidate
different aspects of the biochemical conversions that gov-
ern the functioning of every cell. Briefly, thermodynamics
addresses questions of energy associated with the sub-
strates and products of a biochemical reaction. These
energetic considerations constrain the range of reactions
that are possible and permit computations of efficiency of a
biochemical system. Kinetics is primarily interested in
temporal issues, asking how fast a reaction might proceed
and which factors may affect the turnover rate. Stoichio-
metry accounts for the mass distribution within a bio-
chemical network and ensures that all material entering a
metabolite pool is appropriately balanced by material
leaving this pool.

2. THERMODYNAMIC CONSTRAINTS

As biological systems are part of the physical world, they
must obey the laws of physics and, of particular interest
here, the laws of thermodynamics (for a good introduction,
see Ref. 1). These laws constrain the range of possible
chemical reactions to those that lead to a lower level of
energy. Thus, for a chemical reaction A-B to take place, B
has to have a lower energetic state than A. Classical
thermodynamics characterizes such states, usually in
closed systems that neither receive nor release energy or
matter. For biological systems, the mandatory transition
to lower-energy states appears to be quite counterintui-
tive. For example, plants use low-energy compounds like
CO2 and water to generate high-energy compounds like

sugars, proteins, and fats. Even so, organisms are bound
to operate within the constraints of thermodynamics,
which they accomplish, generally, by taking up energy
from the outside, either as sunlight or as chemical energy
in the form of food, and by coupling thermodynamically
infeasible, energy-consuming processes with thermodyna-
mically favorable, energy-releasing mechanisms.
Although the total energy of the closed system, which in
this context must include all organisms as well as earth,
sun, and the rest of the universe, decreases, the energy
within an individual organism can easily rise to a higher
level, for instance, as the consequence of taking in food.
Expressed differently, biological systems are open systems
that dissipate energy. They can grow, thereby using a lot of
energy, or they can maintain their size in a more or less
stationary state, which still requires some energy,
although less, from outside the system. In contrast to
the equalized energy state that any closed system ulti-
mately approaches, each biological system operates in a
nonequilibrium stationary state, where influxes and ef-
fluxes exchange matter and energy with the environment
and are more or less in balance over time. Thus, as an
extension of the classical thermodynamics of closed sys-
tems, nonequilibrium thermodynamics deals with ques-
tions of energy that are linked to transport and
metabolism in open, dissipative systems, which require a
net influx of energy. Nonequilibrium thermodynamics
allows the estimation of energy requirements for specific
biochemical systems, the extent and stoichiometry of
reactions or pathways, and the degree of coupling among
them. It also characterizes the efficiency of coupled reac-
tions, which may be computed as the ratio of free energy
consumed in one direction over the energy liberated in the
opposite direction. As a specific example, it permits the
estimation of the number of moles of oxygen needed for the
phosphorylation of one mole of ADP to ATP.

3. THE BASICS OF KINETICS

The defining feature of the thermodynamic approach is its
focus on energy. Thermodynamic computations character-
ize the energetic possibility or likelihood of a reaction, but
they typically give no indication of whether this reaction
will occur on a time scale of seconds or years. For cells and
organisms, these considerations of timing are of great
importance. They are at the heart of kinetics, which
addresses the temporal aspects of a reaction while im-
plicitly assuming that the reaction is thermodynamically
possible. Typical questions of kinetics are: How fast does
the reaction proceed? What is the half-life of a metabolite?
What affects the speed or rate of the reaction? Kinetics
approaches these questions by formulating rate laws that
describe how the velocity of a reaction is affected by
substrates and modulators.

In the simplest case, the velocity n of the reaction is
directly proportional to the concentration X of the sub-
strate of this reaction. This situation translates immedi-
ately into the mathematical formulation

nðXÞ¼ � kX: ð1Þ
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The negative sign indicates that substrate X is lost in this
reaction, and the positive rate constant k quantifies the
turnover per time unit. It is important to note that the
rate n(X) represents the change in substrate concentration
over time, even though time is not explicit in Equation 1.
The connection to the temporal domain becomes clear
when the rate of the reaction, is formulated that is the
‘‘change over time,’’ as the derivative of the function
describing the substrate concentration, X, with respect
to time, namely

n¼
dXðtÞ

dt
¼

.
X¼ � kXðtÞ; Xð0Þ ¼X0: ð2Þ

Thus, without much effort, the formulation of a simple
reaction as a differential equation is arrived at. The right-
hand side is typically expressed as � kX, as in Equation 1,
which does not show t explicitly, but time is present
implicitly in X. The expression X(0)¼X0 is called the
initial condition of the differential equations. The differ-
ential equation itself describes how the substrate concen-
tration changes, whereas the initial condition specifies the
substrate concentration at a chosen time t¼ 0.

The representation of substrate loss is easily augmen-
ted with a process description for the generation of
product Y. As no material is lost in this ideal situation,
the production of Y equals the degradation of X, but with
opposite sign, because one increases and the other de-
creases. Thus, the process can be written as a small
system of two differential equations, namely:

.
X¼ � kX Xð0Þ¼X0;

.
Y¼ þkX Yð0Þ¼ 0:

ð3Þ

The initial condition for Y is set to zero, indicating that no
product is present at the beginning of the experiment at t
¼ 0.

In the particular case of Equation 3, one can ‘‘solve’’ the
differential equation. That is, one can deduce from the
differential equation what specific function of time the
substrate concentration X is. The solution is

X ¼X0 � expð�k � tÞ; ð4aÞ

Y ¼X0 � ð1� expð�k � tÞÞ; ð4bÞ

where X0 is again the initial substrate concentration at t
¼ 0 and the exponential function describes how the sub-
strate disappears during the reaction. Equation 4a really
corresponds to Equation 2 as can be seen if Equation 4a is
differentiated with respect to time. The left-hand side
becomes dX/dt, whereas the right-hand side becomes
� k �X0 � exp(� k � t), which is the same as � kX according
to Equation 4a. All the material disappearing from the
substrate pool X is ‘‘collected’’ in Equation 4b, so that the
total mass in the reaction is constant. Initially, at t¼ 0, Y
¼ 0. Over time, Y increases, first very fast, then slower,
until it approaches the final state Y¼X0 where all sub-
strate has been converted into product.

If a reaction is more complicated, for instance, because
it involves the effects of inhibitors and other modulators,
one cannot write down an explicit function describing the
dynamics of X as a function of time. However, it is usually
possible to formulate the process as a differential equation
as in Equation 2, where one describes which components
of the biochemical system affect the rate of change in a
metabolite of interest. Furthermore, many numerical
algorithms exist that compute very precise approxima-
tions of the solution, which cannot be obtained otherwise.
For these reasons, the formulation of biochemical reac-
tions as differential equations is the preferred representa-
tion, and it is crucial for the analysis of biochemical
pathways and networks.

As a simple example, consider the formation of product
X3 from two substrate molecules of type X1 and one
molecule of type X2. According to the law of mass action,
the differential equation for X3 is set up as

.
X3 ¼ k3X

2
1X2 ð5aÞ

with an appropriate turnover rate k3. Note that X1 ap-
pears with a power of 2, which reflects that two molecules
of type X1 are used in the reaction. Thus, although the
reaction is often written as the ‘‘sum’’ 2 X1þX2-X3, the
substrates enter the rate law as products.

As the speed of formation of X3 is the same as the speed
of disappearance of X2, one obtains

.
X2¼ �

.
X3¼ � k3X

2
1X2: ð5bÞ

Substrate X1 disappears twice as fast, because each reac-
tion yielding one molecule of X3 consumes two molecules of
X1. The equation for X1 is therefore

.
X1¼ � 2k3X

2
1X2: ð5cÞ

In this fashion, differential equations can be constructed
for metabolic networks of considerable complexity, as will
be discussed later.

Although kinetics has a different focus than thermo-
dynamics, it is worth noting that the two are not indepen-
dent. A bridge is statistical mechanics, which goes back
more than a century to Ludwig Boltzmann (1844–1906)
and Svante Arrhenius (1859–1927) and describes the
probability that one of very many substrate molecules
enters a new (product) state within a given period of time.
This stochastic process for each molecule can be combined
and averaged for thousands of molecules and leads to the
so-called master equation, which characterizes the aver-
age number �x of remaining substrate molecules at any
given time. The result is

�x¼ x0 � expð�k � tÞ; ð6Þ

which is exactly of the form in Equation 4a.
One can also derive the rate law in Equations 2–4 and 6

from the transition state theory, which supposes that both
substrate and product have energy states that are locally
minimal, so that not only the product but also the sub-
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strate has a certain degree of stability (2). To be converted
into product, the substrate has to overcome an intermedi-
ate state of even higher energy so that activation energy
must be infused to allow the reaction to proceed. The
situation is shown in Fig. 1. It is now assumed that the
energy states of all molecules in the system fluctuate
somewhat in a random fashion so that some substrate
molecules are activated enough to jump over the threshold
and become product. To a lesser degree, which clearly
depends on the energy differential between substrate and
product and on the activation energy, some product mole-
cules may have enough energy to revert to substrate.
Based on thermodynamic principles, it is possible to
compute the average number of molecules jumping in
either direction, and these probabilistic considerations
again lead to the rate law discussed before.

3.1. Enzymes

Up to this point, only reactions that occur spontaneously
have been considered. Fortunately, these are in the min-
ority in living cells, because otherwise all reactions that
could happen would happen on a continual basis, maybe
slowly, but surely and without a means of controlling
them, which, in reality, does not happen. Instead, many
reactions can only exceed the energy level EA necessary to
overcome the intermediate state (Fig. 1) if they are aided
by enzymes, which are proteins that catalyze the process
by temporarily forming a physical complex with the sub-
strate that energetically exceeds the required activation
energy. Once the reaction has occurred, the enzyme is
released in its original form. Enzymes thus make reac-
tions possible that would otherwise not occur and are
therefore crucially important controllers for any living
organism. As a result of its 3D structure, each enzyme is
more or less specific for one or a few substrates that fit into
the enzyme’s binding site, which renders targeted control
of metabolism possible. This control is exerted through the
modulation of enzyme activity by inhibitors, cofactors, or

even the products for whose generation the enzyme is
ultimately responsible. A typical example of the latter is
endproduct inhibition of the enzyme catalyzing the first
step of a linear pathway (Fig. 2). This type of feedback
offers a very efficient, ubiquitous mechanism of preventing
the generation of unneeded product. Enzymes and their
modulators provide the cell with a multitude of effective,
fine-tuned means of control. A prominent mechanism of
endproduct inhibition is allosteric modulation, where the
endproduct, or some other modifier, binds to the enzyme
outside its active site. The binding causes a conforma-
tional change in the active site of the enzyme, thereby
reducing its activity.

About a century ago, Henri, Michaelis, and Menten
proposed a detailed mechanism for the action of an en-
zyme-catalyzed process. As illustrated in Fig. 3, they
postulated that the substrate, S, forms an intermediate
complex (ES) with the enzyme, E. This complex subse-
quently breaks apart irreversibly to yield product, P, while
simultaneously releasing the unchanged enzyme mole-
cule. The proposed mechanism also allows for the possibi-
lity that the complex (ES) could revert back to substrate
and enzyme.

Employing rate equations of the type of Equations 2, 3,
and 5, one can directly write down differential equations
for the process by studying what produces and what
degrades a given pool. For instance, S disappears with a
rate of k1, but some S may be recouped from the complex
(ES) with rate k� 1. Thus, the overall dynamic of S is

.
S¼ � k1S � E� k�1 � ðESÞ: ð7aÞ

The equations of (ES) and P are constructed in the same
fashion, yielding

ð
.
ESÞ¼ k1S � E� ðk�1þ k2Þ � ðESÞ ð7bÞ

.
P¼ k2ðESÞ: ð7cÞ

Once the reaction has started, it is customary to assume
that the intermediate complex (ES) remains constant in
concentration. This so-called quasi-steady-state assump-
tion has been discussed frequently in the literature. If it is
valid, the system of differential equations 3 can be simpli-
fied, and it becomes possible to express the rate of product
formation,

.
P, as a function of the substrate concentration.

Energy

Substrate Intermediate Product
State

ES

EA

ED

EP

Figure 1. The substrate of the reaction S-P has a higher
energetic state (ES) than the product (EP). However, for the
reaction to occur, activation energy EA is needed to overcome
the intermediate transition state. If the energy differential ED

between substrate and product is small, the reaction also occurs,
to some degree, in the reverse direction.

X1 X2 X3 Xn
−

Figure 2. Generic linear pathway with feedback inhibition by
the endproduct of the pathway.

S + E (ES) P + E
k2k1

k−1

Figure 3. Diagram of an enzyme-catalyzed reaction mechanism
according to Henri, Michaelis, and Menten.
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Thus, this ‘‘solution’’ is not a pair of functions S(t), P(t) in
the traditional sense of solving a differential equation, but
a relationship between a rate vP¼

.
P and the substrate

concentration. This relationship is known as the (Henri–)
Michaelis–Menten rate law (HMMRL)

np¼
VmaxS

KM þS
: ð8Þ

It has a hyperbolic shape (Fig. 4) that indicates that the
reaction speed increases with the substrate concentration,
but that it eventually reaches saturation. That is, if much
substrate is available, the addition of more substrate
makes little difference.

The rate law has two parameters, namely the max-
imum velocity Vmax and the Michaelis constant KM. The
maximum velocity designates the fastest possible turn-
over rate of the reaction, which occurs if a large amount of
substrate exists. The Michaelis constant designates the
substrate concentration where the speed of the reaction is
half the maximum velocity (see Fig. 4). The KM is con-
sidered a more or less constant property of the enzyme
under a variety of conditions, whereas Vmax can vary
considerably from one situation to another. The KMs of
hundreds of enzymes have been measured and are cata-
logued in databases such as BRENDA (http://www.bren-
da.uni-koeln.de).

The HMMRL has been discussed many times in the
literature, and although considerable doubt exists
whether its underlying assumptions are satisfied within
a living cell, this rate law is one of the most recognized
functions in biochemistry, primarily because it is simple
and accurately captures many kinetic data that were
obtained in purified assays. One unexpected advantage
of this form is that the rate law becomes linear if it is
plotted as 1/n against 1/S. The linearity of this so-called
Lineweaver–Burk plot allows the estimation of Vmax and
KM from measured data via simple linear regression.

The HMMRL has been extended to more complicated
mechanisms involving more than one substrate or a
substrate and an inhibitor. For example, using the same
principles as we used for the development of the HHMRL,

one can formulate a rate law that accounts for an inhibitor
I that competes with the substrate for binding to the
enzyme. Setting up the differential equations, employing
the quasi-steady-state assumption and expressing the
speed of product formation as a function of substrate
and inhibitor concentrations yields the rate law

nPðS; IÞ¼
VmaxS

KM 1þ I
KI

� �

þS
: ð9Þ

If the inhibitor concentration is 0, the term I/KI vanishes,
and the rate law reduces to HMMRL. With increasing
inhibitor concentration, the rate of product formation
decreases.

In contrast to competitive inhibition, which results in
‘‘slowed-down’’ Michaelis–Menten-type kinetics, allosteri-
cally inhibited enzymes can lead to sigmoidal rate func-
tions. The allosteric inhibition mechanism is important,
for instance, for the previously mentioned feedback by
endproduct in a long chain of reactions. As every reaction
step changes the initial substrate somewhat, the end-
product may no longer have much similarity to the sub-
strate with respect to the binding site for which the
enzyme is specific. Thus, competitive inhibition is no
longer effective. Instead, the endproduct binds to a differ-
ent binding site on the enzyme, which thereby changes its
affinity in the primary site. The most famous description
of allosteric regulation is the Hill function, which has the
form

nP¼
VmaxS

n

Kn
M þSn

: ð10Þ

The Hill coefficient n determines the steepness of the rate
law and has been associated with the number of subunits
in an allosteric enzyme. Typical values of n are 2 and 4.
For n¼ 1, the Hill rate law is equivalent with HMMRL.
For higher n, the enzyme is said to display cooperativity,
caused by interactions between subunits. Specifically,
cooperativity occurs when the binding of a ligand to one
of several identical binding sites on an enzyme increases
(positive cooperativity) or decreases (negative cooperativ-
ity) the affinity for ligands at the unbound sites. Probably
the best-studied example is hemoglobin, which consists of
two alpha- and two beta-chain subunits and exhibits
cooperativity that leads to sigmoid oxygen-binding curves.

The extension of HMMRL to rate functions that involve
several substrates and modulators is possible with the
same principles, but rapidly leads to unwieldy expres-
sions, because the number of possible interactions be-
tween substrates, enzymes, and modulators grows
combinatorially. Thus, depending on the mechanism, a
rate law for a reaction with two substrates and two
products may involve a dozen or more parameters in
various combinations. The interested reader is referred
to Schultz (4), who went through the trouble of dissecting
some of these reactions. The increase in complexity of rate
laws is a problematic trend, because many of the govern-
ing parameters are very difficult to measure, if at all

8

4

0
0 5 10

S

1/2 Vmax

Vmax

KM

VP

Figure 4. Henri–Michaelis–Menten rate law with Vmax¼7.5 and
KM¼2. If the substrate concentration is further increased, the
reaction rate approaches Vmax.
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possible. Furthermore, the problems grow very rapidly if
not a single reaction is of interest, but an entire network.

4. SYSTEMS OF REACTIONS

If individual rate functions become intractable, it is clear
that the mathematical treatment of entire systems of
biochemical reactions is no longer feasible in the detailed
manner provided by the law of mass action and the
Michaelis–Menten mechanism. Of course, modern compu-
ters can easily handle hundreds of equations, but the
problems are not merely numerical in nature; rather, the
complexity of such simulation studies can cloud real in-
sights when dozens of variables and parameters exist. For
instance, it becomes difficult to distinguish what is im-
portant and what is not, which factors contributing to the
system response are most influential, or which para-
meters may vary several-fold without causing significant
changes in output. These difficulties necessitate alterna-
tive representations that combine biological validity with
a simpler mathematical implementation that permits
analyses of larger systems and efficient interpretations
of the computational results. Two complementary ap-
proaches have been developed and dominate the field.
The first is a reduction of complexity to the stoichiometry
of biochemical networks. This strategy leads to linear
representations, which are easily scaled up and analyz-
able for very large systems. The second strategy is the
replacement of the rational functions in the tradition of
the HMMRL with simpler expressions, such as products of
power-law functions. This strategy requires more complex
mathematics than the stoichiometric approach but allows
the analysis of fully regulated systems; it comes in several
variations.

4.1. Stoichiometric Systems

The stoichiometric approach to analyzing and manipulat-
ing biochemical systems focuses on the conservation of
mass and explicitly establishes constraints that reactions
and pathways have to satisfy (e.g., Ref. 5). In addition to
the constraints dictated by thermodynamics, this ap-
proach enforces conservation laws among all molecular
species involved in the system. Thus, the incoming and
outgoing carbon and nitrogen atoms have to balance for
every chain of reactions, and all reactions have to balance
at each metabolite pool. The approach has two important
mathematical consequences. First, stoichiometric con-
straints reduce the degrees of freedom in the system,
which is a welcome benefit for larger systems. Maybe
more importantly, stoichiometric models are linear and

therefore permit an incomparably richer repertoire of
analytical methods than any nonlinear approaches.

The stoichiometry of a biochemical system is like the
‘‘wiring diagram’’ of some electronic gadget. It describes
which metabolite is converted into which other metabo-
lite(s), which graphically may be represented as a directed
graph, which in turn corresponds mathematically to a set
of balance equations that are typically written as linear
ordinary differential equations. At the core is the stoichio-
metric matrix S, which consists of one row for each
metabolite and one column for each reaction. If a reaction
generates a metabolite, the corresponding element is þ 1,
and if a reaction uses a metabolite as substrate, the matrix
element is � 1. If a metabolite and a reaction are unre-
lated, the corresponding matrix element is zero. If two
substrate molecules are used to form one product mole-
cule, the loss in substrate is coded as � 2. Generally, the
element Sij represents the stoichiometric coefficient of the
ith chemical species in the jth reaction. The dynamics of
the system variables, which are collected in vector X, is
represented by the stoichiometric matrix, multiplied to
the vector v of reaction rates. In typical notation, a
stoichiometric model thus has the form

dX

dt
¼S � v: ð11Þ

As an example, consider the dynamics of a small generic
system consisting of four metabolites and seven reactions.
The pathway and the stoichiometric matrix are shown in
Fig. 5. Note that regulatory signals are ignored in this
approach.

As a result of their linearity, stoichiometric models
permit a variety of straightforward analyses, which
show whether a given substrate can possibly be converted
into some product of interest, how the flux distribution
changes on a mutation that disables some enzymatic step,
or how to optimize the flux distribution with respect to a
desired output flux or metabolite. These types of analyses
are collectively referred to as metabolic flux analysis (6).
Combined with the consideration of thermodynamic and
other physicochemical constraints, stoichiometric model-
ing is the foundation of flux balance analysis (7).

4.2. Regulated Systems

The greatest advantage of stoichiometric approaches,
namely linearity, is at once their most significant limita-
tion. It is known that linearity precludes system responses
such as saturation, stable oscillations, and chaos, which
are relevant in metabolic networks. More problematic is
that regulation cannot be built into these types of stoichio-
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Figure 5. Small generic network consisting of four
metabolites and seven reactions. Incoming and out-
going fluxes are represented respectively as þ1 or �1
entries in the stoichiometric matrix S. Signals, such as
the feedback inhibition by C or the feedforward activa-
tion by A, are not modeled in this stoichiometric
representation.
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metric models without destroying their linear nature. It is
therefore important to look for approaches that combine
some of the advantages of linear analysis with the cap-
ability of representing regulatory features.

The transition from stoichiometric to regulated sys-
tems is formally not difficult, but has far-reaching con-
sequences. As before, one can set up a model as dX/dt¼
S �v. However, the novelty is that the fluxes in v are now
considered functions of metabolites, enzymes, and modu-
lators. In most cases, these functions are nonlinear, which
permits the modeling of dynamic phenomena that cannot
be captured with linear systems. As an example, consider
the simple pathway in Fig. 6, which consists of a linear
chain of reactions, one feedback inhibition, and one feed-
back activation; describing equations are shown in the
right panel of the figure. Without regulation (i.e., without
inhibition and activation; a¼ b¼ 0), material flows
through the system in quite a predictable fashion. For
instance, doubling input (X3¼ 2) at time t¼ 5 in a persis-
tent manner leads to a simple monotonic transient re-
sponse toward a new steady-state (Fig. 7a). The system
response becomes more difficult to predict, if regulation is
included (e.g., a¼ � 2, b¼ 0.5). Now, if the input (X3¼ 2) is
persistently doubled at t¼ 5, the response consists of a
damped oscillation toward the stable steady-state, where
X1 is actually lower than before, even though more
material enters the system (Fig. 7b). Intriguingly, if the
input is reduced to X3¼ 0.75, the system enters a stable
(limit cycle) oscillation (Fig. 7c), which would have been
very difficult to anticipate without a quantitative analysis.
In other words, it is not easily possible to infer ‘‘global’’
behavior of a complex system from knowledge of its ‘‘local’’
properties, which is a very important observation that
holds for many nonlinear systems.

The permission to use nonlinear functions vastly ex-
pands the repertoire of possible behaviors, but it also
makes the mathematical analysis more complicated. In
particular, an explicit closed-form solution for the system
of dynamic equations, no longer exists like the exponential
function in the simplest univariate linear case. Not even
an explicit solution exists for the system of algebraic

steady-state equations, dX/dt¼S �v¼ 0, except under for-
tuitous conditions. The task then becomes to develop a
mathematical representation for rate laws that retain
some of the advantages of stoichiometric systems, but
are capable of capturing the pertinent aspects of regula-
tion. This choice should balance validity of representation,
biological support, theoretical support, as well as mathe-
matical and computational tractability.

Several observations and theoretical considerations
have led to the insight that power-law functions of the
form n¼k �Xg might offer a very effective compromise.
Mathematically, they are backed by the famous theorem of
Brook Taylor (1685–1731), which is applied in a logarith-
mic coordinate system (2). This theorem guarantees that
the power-law function is the correct representation at
some point of choice, which is called the operating point,
and that it is a very good representation within a reason-
able interval around this point. How far one might justi-
fiably stray is a matter of the desired accuracy and
depends highly on the phenomenon in question. Another
mathematical advantage of the power-law representation
is that it is easily extended to any number of variables,
with an increase in complexity that is much more favor-
able than for rate laws such as HMMRL. Specifically, the
univariate power-law function n¼ k �Xg simply becomes

n¼k � Xg1
1 � X

g2
2 . . .Xgn

n : ð12Þ

Thus, in the power-law approach to kinetics, each flux in
the stoichiometric formulation is written as
n¼ k � Xg1

1 � X
g2
2 . . .Xgn

n , where k is a positive rate constant
and the exponents gi are kinetic orders that quantify the
effect of each variable Xj on flux v. In the special case of
mass action, the flux in the reaction 2AþB-C is given as
n¼ k �A2

�B, where A appears in the second power because
two molecules of A are required for the reaction to proceed,
and B appears in the first power because one molecule is
needed. In the general power-law representation, the
kinetic orders may or may not be nonnegative integers.
They may assume any real value, with the magnitude
characterizing the strength of the effect and the sign

X3 X1 X2

−

+

X1 = X2 X3 − X1   X2 X1 (0) = 1

X2 (0) = 1

X3 = 1

a b0.5

X2 = X1   X2 − X2
b0.5 0.5

·

·

Figure 6. Linear pathway with two regulatory
signals and constant input, X3. The describing
equations allow for elimination of the feedback
inhibition signal (a¼0) or the feedback activation
signal (b¼0). Responses of the system are shown
in Fig. 7.
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indicating whether the effect is inhibiting (negative sign)
or activating (positive sign). For instance, gi¼ � 0.1 sig-
nifies a weak inhibitory effect. The value of a kinetic order
may be visualized in a different fashion. Suppose one
executes an experiment where metabolite X is varied
and all other metabolites and effectors are kept constant.
If one measures a flux n somewhere in the system and
plots log(n) versus log(X), then the kinetic order g asso-
ciated with X in flux n is the slope of the plot at a
metabolite concentration of choice (Fig. 8). As an alter-
native, one may use the slope of the regression line
through all data points in the same log-log representation.
Or, as a variation on the latter, one may limit this
regression to the most relevant subset of data points.

The use of power-law functions is the hallmark of
biochemical systems theory (BST), which was designed
as a framework for analyzing fully regulated biochemical
and genetic networks (2,3,8). Combining different con-
cepts from before, a biochemical system may therefore
be written as dX/dt¼S �v, where all fluxes have the
format v¼ k � Xg1

1 � X
g2
2 . . .Xgn

n . In streamlined notation,
the generalized mass action (GMA) representation within
BST is

.
Xi¼

X

p

k¼ 1

�vikðX1;X2; . . . ;XnÞ

¼
X

p

k¼ 1

�gi;k
Y

n

j¼1

X
fi;k;j
j ;

ð13Þ

where the parameters gi,k are positive rate constants and
the exponents fikj are real-valued kinetic orders. It has
been shown with mathematical rigor that this form is
structurally very rich and can capture any smooth non-
linearity (9).

As an alternative to this representation, one may split
the stoichiometric matrix naturally into a difference of two
terms, one associated with all production processes of a
metabolic species and one associated with its consump-
tion, S¼Sþ �S� . For any metabolic species that is

produced through only one reaction and consumed
through only one reaction, the GMA form has only one
positive and one negative term, and thus the differential
equation immediately reduces to the difference of two
products of power functions. By contrast, if a metabolite
Xi is produced or consumed through several independent
reactions, one can collect all incoming fluxes into one
aggregate influx V þi and all outgoing fluxes into one
aggregate efflux V�i and approximate these aggregates
with a single product of power functions each. As a
consequence, the rate of change of this metabolite can be
written as a single difference between two power-laws, one
representing the aggregated production, or total influx,
and one representing the aggregated consumption, or
total efflux, of the metabolite. All metabolites affecting
either one of the influxes or one of the effluxes are still
present in this formulation, but instead of several product
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Figure 7. Responses of the pathway in Fig. 6. Left Panel: The system is not regulated (a¼b¼0);
input, X3, is doubled at time t¼5. Center Panel: The system is regulated and input is changed as in
left panel. Right Panel: Same system as in center panel, but input is decreased to 0.75.
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Figure 8. Visualization of the value of the kinetic order g in the
rate function n¼k � Xg1

1 � X
g2
2 . . .Sg . . .Xgn

n . In the underlying bio-
chemical experiment, all variables Xj are held constant. Metabo-
lite S is varied and some flux rate n in the system is measured
(dots). The kinetic order g may be computed as the slope of the
smoothed data plot at a chosen operating point S0. Note that the
coordinates are logarithmic. As a variant of this method, the
kinetic order may also be taken as the slope of the regression line
through all data points, or the most relevant set of data points in
log-log plot.
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of power-law function only one difference is left. The result
is the S-system format

.
Xi¼V þi ðX1;X2; . . . ;XnÞ � V�i ðX1;X2; . . . ;XnÞ

¼ai

Y

n

j¼ 1

X
gi;j
j � bi

Y

n

j¼1

X
hi;j

j

ð14Þ

with rate constants and kinetic orders defined in analogy
to those of the GMA form.

The S-system form has a somewhat simpler form and
additional mathematical advantages. In particular, the
characterization and analysis of the steady state of the
system is greatly simplified, because setting the equations
in Equation 14 equal to zero, moving the beta-terms to the
left-hand side, and taking logarithms results in a system
of linear algebraic equations, for which many analytical
and computational tools exist (3). Thus, the differential
equations themselves are highly nonlinear, as in the GMA
case, but many features associated with the important
steady-state point can be analyzed with methods of linear
mathematics. In other words, the S-system form combines
the richness of nonlinearity with some advantages of
linear mathematics. It might seem that the S-system
form is less accurate, because it does not track every flux
separately. However, careful analysis has shown that this
is not the case. Furthermore, as the GMA form, the S-
system form is rich enough to capture any smooth non-
linearity (9).

A slightly different approach is to set up the biochem-
ical model by formulating each reaction rate as a linear
equation in the logarithm of the metabolites. More speci-
fically, all components of the system, namely intracellular
(x) and extracellular (c) metabolite concentrations, en-
zyme activities (e), and flux rates (n) are formulated in
relation to a reference state. Defining variables with tilde
as raw variables divided by the corresponding reference
quantities, each rate in this so-called lin-log model is
represented as

n¼ ~e � ðIþEx � ln ~xþEc � ln ~cÞ; ð15Þ

where I is the unit vector of appropriate length and Ex and
Ec are reference matrices of elasticities, which character-
ize the effect of a variable on a flux (10). Similar to the
GMA representation, the lin-log model combines linear
with nonlinear features, but in a different manner. The
lin-log model is much newer than GMA and S-systems,
and careful comparisons between these forms with respect
to accuracy of representation and mathematical tractabil-
ity are not yet available. It is clear from its mathematical
structure that the lin-log model is more accurate than
power-law models for very high substrate concentrations,
but that it fails for low concentrations, where the rate
becomes negative.

As another combination of the linear and nonlinear
worlds, one may define a system by representing the
derivative of the logarithm of a metabolite as the sum of
all effectors. Expressed differently, this strategy repre-
sents the change in each variable as the sum of products

between the variable itself and all other variables, one at a
time. This Lotka–Volterra form (11)

.
Xi¼Xi �

X

n

j¼ 1

ðb0þ bijXjÞ ð16Þ

has been used very widely in ecological modeling, but not
much for kinetic analyses.

4.3. Systems Analysis

Now that we have developed streamlined and scalable
representations of biochemical systems, one must ask
what to do with them. The multitude of possibilities may
be divided into analyses close to the steady state as
opposed to dynamic analyses.

The steady state is often the normal operating state of a
natural system. In this state, material is entering and
leaving the system, and internally numerous conversions
occur, but all fluxes are in balance and all metabolites are
found at a constant concentration. Typical questions asso-
ciated with this state are: Can we compute this state? Is
there more than one state of this type? If the system is
perturbed, will it return to this state? For S-systems, lin-
log, and Lotka–Volterra systems, the steady state is easy
to compute, whereas a numerical search algorithm or
integrator is needed to compute the state(s) in a GMA
system or a system based on Michaelis–Menten rate laws.

Whether the system recovers from a (small) perturba-
tion is a matter of stability analysis. A system does return
from a small perturbation, although not necessarily from a
large one, if the steady state is stable, whereas a system
moves away from an unstable state. A second class of
question concerns mutations or other persistent changes:
If a parameter is changed (mutated), does the system
assume new features? For instance, does it start to
oscillate? These types of questions require a bifurcation
analysis, which is typically quite complex.

A third and very important complex of questions ad-
dresses sensitivities, gains, and control. Examples are the
following: How is the steady state affected if a given
parameter is increased by a small percentage? What is
the effect of increasing or decreasing one of the inputs?
Which parameter has the most influence on the flux
through a system. All these questions can be addressed
with any of the above methodological frameworks.

For the latter type of question, a specific set of methods,
called metabolic control analysis (MCA) (12), has been
developed. As it is only concerned with pathway features
close to a steady state, it does not evoke differential
equations at all. Instead, this approach is purely algebraic
and therefore simpler to apply if the situation of interest is
suitable for this type of analysis. MCA has led to a number
of rules, called summation theorems and connectivity
theorems, that allow the researcher to determine which
parameter is most significantly controlling a process,
where the major bottlenecks of a pathway are located,
and whether all controlling influences have been ac-
counted for in an analysis. As only elementary computa-
tions are involved in this approach, it is relatively easy to
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execute specific metabolic control analyses. The limita-
tions are that a few exceptions exist where this method is
not valid or at least not straightforward and that the
method does not address dynamic features. Recent exten-
sions have addressed some of these limitations.

A specific task associated with the steady state is the
optimization of metabolites or fluxes in a biotechnological
setting. The generic question here is: How is it possible to
improve yield within a steady-state culture of micro-
organisms by strategically redistributing metabolic fluxes
while ensuring that viability of the culture is not jeopar-
dized? On a large scale, such optimization tasks have been
executed with stoichiometric models (6). Mathematically,
this type of optimization is also easy with S-systems, but
the limitation in this case is that much more kinetic
information is needed than in the stoichiometric case
(13). Optimization in the case of GMA systems is the
subject of current research.

In addition to steady-state analyses, the dynamic mod-
els above allow simulation studies that elucidate the
temporal behavior of biochemical systems. Typical in
this category are what-if scenarios. How does the pathway
respond over time if substrate is reduced to 20%? What
happens if a gene is upregulated, which leads to increased
activity in some enzyme? How does the organism respond
to a mutation, in which one branch of the pathway is
deleted? Where are the best drug targets located within a
diseased metabolic system? What is the likelihood of side
effects if a drug affects a particular reaction? It is easy to
imagine that the scope of such simulations is endless (see
Ref. 8).

4.4. Research Frontiers

Much effort in the immediate future will be devoted to
specific pathways, their functioning, and their manipula-
tion and optimization. Insights gained from these studies
will be applied in metabolic engineering, drug targeting,
disease analysis and treatment, food production, and
improved environmental stewardship.

An important part of the analysis of specific pathways
will be the identification of models from experimental
data. In the past, this identification has almost always
started at the bottom and worked its way up. Specifically,
many pieces of detailed information on enzymes and
metabolites in the pathway of interest were used to
construct rate functions for all steps, and the integration
of this local information was used to generate global
responses, which were compared with observations. This
bottom-up approach will continue to be at the forefront of
modeling for some time. Complementing this approach
will be a top-down approach, where observed in vivo time
course data on gene expression, protein prevalence, and
metabolite profiles are the starting point. These dynamic
data will be mined in a sense that model parameters are
obtained that let the model reproduce the observed dy-
namics. As dynamic data contain rich information on
intact cells or organisms, less mixing of data will occur
from different organisms and conditions, from experi-
ments in vitro with data obtained in vivo. This analysis

of time data is presently a daunting challenge, even for
relatively small systems.

Beyond specific applications and techniques, an urgent
need exists to discover design and operating principles in
biological systems. These principles are expected to exist,
because nature is usually efficient and frugal, using well-
working designs and procedures as often as effectively
possible. If no such general designs existed, every system
would be genuinely different, and it would hardly be
possible to make extrapolations between organisms or
different physiological situations, which is considered
unlikely, and one of the research frontiers in the area is
therefore the discovery and characterization of such prin-
ciples. The strategy is to determine with mathematical
and computational means what the role of specific signals
or mechanisms is and why nature employed the observed
design and not a different, hypothetically possible design,
which is accomplished with comparative systems ana-
lyses, where two systems that only differ in one aspect
(for instance, a feedback signal) are analyzed side by side.
Any differences in their dynamic or steady-state behavior
can therefore be attributed to the differing signal. The
discovery of design and operating principles will yield
fundamental insights into the functioning of cells and
organisms and form the foundation for rational manipula-
tions of biological systems.
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BIOCOMPATIBILITY OF ENGINEERING
MATERIALS
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Buffalo, New York

1. TECHNICAL BACKGROUND ABOUT THE BIOLOGICAL
ENVIRONMENTS HOSTING ENGINEERING MATERIALS

1.1. Adhesion in the Environment of Blood: The Need is
‘‘Prevention’’

In the development of true artificial hearts, major con-
tinuing problems are the unwanted bioadhesion of throm-
botic and coagulum masses, as well as scale-forming
minerals from the bloodstream itself (1). Materials selec-
tion is severely limited to those elastomers that can with-
stand the 100 million or more flexing cycles necessary
during the forecast period of service of such devices (2).
Challenges to surface science are great in that the desir-
able surface qualities must be imparted to each elastomer
material without degrading its mechanical properties in
any way.

During even short-term implantation of artificial heart
components, and especially of flexing bladders, it became
immediately obvious that deposition of unwanted blood-
borne materials is unavoidable (3). Adjustments in flow
dynamics, velocity profiles, and other mechanical design
features can minimize, but not eliminate, problems with
these deposits. Implantation times of days to weeks, and
now to months and years, became routine in many clinical
centers as the devices matured in engineering design and
continue, still, to improve. However, a serious further
consequence is surface deposition of both organic matter
and inorganic matter, predominantly on the flexing sur-
faces of the elastomeric heart bladders. Surface deposition
remains a major problem and might be considered the
limiting parameter for further progress in development of
this most important artificial internal organ.

Application of the increasingly powerful surface diag-
nostic methods now available demonstrates that blood
(either in its unmodified state or when deliberately antic-
oagulated with various natural or synthetic reagents) first
deposits on any and every foreign material surface a
proteinaceous ‘‘conditioning’’ film dominated by the glyco-
proteinaceous macromolecule, fibrinogen (3–5). Fibrino-
gen is not the most abundant protein component dissolved
in the contacting fluid phase nor does it have the fastest
diffusion to the walls. It is, in fact, one of the most highly
hydrated macromolecules known in the protein category,
and it can undergo significantly different degrees of con-
figurational change as it dehydrates and accommodates
itself to the varying potential binding sites on an enor-
mous variety of solid and semisolid (hydrogel) materials.
Transmission electron microscopic views of such test
materials exposed to fresh-flowing blood for only a minute
show that the fibrinogen-dominated layer accumulates in
varying densities on different materials to a general
thickness of about 200 Angstroms (6).

The next event in blood contact with nonphysiologic
surfaces, following the acquisition of the mandatory pro-
tein-dominated conditioning film, is preferential—in fact,
nearly exclusive—primary attachment of the typically
three-micrometer-diameter disk-shaped blood cells called
platelets. The platelets remain disk-like or partially
rounded, occasionally with a few protruding pseudopods,
when the original surface free energy of the substratum
material is between 20 and 30mN/m. They neither spread
to flat forms that are attractive for further attachment of
other platelets nor exude granules and soluble products
that trigger unwanted, at least for implanted biomater-
ials, coagulation events in their near vicinity. For all
materials with higher or lower critical surface tensions
(outside the range of minimal bioadhesive potential either
on the lower-energy side, as typified by TeflonTM and other
fluorocarbon materials, or on the higher-energy side, as
typified by polyacrylates and nylon and other common
engineering polymers), the initially adherent platelets
respond to the more tightly bound and ‘‘denatured’’ fibri-
nogen-rich conditioning film more aggressively. The plate-
lets flatten, become ‘‘sticky’’ to their arriving siblings,
disgorge biochemicals to the surrounding fluid, and,
through these activities, trigger the building of pyramid-
shaped thrombotic deposits. They also stimulate chemo-
taxis, that is, directed movement toward the surface, of
one of the five major types of white blood cells, the
segmented polymorphonucleocytes.

At a slight distance from the engineering materials’
surfaces, the conversion of fibrinogen to fibrin is apparent
in the vicinity of activated, flattening platelets. The emer-
ging fibrin net entangles and entraps red blood cells to
form the typical red clots. On the majority of currently
available materials, not a surface chemically controlled to
be in the nonbioadhesive range, the platelet layer and
associated debris is so tenaciously bound that the arriving
white cells are not able to successfully carry out their
functions of digestion, engulfment, or displacement of the
surface-bound mass. Instead, they become part of the
‘‘incompatibility’’ problem rather than the resolution of
the problem. The white thrombi that trigger coronary
occlusion are composed mainly of platelets and white cells
that responded to the adverse surface conditions of ather-
osclerotically modified blood vessel walls, ultimately oc-
cluding those vessels by this platelet-buildup process.

Deliberate modification of the surface properties of
biomaterials, exposed to flowing blood, secures a more
benign outcome. Although the mandatory initial protein-
conditioning film still deposits, it remains more loosely
attached and subject to displacement by other arriving
species. The platelets also do continue to arrive at and
attach to this fibrinogen-dominated interface-conversion
layer, but three-dimensional aggregation of these early
cell-like colonizers (which retain their discoid or well-
rounded forms) is rare. Although no obvious platelet
distress is noted in electron micrographs of specimens
examined at this stage in their blood exposure histories,
such as degranulation or disgorgement of their internal
biochemicals, there certainly is some influence of the
binding process on the platelets. They do broadcast what-
ever signal is necessary to cause rapid and abundant
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recruitment of the segmented polymorphonuclear leuko-
cytes to the debris-strewn surface zone. From this point,
significant contrast exists to the case where bioadhesive
surface properties of the original materials induce sub-
stantial protein denaturation and platelet spreading, how-
ever. The white cells arriving at low-surface-energy
materials (within the ‘‘biocompatible’’ zone of 20 to
30mN/m critical surface tension) effectively weaken the
tentative bonds between the protein ‘‘carpet’’ and substra-
tum through their exogenous production of digestive en-
zymes. The observed end result, usually within a few
hours of the initiation of this process, is spalling or
shedding of the accumulated biomass from the engineer-
ing material’s surface into the flowing stream. Left behind
is a protein-rich layer, ‘‘processed’’ by the events just
described, that enters a state of long-term dynamic equili-
brium with the flowing solution phase. It is rare, with the
many now successfully implanted biomedical devices, to
observe sustained colonization of low-surface-energy ma-
terials by cellular layers.

Considerable similarities exist among bioadhesive phe-
nomena in blood and in other biological phases. Knowl-
edge of successful coating materials that perform
satisfactorily in other environments allows a direct extra-
polation from a secure database to provide medical-grade
silicone surface layers for the blood contacting phases of
artificial hearts. The expected outcome was attained, with
minimization of thrombogenic deposits on these materials
over the early and late courses of their trials in animals,
and now excellent clinical results in human patients.
Complications of unwanted mineral scale formation, domi-
nated by calcium phosphate deposits, first noted in the
growing male calf model used for most artificial heart
tests, were controllable by modest use of a common antic-
oagulant that interferes with the vitamin K/calcium me-
tabolism.

1.2. Adhesion in the Environment of Tissue: The Need is
‘‘Promotion’’

The human implantation of ‘‘integrated’’ biomedical or
dental prosthetic devices provides challenges to engineer-
ing materials science and technology among the most
severe encountered in the bonding art. Custom-fitted,
strong, usually metallic devices such as dental and ortho-
pedic implants provide good examples of the challenges to
be met and the extreme complexity of the problems posed.
These appliances can present contrasting adhesive re-
quirements over very short distances along the same
structure. As illustrated in Fig. 1, subperiosteal implants
are designed to rest over the remaining mandibular bone
in a patient whose teeth have been lost in that area. The
remaining tissue ‘‘flap’’ must cover and adhere tightly to
the supporting saddle-like base. Extending from the base
are posts that protrude, hopefully with a bacterial-tight,
infection-free seal through the tissue, into the nonsterile,
intraoral region. While remaining free of adherent depos-
its, the posts are expected to provide mounting sites for
‘‘artificial teeth’’ or other load-bearing, functional, pros-
thetic dental restorations.

The portion of the implant buried in the tissue must be
very closely approached by the host tissue in order to
provide the immobile, firm support required. The bonding
integrity of the tissue phase immediately adjacent to the
permucosal post must be nearly perfect to prevent bacter-
ial seepage, infection, and resulting inflammatory re-
sponses. The structural parts residing in the saliva-
bathed oral cavity should resist colonization by biological
materials, especially plaque-forming bacteria to improve
the prospects for continued service while contributing to
good oral hygiene. The distance over which the adhesive
properties must change so drastically might be as little as
a few micrometers along the surface of such implants.
These conditions must be achieved and maintained in
environments that are bloody, nonsterile, and contami-
nant-rich.

Although osseointegrated dental implants of the per-
mucosal type have been used clinically for over 2 decades,
the results obtained with subperiosteal implants have
been ambiguous at best. Many failures have been noted
as a result of loss of tissue bonding for the implanted
portions, serious plaque and debris accumulations on the
exposed segments, and very poor healing around the
protruding posts at the epithelial junction. It is not un-
common for the implants to extrude completely from their
placement sites within only a few weeks. Such trials in
animals, and premature applications of otherwise promis-
ing devices in humans, have often proceeded too rapidly.

Knowledge of the zones of surface energy that can favor
or minimize adhesion in biological environments has
made it increasingly possible to design and develop im-
proved prosthetic materials for a number of important
applications. For example, basic knowledge developed by
standard surface analytical methods revealed the intrinsic
surface properties of natural dental enamel (7). Data for
the same surfaces, after varying treatments (for example,
with citric acid or phosphoric acid etching), opened the
way to obtaining long-term retention of a whole genera-
tion of pit and fissure sealant materials and dental
cements (8), which have entered general dental and
orthodontic practice (9,10).

Glow discharge (plasma) treatments of biomedical de-
vices of even such physically large dimensions as artificial
hips can be quite beneficial in improving their receptivity
to ‘‘bone cements’’ and other adhesive phases used to bind
them securely within the prepared femoral shafts. Figure
2 provides a photograph of an artificial hip completely
enveloped in the cleansing, sterilizing, plasma sheath
within a glass chamber. Such glow discharge treatment
devices were first designed and fabricated for implant
treatment purposes in our laboratory (11) and are now
widely commercially available as low-temperature sterili-
zation systems.

During evaluation of the tissue response to variously
surface-treated biomedical implants in rabbits, cross-sec-
tional views obtained by standard histological methods (of
the subdermal fascial zone, after implant removal at 10 or
20 days) showed dramatically increased cellularity when
glow-discharge-treated or relatively high-surface-energy
test specimens were removed. There was obvious ‘‘ripping’’
of the tissue caused during the mechanical removal of the
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implants. Tenacious tissue bonding to the higher surface
energy, but not low-surface-energy, implants was the
norm.

The ‘‘healing’’ response involves rapid recruitment of
fibroblast/fibrocyte cells to the vicinity of the implant
surface and their organization into adhesive capsular
tissue adjacent to high-surface-energy engineering mate-
rials. The cellular response observed within the fascial
tissue reorganized against low-surface-energy engineer-
ing material implants comprises only very thin, but some-
times dense, scar-like zones. The deeper tissue includes
only a few elongated nuclei from responding fibroblasts,
enmeshed within a loose connective tissue matrix. Scan-
ning electron micrographs of the interfacial layers of
tissue illustrate the weakness of the cell-poor subadjacent
tissue and its ease of separation and fragmentation even
during the specimen handling procedure.

Shifting the point of observation from the tissue side of
the interface to the low-surface-energy engineering mate-
rial implants, themselves, scanning electron micrographs
show that modest mechanical forces disrupt the tissue/
implant bond quite readily. Bond ‘‘failure’’ is predomi-
nantly an ‘‘adhesive type,’’ through or at the glycoprotei-
naceous ‘‘conditioning film’’ layer, rather than by cohesive
failure in either of the bulk phases. Scanning electron
microscopic views in regions of textured, low-energy sub-
strata make it further apparent that ‘‘conditioning film’’-
level clean separations of the host tissue from low-surface-
energy foreign bodies can occur even when surface tex-

tural variations are present. Increased or ‘‘special’’ types
of surface texture are not the answer to implant-to-tissue
bonding failures in vivo.

‘‘Adhesive failure’’ of the type discussed here does not
mean that the base, initial implant is actually re-exposed
by mechanical failure of the tissue bond to its face. Rather,
the failure is in the integrity of the glycoproteinaceous
‘‘glue line,’’ preventing cellular layers organizing beyond it
(even if they were present) from obtaining permanent
liaison with the original substratum.

Further examination of the tissue faces adjacent to low-
surface-energy implants, in the views provided by the
scanning electron microscope, shows that rounded fibro-
blast cells dominate the surface zone of the host tissue.
The spheroidal nature of the cellular population corre-
sponds with the low cell density and poor intercellular
bonding obtained in this zone. Indeed, the tissue layers
can peel like the layers of an onion, one or two from the
other, in thin sheets, which further illustrates the poor
mechanical integrity of the capsule with which low-sur-
face-energy implants become invested during their im-
plantation periods.

In important and clear contrast to the circumstances
just described are those noted when the identical bulk
materials have their surface energies elevated by glow-
discharge-treatment. Figure 3 shows a histologic cross-
sectional view of this more desirable tissue response. At
the implant boundary, almost no scar-like amorphous
separating layer is present. Immediately beneath this

(a) (b)

Figure 1. (a) The broad variety of dental
implants clinically used over the past 30 years,
most with poor outcomes because of poor bone
and tissue biocompatibility. (b) A full subper-

(a) (b)

Figure 2. (a) A portable radio-frequency-glow-
discharge-treatment (RFGDT) device, with a
disconnected fluorescent bulb being remotely
activated/illuminated by the radiofrequency en-
ergy induced in the device’s cylindrical cham-
ber. (b) A capacitance-coupled RFGDT device
cleaning and activating the surface of an ortho-
pedic hip femoral stem implant prior to its
cementation into bone.
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interfacial zone and for a large distance from it, the tissue
response is of the preferred flat fibroblastic/fibrocytic
form. This tight interfacial capsular response to high-
surface-energy engineering material implants shows
that aggressive cellular activity is underway, often allow-
ing healing within periods less than 2 weeks. Evidence is
usually abundant for cells in the doubling process of
mitosis. Some inclusions in this zone are adipose cells
with lipid storage deposits.

Higher magnification views of the tissue interface
region, mechanically separated from a high-surface-en-
ergy engineering material implant, reveal no scar-like,
fibrous separating layers. Rather, the cells fragment in a
manner consistent with cohesive failure of the implant/
tissue bond by disruption within the cells themselves.
Confirming this interpretation, scanning electron micro-
graphs illustrate the surface condition of the high-surface-
energy materials at 2-days ‘‘healing’’ time to be dominated
by membrane fragments and internal cellular debris left
behind by cohesive failure in the tissue mass itself. Thus,
simple modification of the surface energy state of equally
smooth implants leads to circumstances as divergent as no
practical adhesion at all versus the strongest practical
adhesion of which the system is capable (that is, the
cohesive strength of the weaker of the two bound phases,

in this case, the biological tissue itself). Scanning electron
micrographs obtained at low and high magnifications for
the tissue faces separated from the high-surface-energy
engineering material implants contrast with the views of
rounded, poorly interconnected cells surrounding the low-
energy test plates. It is immediately apparent that the
higher energy surfaces induce not only abundant cellular-
ity, but also morphologic features of cell flattening, spread-
ing, and tight integration within a fibrous matrix. The
same cells from the same hosts over the same time periods
differentiate to strikingly different populations depending
on the surface energies of the substrata against which
they reside. The question remains for future work to
determine whether a more graded response can be se-
lected, as might be desired for new biomedical device
requirements. Can one obtain partial encapsulation and
modest adhesive strength or must it be an all-or-none
phenomenon?

(a)

(c)

(b)

(d)

Figure 3. (a) (b) Hemotoxylin and Eosin (H&E)-stained cross sections, at 40� and 100� original
magnifications, illustrating the usual type of poorly cellular and functionally nonadhesive tissue
capsule (‘‘foreign body reaction’’) formed around most implanted materials. (c) (d) H&E-stained
sections, at original magnifications of 40� and 100� , showing the surface and deeper zone
cellularity characterizing strongly adhesive tissue layers attached to materials first exposed to
RFGDT.
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2. TECHNICAL BACKGROUND ABOUT THE VARIETY OF
ENGINEERING ENVIRONMENTS HOSTING BIOLOGICAL
MATERIALS

2.1. Adhesion in Food Handling Equipment: The Need is
‘‘Prevention’’

In traditional engineering studies, such as those dealing
with the rate and consequences of biological fouling of
heat exchange materials (as in power plant condenser
tubes), ignorance of the early microfouling or ‘‘condition-
ing’’ events is usually dismissed with the label ‘‘induction
period,’’ which is that time after first installation of
engineering materials or after their cleaning and re-ex-
posure to fouling-prone cooling waters from rivers, lakes,
or seas (usually amounting to a few weeks) during which
the traditional engineering-control parameters of pres-
sure drop and temperature differential do not change
significantly. In fact, these parameters often do change
in the manner indicating improved, although certainly
temporary in most cases, heat exchange performance. In
these engineering systems, gains in basic understanding
of the performance and control of important energy con-
version devices is highly dependent on improved knowl-
edge of the actual, initial microfouling events. The first
adhesive layers potentiate the systems for grosser biofoul-
ing, with its consequent deterioration of friction factors,
head losses, and heat exchange coefficients.

A typical example is surface fouling by dairy products.
There continue to be pressing needs for energy conserva-
tion and increased food availability in many parts of the
world. Nowhere are such problems so closely coupled as in
the pasteurization of dairy products, especially milk,
where deposition and bacterial growth on the heat ex-
changer plates of common pasteurizing devices severely
limit operational time. The surface fouling requires ex-
cessive consumption of energy and plate-cleaning re-
agents. Copious amounts of fresh rinse waters must be
passed through the devices before the pasteurizing pro-
cess can be reinitiated for only a few more hours. The
cleaning cycle must begin again, promptly, and require-
ments for its efficacy are ill-defined.

Scanning electron microscope views of the adsorbed
films formed on heat exchange plates after only several
minutes of contact with milk reveal the complex nature of
the deposits. Questions about the actual composition of
such critical early deposits, so thin as to be immeasurable
by most other analytical tools, are immediately answer-
able by internal reflection infrared spectroscopy (12). Data
can be obtained for the intact film, unmodified and never
contacted with or extracted with any solvents or mechan-
ical scraping devices. Milk deposits on test plates, taken
from simple laboratory models of pasteurizing units, are
shown by the technique to be composed of each of the
major categories of material present in the milk itself:
protein, lipids (fats and oils), and carbohydrates (13).
These components might be bound into chemical com-
plexes or present as single components in a simple mix-
ture. Concern remains about which of these components, if
any, constitute the primary interface conversion layer—
permanently bound—and which might be transient com-

ponents subject to displacement as the fouling film thick-
ens and matures.

After simple extraction of the distilled-water-soluble
components of this film, scanning electron microscopy
shows that some of the original film deposits can be easily
removed. Ellipsometric measurements show that the
film’s thickness does diminish. Contact potential measure-
ments reveal changes in surface electrical properties
toward the starting state of the ‘‘clean’’ materials. These
observations support the direct spectroscopic evidence
provided elsewhere for the nearly quantitative removal
by distilled water rinsing alone of all the carbohydrate
portion of the original film deposit (13). The ready degree
of water solubility suggests that the composition of the
extracted matter is mainly of the lactose sugar abundantly
present in milk. The film, further extracted by brief
exposure to the lipid solvent, acetone, and re-examined
by the same technique, is seen to lose most of its granular
and globular deposits to exhibit a much more homoge-
neous appearance. Sequential application of ellipsometric
and contact potential methods proves that the film com-
ponents lost are, indeed, those illustrated directly by
internal reflection spectroscopy to have been the lipid, or
fatty acid and fatty-ester-rich ‘‘cream components’’ of the
complex milk fluid. The remaining deposit is irreversibly
bound and resistant to all forms of removal short of
mechanical abrasion or chemical hydrolysis with strongly
basic or acidic cleaning agents.

Analytically, this film is a thin proteinaceous remnant
that other experiments show is, in fact, the first strongly
bound material of all that randomly arrive at the test plate
surface. Close inspection of the characteristic infrared
spectra for similar films usually reveals their retention
of some hydrocarbon moieties and some sugar moieties,
suggesting that the first deposited protein does indeed
contain side chains having both hydrocarbon character
and carbohydrate character. Such features are typically
observed with proteins of the class called glycoproteins.
Separate experiments provide the strong suggestion that
the main protein involved in the initial fouling events of
equipment processing dairy products is the protein called
beta lactoglobulin, neither the most abundant nor the
most rapidly diffusing species in the complex pool of
potentially adsorbable candidates available. Note the
similarity of this result to the events during early blood
contact with implant materials!

2.2. Adhesion in Oceanic Environments: ‘‘Prevention’’ Needs
Dominate

In marine commerce, continuing problems exist regarding
the biofouling of ship bottoms, propellers, and cooling
water piping. There, microfouling films are generally
precursors to macrofouling aggregations of barnacles,
tube worms, algae, bryozoa, and hydroides that can di-
minish ship efficiency by 40% in as little as 6 months in
tropical waters. Bacterial slimes, alone, accumulating on
even highly toxic marine paints, also can exhibit these and
other consequences of ‘‘biodeterioration.’’

When the goal has been to characterize, and eventually
minimize, biofouling deposits in power plant heat exchan-

BIOCOMPATIBILITY OF ENGINEERING MATERIALS 5



gers/condensers, or on ship bottoms, special flow cells built
according to a very simple design have served this purpose
(14). The flow rates are controlled as required while
allowing access to and use of flat diagnostic test plates
(15,16). Using such flow cells in large numbers, with the
test plates exposed for typically 1, 3, 6, 9, and 12 days in
tropical or subtropical oceanic waters, it has been possible
to document and decipher the initial sequence of fouling
events taking place in natural waters (17). These events
are quite comparable with the processes demonstrated to
be occurring in the oral cavity, in tissue culture, in blood,
and other biofouling circumstances.

The early colonizing film of micro-organisms is common
on substrata of every quality so far considered and in
every water condition so far tried. The materials evalu-
ated to date include a variety of inert and toxic metals and
metal alloys and a large range of organic coatings useful
for adjusting the critical surface tensions of metallic
support plates. Water qualities tested have ranged from
natural ocean water available at given test sites to that
same water modified by intermittent chlorination or by
electrolytic enrichment in copper and aluminum ions.
Both such treatments have been correlated with partial
suppression of the biofouling film growth in past trials.

Beneath the first layer of pioneer colonizing bacteria is,
without exception, a spontaneously adsorbed protein-
dominated ‘‘conditioning’’ film. This interface conversion
layer is first recruited from the macromolecular constitu-
ents of the flowing water itself. Many such components are
available within the ubiquitous 5 to 10 parts per million
background concentration of ‘‘humic’’ or ‘‘gelbstoffe’’ sub-
stances in all natural coastal waters where fouling is most
intense.

After the pioneer (mostly short rod-like) bacteria attach
and secrete their slimy exudates into their zone of influ-
ence, a second population of attaching organisms enters
the fouling layer on top of the pre-adsorbed conditioning
film. Continuing deposition of macromolecules is often
noted. This second wave of attaching species is dominated
by prosthecate micro-organisms that can use the very
scarce nutrients in natural ocean waters by enhancing
their surface-to-volume ratios. These prosthecate micro-
organisms are oligotrophic, living in very nutrient-poor
conditions. Their preferential attachment to and growth
on the boundary layers represents an escape from oligo-
trophy; not completely consistent with their presumed
resistance to growth in media of higher organic content.
When the substratum colonized by these organisms is free
of leachable toxic atoms, and when the water is similarly
free of poisons that can interfere with bacterial metabo-
lism and growth, these pioneer attached species secrete
mucilagenous polymers around themselves. Filamentous
growths then proliferate over the entire surface, making it
an almost perfect filter medium for collection of other
oceanic organisms and debris, as well as an excellent
culture medium for the growth and multiplication of the
attached and entrapped species. As noted with dental
plaques of long standing, subsequent mineralization
then occurs.

Collections of fouling debris on inert surfaces over
which ocean water passed at a shear rate of 1000 inverse

seconds for a period of only a few days illustrate the
diversity of organisms that can be present in these films.
Of special interest is the ‘‘corn cob’’ structure made up of
small coccoidal organisms colonizing a filamentous form,
prompting the further characterization of these films as
the ‘‘dental plaque of the ocean’’ (see Fig. 4). Indeed, the
events of biological adhesion are the same wherever one
finds them, even though they occur at different rates in
accord with the well-understood concentration depen-
dence offilm deposition and particle attachment processes.

It is both interesting and important to note that the
strength of biological adhesion in natural circumstances
can also be controlled by adjustments of the critical sur-
face tensions of substrata. This control technique has
allowed impressive successes in mitigating biofouling of
ship bottoms (18,19) and has been considered for applica-
tion to power plant heat exchanger tubes to minimize use
of toxic chlorine (20).

Of greater concern to the owners and operators of
commercial ships is the macrofouling community com-
posed of barnacles, tube worms, encrusting bryozoa, and
bushy hydroid growths that so seriously impede the
efficient movement of originally smooth ship hulls through
the waters between merchant ports. Even when killed by
various toxic agents or parasites, their remaining,
strongly cemented, empty shells still cause enormous
increases in drag coefficients and excessive consumption
of increasingly precious petroleum fuels. Barnacle attach-
ment begins with a barely visible, soft-bodied larval form
called the ‘‘cyprid.’’ Cyprids randomly arrive at potential
settlement and growth sites and responsively activate
contact-pulloff probing of the contacting surfaces until
they attach to a site from which they have insufficient
contractile strength to release their own cement bond. The
critical dependence of the success of the cyprid coloniza-
tion process on the previous presence of bound protein
films was highlighted in the work of Crisp and Meadows
(21). Investigations of the potential further influence of
the critical surface tensions of the subjacent solid supports
are still required.

The tentative correlation developed from early studies
was given as a qualitative plot of the degree of biological
fouling versus the critical surface tension of the material
(22). The same sharp minimum in strength of biological
adhesion was noted as with similar data from studies of
both prokaryotes and eukaryotes (23).

When mechanical challenge is added to the test envir-
onment, applied most directly by a simple wipe of the
retrieved test plates, it is obvious that the strength of
attachment of the biological deposits is inversely corre-
lated with critical surface tension down to a minimum
value at about 22mN/m. In fact, the most successful
formulation tested in seawater has been identical to that
used in fabricating artificial hearts.

2.3. Adhesion and Biotechnology: ‘‘Promotion’’ Needs
Dominate

The many burgeoning fields of biotechnology require
significant advances in techniques for retaining, selec-
tively, specific cells in specific geometries on the surfaces
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of fixed-film processing units and bioreactors. Here, ‘‘tech-
nology transfer’’ from the medical and dental areas may be
the most rapid route to success.

For example, cellular responses to contact with im-
plants suggest that normal behavior and configuration
differ for the dominant cells involved, the fibroblasts, and
provide comparison data for other cell lines that may
behave differently. It is generally known that fibroblas-
tic/fibrocytic cells can and do show two different morpho-
logical habits depending on the materials they are
cultured against in laboratory experiments. Cells cultured
on intrinsically low-energy surfaces like those of paraffin,
waxes, common plastic culture dishes (not specially trea-
ted to enhance cell adhesion or growth), or silicone rubber
remain rounded. They do not develop strong anchorage to
the obligatory predeposited proteinaceous films (contrib-
uted from the serum supplements to most tissue culture
media, usually). These rounded cells are poorly adhesive
and slow to grow on such low-energy substrata. At appro-
priately high magnifications, the cells present the same
view to the observer as provided by bulbous, barely cling-
ing, rain droplets on a freshly waxed automobile hood. A

point of continuing confusion is that events of cellular
response to low-energy materials take place within an
aqueous phase, while the observable features parallel
those predicted directly from tests of pure liquids on the
same surfaces surrounded by air. The lack of ‘‘inversion’’ of
the wetting/spreading relationships as circumstances
change from the gaseous to the aqueous surrounding
media seems at odds with general thermodynamics (24).
This apparent contradiction in findings is easily resolved
when it is noted that the predeposited ‘‘conditioning’’ films
of complex glycoproteins, prior to cell attachment to the
surfaces, provide an ‘‘interface conversion’’ function that
can restore thermodynamic consistency to the observa-
tions actually made.

The same cells, when cultured against intrinsically
high-energy surfaces (like those of clean glass, laboratory
vessels, glass microscope slides, many carefully prepared
organic-free metals, or plastic culture dishes deliberately
treated to increase their surface polarity) do spread into
flat polygons and grow to cover the entire exposed sub-
strata area. Fibroblastic cells, in particular, can also grow
in multilayers in flattened configurations one over the

(a)

(c)

(b)

(d)

Figure 4. (a) Scanning electron micrograph illus-
trating spontaneous dehiscence of glycoproteinac-
eous ‘‘conditioning film’’ from methyl-siliconized
substratum, remaining ‘‘plaque’’-free while placed
in thriving culture of bioadhesive coccoidal bacteria
(CC5A). (b) Scanning electron micrograph illustrat-
ing the preformed bioadhesive tufts of glycoprotein
at the tips of CC5A coccoidal bacteria harvested
from human dental plaque. (c) (d) Scanning electron
micrographs of CC5A coccoidal bacteria colonizing
the filaments of Bacterionema matruchotti, in a
cocultured system, giving rise to a ‘‘corn cob’’ struc-
ture also sometimes seen in the complex bacteria
biofouling films on the sides of oceanic vessels.
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other, synthesizing extracellular cementing materials
(such as the ubiquitously distributed fibrous protein,
collagen) between themselves. It is this latter pattern of
cell growth, and fabrication of a fiber-reinforced composite
matrix, that is observed during the normal healing of
wound sites in tissues such as skin and its subjacent
layers (25). Cellular growth on and strong attachment to
bioprocessor surfaces is most desirable for devices whose
performance depend on permanent fixation and immobi-
lization of functional cells at the placement sites. The
pattern of cellular response involving only rounded cells
poorly retained on low-energy materials is most desired in
cases where the devices function best without perma-
nently attached biomass covering their surfaces.

Observations of the bioadhesive events in the human
oral cavity, and in laboratory simulations thereof, are also
instructive. They illustrate how to follow the initial events
from the solid surface out through the initial adhesive
layers to the stage where microbial mats are present and
thriving.

Figure 4 shows a scanning electron micrograph of a test
plate brought to a ‘‘nonadhesive’’ initial surface condition
and then exposed to the rich biological environment of
dental plaque bacteria in laboratory culture (26). The
spontaneously deposited layer of glycoproteinaceous ma-
terial is made most apparent in this view by its peeling
and imperfect coating qualities on this substratum. A
close-up view of the specific coccoidal organisms, taken
from human teeth by micromaniputation and grown up in
the laboratory, also is shown in Fig. 4 where it can be
noted that the individual organisms are ellipsoidal in
shape with preformed adhesive tufts at one end. These
tufts have been demonstrated to be ‘‘organelles’’ specia-
lized for adhesion to foreign surfaces. ‘‘Corn cob’’ struc-
tures formed by coccoidal cellular colonization of
filamentous bacteria (26) also are illustrated in Fig. 4.
As shown in Fig. 5, uniform, microbial biofilms are ob-
tained on clean test plates incubated in cultures of the
coccoidal organisms for 24 hours. Scanning electron mi-
crographs of the surfaces of these biofilms, attached to
receptive substrata on top of thinner predeposited glyco-
protein-dominated ‘‘conditioning’’ films, show the organ-
isms to pack in a close array, ‘‘shoulder-to-shoulder’’ or
side-by-side like eggs in a large crate. Internal reflection
infrared spectroscopy through the plates actually serving
as the substrata for closely-packed, richly colonized bac-
terial ‘‘monolayers’’ provide unambiguous spectral evi-
dence that the preformed ‘‘sticky’’ tufts comprise
predominantly glycoproteinaceous materials and not the
glycerol phosphate types of polymers (lipoteichoic acids)
hypothesized by other workers (27). Surface-modified test
plates, dominated by closely packed methyl groups, ex-
posed to identical growing cultures of organisms specia-
lized by evolution, apparently, for adhesion to solid
substrata such as teeth, emerge from the culture as clean
and shining as they go in. Inspection of the plates makes it
immediately clear that no active antiadhesion principle is
at work, Rather, a ‘‘passive’’ or benign initial substratum
surface condition prevents the prerequisite ‘‘conditioning’’
film from ever disposing itself in the uniform carpet-like
array required for successful bacterial attachments. Ap-

plied thin coatings (demonstrated by ellipsometry to be
about 175 Angstroms deep) of covalently bound polydi-
methylsiloxane (equivalent to ‘‘medical-grade silicone rub-
ber’’ in many of its properties) are sufficient to impart
long-lasting ‘‘abhesive’’ (the opposite of adhesive) surface
qualities. These films, dominated by closely packed methyl
groups, exhibit empirically measured critical surface ten-
sions (using contact angle techniques) of about 22mN/m
(28). Thus, it is seen that simple modification of the
surface properties of immersed solid materials, specifically
to low-surface-energy ranges between 20 and 30mN/m,
prevents successful interface conversion by the sponta-
neously depositing glycoproteinaceous macromolecules.
This induction of a poor ‘‘primer coat’’ inhibits the prac-
tical, longer-term adhesion of biological cells, even those
cells specialized for attachment, as also illustrated in Fig.
5.

This example is just one of the circumstances in which
adjustment, or accidental exposure, of surface chemical
arrays with surface energies in the narrowly confined zone
between 20 and 30mN/m have correlated with minimal
biological adhesive responses (29).

3. ACTIVE FIELDS OF SURFACE MODIFICATION FOR
IMPROVED BIOCOMPATIBILITY

Although few new engineering materials have been suc-
cessfully introduced as biocompatible implant components
since von Recum’s 1986 publication of scientific, technical,
and clinical testing data in Handbook of Biomaterials
Evaluation (30), the fields of surface–protein interaction
and surface modification to enhance biocompatibility have
remained significantly active. Four main themes exist,
around which research has been focused for more than 30
years, and for which agreement is still lacking: (1) princi-
ples governing biomolecule interactions at foreign inter-
faces (31); (2) the intrinsic roles of surface hydrophilicity
and hydrophobicity in determining biocompatibility (32);
(3) the influence of surface micromechanics as reflected in
crosslinking (33) or crystallinity (34) and (4) the phenom-
ena of cellular and substrata macromolecules and their
excluded volumes determining contact or adhesion (35).

When model substrata of modulated hydrophilic/hydro-
phobic ratios were employed to study macrophages (35)
and 3T3 cells (36), and both ‘‘soft’’ and ‘‘rigid’’ surfaces of
each type—as employed in intraocular lens polymers—
were examined for endothelial cell adhesion-induced da-
mage (37), direct relationships were not found. More
detailed consideration must be given to the structure
and reactivity of water at biomaterials surfaces if the
remaining biocompatibility issues are to be resolved (38),
because strong association of biology with surfaces inevi-
tably requires dehydration of the mutual interfaces be-
tween substrata and proteinaceous macromolecules.
Although the events of surface dehydration may take
longer on such water-loving substrata as those carrying
grafted chains of hydrophilic polyethylene oxide, no
known successful long-term biomedical device exists, con-
tact lens or implant, nor any ship bottom coating, that
retains its initial hydrophilic properties for a sufficient
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time to be usefully described as resistant to biofouling.
Some theoretical efforts have attempted correlations of the
complex hydrophilic/hydrophobic effects on contact angles
and cell adhesion, attributing stronger cell adhesion to
surface hydrogen-bonding (39), while experimental obser-
vations continue to repeat findings that simple hydropho-
bic surfaces dominated by closely packed methyl groups
are ‘‘almost non-reactive with the blood’’ (40). These sur-
face-specific influences are confirmed for even very thin
plasma-polymerized interface layers (41), and chemically
modified surfaces that express closely packed methyl
groups inhibit both cell attachment and cell proliferation
without actually reducing amounts of adsorbed proteins
(42). It is only the strength of interactions remaining, once
water has been displaced from the interface, that dictates
subsequent events of cellular wetting, spreading, and
adhesion on any given substratum. Long-term and con-
tinuing ‘‘easy-release’’ of depositing biomass, in response
to interfacial shear forces or other mechanical perturba-
tions, is the general outcome for materials of simple, low-
surface-energy quality exposed in flowing biological
media.

Particularly important studies of human monocyte/
macrophage adhesion, motility, and induced foreign body
giant cell formations on silane-modified surfaces have
revealed a methylated-surface-inhibited cellular spread-
ing pattern, reduction of adhesion, and suppression of
foreign body giant cell formation (43–45) that should
contribute to biocompatibility of implants for which be-
nign, nonadhesive responses are sought. On the other
hand, some recent success is claimed in reducing bacteria
and leukocyte adhesion to phospholipid-coated polymer
surfaces under dynamic flow conditions (46), not in con-
cordance with the ‘‘easy-release’’ criterion just noted.
These competing hypotheses require more study and
cross-comparison if we are to fulfill bioengineering goals
of reducing capsular thickness and enhancing angiogen-
esis around implant drug-release systems (47), or mediat-
ing the extracellular matrix production associated with
foreign body reactions to implanted biomaterials (48).
Regarding infection control, preventing bacterial adhesion
onto surfaces by using the low-surface-energy approach
continues to show good promise for nontoxic systems (49).

Remaining unresolved, also, are issues of surface tex-
ture control of cellular attachment and function for en-
gineering biomaterials, as distinguished from the effects of
surface energy (50). Quantitative analyses of cell prolif-
eration and orientation on uniformly grooved substrata,
as well as those with different roughness and porosity,
show that these influences change with increasing time of
adhesion (51–53). Considerable opportunity exists to make
further progress in this regard.

4. SUMMARY AND CONCLUSIONS

Having accepted and met the challenge of establishing
‘‘biocompatibility’’ with prosthetic devices, in the sense of
preventing biological adhesion in some cases and promot-
ing that adhesion in others, a good bit of the mystique
associated with the placement of new synthetic materials
into biological and engineering environments can be over-
come. The stage is set, therefore, for meeting the chal-
lenges of developing new processes for surface conversion
of a wider diversity of synthetic engineering materials and
the architecturally superior materials of natural origin
that might be taken from animal or human donors and
used in life- and limb-saving applications in unrelated
human recipients.

Work with substitute internal organs such as the
artificial heart and blood vessel grafts, and with food
handling equipment, highlights the importance of fluid
flow parameters as well as surface parameters in the
attainment of biofouling-free conditions for long periods.
A major observation that applies in all facets of bioadhe-
sion research is that initial biological colonization of all
boundary phases must be accepted. Control of the steady-
state quantity of bound material must be predicated on
the application of certain mechanical removal forces,
usually produced by shear-stress fields, set up adjacent
to these boundaries by the flowing streams that deliver
the deposited matter in the first place. The relative
strength of adhesion can be selected by adjustment of
the material’s critical surface tension and its influence on
the integrity of the first-bound ‘‘conditioning’’ films. Thus,
the preferred plane of parting of the accumulating surface
layers can be identified. Successful control of biofouling

(a) (b)

Figure 5. (a) Scanning electron micrograph il-
lustrating strongly adhesive full-thickness, dense
CC5A bacterial ‘‘plaque’’ on test material with
critical surface tension of 30–40mN/m and ad-
sorptive properties similar to human enamel. (b)
Scanning electron micrograph illustrating weakly
retained tissue layers formed around the same
test material modified to display critical surface
tension of 20–30mN/m.
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actually depends, then, on balancing the rate of deposition
with a similar rate of re-entrainment. Of great importance
is the ability to monitor and adjust the flow rates of
potentially fouling streams within test apparatus used to
evaluate the fouling tendencies of various material/fluid
combinations.

Wettability profiles of conditioning-film-coated im-
plants of the intermediate, high-energy, and low-energy
types reveal that the nonadhesive surface state is best
described by a critical surface tension remaining within
the zone between 20 and 30mN/m, despite the presence of
abundant (but loosely organized) overcoating material.
Conversely, tenacious bioadhesion is correlated with cri-
tical surface tensions converging in the zone between 30
and 40mN/m, as a result of tighter, more-coherent over-
lying films bound to such substrata. Continued expression
of the initial surface properties of practical biomaterials
through such complex films of spontaneously deposited
and then selectively retained biological matter is an
intriguing example of nature’s ‘‘biomolecular engineering’’
that might be emulated by the next generation of uni-
versity-trained bioengineers.

Histologic cross sections of tissue capsules adjacent to
intermediate-surface-energy test plates show intermedi-
ate cellular responses. Rich fibroblast-dominated cellular
populations immediately adjacent to the implants trail off
to more amorphous and loose connective tissue zones at
greater distances. As a final reminder of the enormous
dependence of all bioadhesive phenomena on the presence
and properties of proteinaceous interface conversion
layers, Fig. 6 presents an infrared spectrum of the typical
thin film on the surfaces of any implanted material. The
protein-dominated composition of this layer is obvious
from such spectral records. Increased attention must be
given to studies of the particular molecules—their sizes,
shapes, elemental, and monomeric constituents; their
origins; their lifetimes; and their two-dimensional and
three-dimensional configuration—if further advances are

to be made in the art of interfacing manmade synthetic or
engineering materials with biological systems.

As in common observations of acquired pellicle-to-bio-
film transitions during plaque formation in the human
mouth, an acquired preparticulate ‘‘conditioning’’ film is
seen in all other biological settings, also, to be preferen-
tially composed of a minority constituent of the total
adsorbabie material pool available. Common features
among such conditioning films, recruited from a variety
of biological phases are (1) that the molecules are usually
truly macromolecules, that is, molecules having very high
molecular weights, (2) are glycoproteinaceous in charac-
ter, as contrasted with pure proteins, carbohydrates,
lipoproteins, lipids, or proteoglycans (mucoid substances),
and (3) are very highly hydrated in their solution states.
Many experiments suggest that the driving force for such
highly specific deposition of the same types of films on a
large variety of solid surfaces is the event of dehydration,
of both the original surface and the macromolecules,
during their spontaneous surface localization (54).

Extrapolation of this now secure base of understanding
to emerging areas of bioengineering and biotechnology
should pay handsome dividends.

BIBLIOGRAPHY

1. W. S. Pierce, J. H. Donachy, G. Rosenberg, and R. E. Baier,
Calcification inside artificial hearts: inhibition by warfarin-
sodium. Science 1980; 208:601–603.

2. J. W. Boretos, W. S. Pierce, R. E. Baier, A. F. Leroy, and H. J.
Donachy, Surface and bulk characteristics of a polyether
urethane for artificial hearts. J. Biomed. Mater. Res. 1975;
9:327–340.

3. R. E. Baier, The organization of blood components near
interfaces. Ann. N. Y. Acad. Sci. 1977; 283:17–36.

4. R. E. Baier and R. C. Dutton, Initial events in interactions of
blood with a foreign surface. J. Biomed. Mater. Res. 1969;
3:191–206.

Figure 6. Infrared spectrum of the typical
thin capsule immediately surrounding im-
planted biomaterials, revealing the substance
to be predominantly glycoproteinaceous.

10 BIOCOMPATIBILITY OF ENGINEERING MATERIALS



5. R. E. Baier, Key events in blood interactions at nonphysiologic
interfaces—a personal primer. Artif. Organs 1978; 2:422–426.

6. R. C. Dutton, A. J. Webber, S. A. Johnson, and R. E. Baier,
Microstructure of initial thrombus formation on foreign ma-
terials. J. Biomed. Mater. Res. 1969; 3:13–23.

7. R. E. Baier, Occurrence, nature, and extent of cohesive and
adhesive forces in dental integuments. A. Lasslo and R. P.
Quintana, eds., Surface Chemistry and Dental Integuments.
Springfield, IL: Charles C. Thomas, 1973.

8. M. G. Buonocore, Bonding to hard dental tissues. R. S. Manly,
ed., Adhesion in Biological Systems. New York: Academic
Press, 1970.

9. A. J. Gwinnett and A. Matsui, A study of enamel adhesives:
the physical relationship between enamel and adhesive. Arch.
Oral Biol. 1967; 12:1615–1620.

10. A. J. Gwinnett, The scientific basis of the sealant procedure.
J. Prevent. Dent. 1976; 3:15–28.

11. R. E. Baier and V. A. DePalma, Electrodeless glow discharge
cleaning and activation of high-energy substrates to insure
their freedom from organic contamination and their receptiv-
ity for adhesives and coatings, Cornell Aeronautical Labora-
tory Report No. 176, 1970: 17.

12. N. J. Harrick, Internal Reflection Spectroscopy. New York:
Interscience Publishers, 1967.

13. R. E. Baier, Modification of surfaces to reduce fouling and/or
improve cleaning. B. Hallstrom, D. B. Lund, and C. Tragardh,
eds., Fundamentals and Applications of Surface Phenomena

Associated with Fouling and Cleaning in Food Processing.
Sweden: Division of Food Engineering, Lund University,
1981.

14. V. A. DePalma and R. E. Baier, Flow cell and method for
continuously monitoring deposits on flow surfaces, U.S. Pa-
tent 4, 175,233, 1979.

15. V. A. DePalma and R. E. Baier, Microfouling of metallic and
coated metallic flow surfaces in model heat exchange cells.
Proc. Ocean Thermal Energy Conversion (OTEC) Biofouling
and Corrosion Symp., PNL-SA-7115, U.S. Department of
Energy, 1978: 89–106.

16. R. W. King, A. E. Meyer, R. C. Ziegler, and R. E. Baier, New
flow cell technology for assessing primary biofouling in
oceanic heat exchangers, Proc. Eighth Ocean Energy Con-
ference, U.S. Department of Energy, 1981.

17. R. E. Baier, V. A. DePalma, A. E. Meyer, R. W. King, and M. S.
Fornalik, Control of heat exchange surface microfouling by
material and process variations. J. M. Chenoweth and H.
Impagliazzo, eds., Fouling in Heat Exchange Equipment,
HTD-vol. 17. New York: The American Society of Mechanical
Engineers, 1981.

18. R. E. Baier, Influence of the initial surface condition of
materials on bioadhesion, Proc. Third Int. Cong, on Marine
Corrosion and Fouling, Evanston, IL: Northwestern Univer-
sity Press, 1973: 633–639.

19. S. C. Dexter, Influence of substrate wettability on the forma-
tion of bacterial slime films on solid surfaces immersed in
natural sea water, Proc. Fourth Int. Cong. on Marine Corro-
sion and Fouling, Boulogne, France: Cent de Rech et D’Etud
Oceanogr., 1977: 137–144.

20. S. C. Dexter, J. D. Sullivan, J. Williams III, and S. W. Watson,
Influence of substrate wettability on the attachment of mar-
ine bacteria to various surfaces. Appl. Microbiol. 1975;
30:298–308.

21. D. J. Crisp and P. S. Meadows, Adsorbed layers: the stimulus
to settlement in barnacles. Proc. Roy. Soc. B 1963; 158:364–
387.

22. D. W. Goupil, V. A. DePalma, and R. E. Baier, Physical/
chemical characteristics of the macromolecular conditioning
film in biological fouling. Proc. Fifth Int. Cong. on Marine
Corrosion and Fouling, Madrid, Spain, 1980: 401–410.

23. R. E. Baier, Substrata influences on the adhesion of micro-
organisms and their resultant new surface properties. G.
Bitton and K. C. Marshall, eds., Adsorption of Microorgan-
isms to Surface. New York: Wiley-Interscience, 1980.

24. R. E. Baier, Comments on cell adhesion to biomaterial
surfaces: conflicts and concerns. J. Biomed. Mater. Res.
1982; 16:173–175.

25. R. E. Baier, Surface chemistry in epidermal repair. H. I.
Maibach and D. T. Rovee, eds., Epidermal Wound Healing.
Chicago, IL: Year Book Medical Publishers, 1972.

26. C. Mouton, H. S. Reynolds, E. A. Gasiecki, and R. J. Genco, In
vitro adhesion of tufted oral streptococci to Bacterionema
matruchotti. Curr. Microbiol. 1979; 3:181–186.

27. R. E. Baier, Adhesion to different types of biosurfaces. S. A.
Leach, ed., Dental Plaque and Surface Interactions in the

Oral Cavity. Arlington, VA: Information Retrieval, Inc., 1980.

28. R. E. Baier, E. G. Shafrin, and W. A. Zisman, Adhesion:
mechanisms that assist or impede it. Science 1968;
162:1360–1368.

29. R. E. Baier, Surface properties influencing biological adhe-
sion, R. S. Manly, ed., Adhesion in Biological Systems. New
York: Academic Press, 1970.

30. A. F. von Recum, Handbook of Biomaterials Evaluation. New
York: Macmillan Publishing Company, 1986.

31. A. S. Hoffman, Principles governing biomolecule interactions
at foreign interfaces. J. Biomed. Mater. Res. Symp. 1974;
5(1):77–83.

32. A. S. Hoffman, Letter to the Editor: a general classification
scheme for ‘‘hydrophilic’’ and ‘‘hydrophobic: biomaterials
surfaces. J. Biomed. Mater. Res. 1986; 20:ix–xi.

33. A. Chilkoti, G. P, Lopez, B. D. Ratner, M. J. Hearn, and D.
Briggs, Analysis of polymer surfaces by SIMS. 16. Investiga-
tion of surface cross-linking in polymer gels of 2-Hydro-
xyethyl Methacrylate. Macromolecules 1993; 26:4825–4832.

34. A. Park and L. G. Cima, In vitro cell response to differences in
poIy-L-lactide crystallinity. J. Biomed. Mater. Res. 1996;
31:117–130.

35. A. J. Lentz, T. A. Horbett, L. Hsu, and B. D. Ratner, Rat
peritoneal macrophage adhesion to hydroxyethyl methacry-
late-ethyl methacrylate copolymers and hydroxystyrene-styr-
ene copolymers. J. Biomed. Mater. Res. 1958; 19:1101–1115.

36. T. A. Horbett, J. J. Waldburger, B. D. Ratner, and A. S.
Hoffman, Cell adhesion to a series of hydrophilic-hydrophobic
copolymers studied with a spinning disc apparatus. J.
Biomed. Mater. Res. 1988; 22:383–404.

37. N. B. Mateo and B. D. Ratner, Relating the surface properties
of intraocular lens materials to endothelial cell adhesion
damage. Invest Ophthalmol. Vis. Sci. 1989; 30(5):853–860.

38. E. A. Vogler, Structure and reactivity of water at biomaterial
surfaces. Adv. Colloid Interface Sci. 1998; 74(1–3):69–117.

39. R. J. Good, M. Islam, R. E. Baier, and A. E. Meyer, The effect
of surface hydrogen bonding (acid–base interaction) on the
hydrophobicity and Hydrophilicity of copolymers: variation of
contact angles and cell adhesion and growth with composi-
tion. J. Dispersion Sci. Technol. 1998; 19(6–7):1163–1173.

BIOCOMPATIBILITY OF ENGINEERING MATERIALS 11



40. B. D. Ratner, Blood compatibility—a perspective. J. Biomater.

Sci. Polymer. Edn. 2000; 11(11):1107–1119.

41. S. D. Johnson, J. M. Anderson, and R. E. Marchant, Biocom-
patibility studies on plasma polymerized interace materials
encompassing both hydrophobic and hydrophilic surfaces. J.
Biomed. Mater. Res. 1992; 26:915–935.

42. T. O. Collier, C. R. Jenney, K. M. DeFife, and J. M. Anderson,
Protein adsorption on chemically modified surfaces. Biomed.

Sci. Instrumentation 1997; 33:178–183.

43. C. R. Jenney, K. M. DeFife, E. Colton, and J. M. Anderson,
Human monocyte/macrophage adhesion, macrophage moti-
lity, and IL-4-induced foreign body giant cell formation on
silane-modified surfaces in vitro. J. Biomed. Mater. Res. 1998;
41:171–184.

44. C. R. Jenney and J. M. Anderson, Alkylsilane-modified sur-
faces: inhibition of human macrophage adhesion and foreign
body giant cell formation. J. Biomed. Mater. Res. 1999; 46:11–
21.

45. T. O. Collier, C. H. Thomas, J. M. Anderson, and K. E. Healy,
Surface chemistry control of monocyte and macrophage ad-
hesion, morphology, and fusion. J. Biomed. Mater. Res. 2000;
49:141–145.

46. J. D. Patel, Y. Iwasaki, K. Ishihara, and J. M. Anderson,
Phospholipid polymer surfaces reduce bacteria and leukocyte
adhesion under dynamic flow conditions. J. Biomed. Mater.

Res. 2005; 73A:359–366.

47. B. D. Ratner, Reducing capsular thickness and enhancing
angiogenesis around implant drug release systems. J. Con-
trolled Release 2002; 78:211–218.

48. P. Puolakkainen, A. D. Bradshaw, T. R. Kyriakides, M. Reed,
R. Brekken, T. Wight, P. Bornstein, B. Ratner, and E. H. Sage,
Compromised production of extracellular matrix in mice
lacking secreted protein, acidic and rich in cystein (SPARC)
leads to a reduced foreign body reaction to implanted bioma-
terials. Amer. J. Pathol. 2003; 162:627–635.

49. J. Tsibouklis, M. Stone, A. A. Thorpe, P. Graham, V. Peters, R.
Heerlien, J. R. Smith, K. L. Green, and T. G. Nevell, Prevent-
ing bacterial adhesion onto surfaces: the low-surface-energy
approach. Biomaterials 1999; 20:1229–1235.

50. E. T. den Braber, J. E. de Ruijter, H. T. J. Smits, L. A. Ginsel,
A. F. von Recum, and J. A. Jansen, Effect of parallel surface
microgrooves and surface energy on cell growth. J. Biomed.

Mater. Res. 1995; 29:511–518.

51. E. T. den Braber, J. E. de Ruijter, H. T. J. Smits, L A. Ginsel, A.
F. von Recum, and J. A. Jansen, Quantitative analysis of cell
proliferation and orientation on substrata with uniform
parallel surface-micro-grooves. Biomaterials 1996; 17:1093–
1099.

52. A. F. von Recum, C. E. Shannon, C. E. Cannon, K. J. Long, T.
G. van Kooten, and J. Meyle, Surface roughness, porosity and
texture as modifiers of cellular adhesion. J. Tissue Eng. 1996;
2(4):241–253.

53. T. G. van Kooten and A. F. von Recum, Cell adhesion to
textured silicone surfaces—the influence of time of adhesion
and texture on focal contact and fibronectin fibril formation.
J. Tissue Eng. 1999; 5:223–240.

54. R. E. Baier, Book review of ‘‘Colloids and Interfaces in Life
Sciences’’ by Willem Norde. Biofouling 2004; 20:130–131.

12 BIOCOMPATIBILITY OF ENGINEERING MATERIALS



BIOCOMPUTATION

DAN NICOLAU Jr.
University of Melbourne
Melbourne, Australia
and
Swinburne University of
Technology

Melbourne, Australia

DAN NICOLAU

Swinburne University of
Technology

Melbourne, Australia

Biocomputation is a term that has been understood to
refer to several areas of research at the boundary between
computation and biology. Among these are computational
biology and bioinformatics (the use of computation and
mathematics to solve problems in biology), natural com-
puting (the use of naturally inspired computing models to
solve mathematical problems, e.g., evolutionary algo-
rithms, neural networks, etc.), biological computation
(the investigation of how nature processes information
at the cellular and subcellular level), and what may be
termed biomolecular computation (the attempt to exploit
biomolecules and cells to perform computations). The
latter two of these are related and complementary, two
parts of a greater effort to understand and use the
computational properties of biological entities. We deal
here strictly with biocomputation in the last sense, of
harnessing the power of biosystems to compute (i.e., to
solve mathematical problems). The most important exam-
ple of such efforts is DNA computing, in which one uses
DNA molecules and their interactions to perform compu-
tations. Recently, however, some other promising models
of biocomputation have been proposed (e.g., membrane
computing).

The use of biological entities and processes for compu-
tation is motivated by a number of factors. The first factor
is that the enormous pace of progress in current comput-
ing architectures and technologies cannot continue indefi-
nitely, and, indeed, cannot continue for much longer. The
principal reason is that this pace of development has been
mainly due to improvements in miniaturization of electro-
nic components and circuits, and current technologies are
approaching some ‘‘natural limits’’ in this respect. The
current generation of microelectronic components have
dimensions in the hundreds of nanometers, whereas the
next generation will see this reduced to tens of nan-
ometers or less. Functional electronic components cannot
be made smaller than atomic dimensions, of course; thus,
although many improvements can be made to current
architectures and materials technology, it is clear that,
in the absence of radical new ideas, the progress of
microelectronics will grind to a halt. In light of this,
biocomputation has been proposed as an alternative or
complement to ‘‘silicon,’’ along with quantum computation
and other ideas.

Secondly, many problems of theoretical and practical
interest exist whose solution using classic computational
devices (digital computers) appears to be, in many cases,

impractical. Roughly speaking, this is because all algo-
rithms for these problems may reduce to an exhaustive
search through a set of solutions whose size grows ex-
ponentially with the size of the problem (these are called
NP-complete or NP-hard problems), which implies that
instances of such problems of modest size exist whose
solution on a classic computer will require an impracti-
cally large amount of time. Although classic computers
process information very rapidly, the fact that they do so
in a sequential (one operation at a time) manner makes
them unsuitable for problems where such a brute-force
approach is required. On the other hand, computations in
nature do not proceed sequentially, but exhibit massive
parallelism. For example, the neurons in the brain process
information concurrently rather than ‘‘waiting’’ on one
another, as would be the case with a sequential algorithm.
In addition, it seems that biological systems are not only
capable of computing, but of doing so with incredible
competence in terms of energy efficiency, data storage
capacity, and speed.

1. INTRODUCTION

It is difficult to identify the beginnings of computation, but
it is clear that thousands of years ago, humans were able
to count and perform simple arithmetic; driven by inven-
tiveness and necessity, we have become increasingly adept
at (and reliant on) this crucial activity. It would not be too
much to say that our dominant position as a species is due,
in great part, to our ability to compute in one form or
another. ‘‘Computers’’ (i.e., artificial devices used to per-
form calculations) have a long history, beginning with the
abacus and continuing with functional and wished-for
devices because of Pascal, Babbage, and others. It is the
modern-day electronic computer, however, that has truly
revolutionized computing and society. Although the con-
cept of computation is a very broad one, the current
computing technologies (digital computers) have been so
enormously successful that we have come to identify them
with the concept itself. This success is attributable, in
great part, to three achievements made during the twen-
tieth century.

The first achievement was the development, by Alan
Turing, of the theory of computation as it is understood
today. Turing defined computation by considering a so-
called ‘‘Turing machine,’’ a theoretical computing device
used as a model for mathematical calculation. A Turing
machine consists of a line of cells known as a ‘‘tape’’ that
can be moved back and forth, an active element known as
the ‘‘head’’ that can change the machine’s two properties
(known as ‘‘state’’ and ‘‘color’’) of the ‘‘active’’ cell under-
neath it, and a set of instructions for how the head should
modify the ‘‘active cell’’ and move the tape. At each step,
the machine can change the color, state, or both for the
active cell. This abstract description resembles (and in-
deed, is modeled on) the computing approach of a person
(who writes symbols on a piece of paper, etc.). Intuitively, a
Turing machine is a complete model for computation as we
understand it. A Universal Turing machine is one that can
be programmed, via a finite length of tape, to perform the
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actions of any Turing machine whatsoever (universality
refers informally to the ability to compute any function, as
long as one can provide an algorithm). Turing machines
can further be divided into deterministic (if only one
instruction is associated with a given tape state) and
nondeterministic (if more than one instruction is per-
mitted for any such state). Informally, nondeterministic
machines can ‘‘go more than one way’’ at each step
whereas deterministic ones are only allowed one legal
transition for each internal state. Electronic computers
are deterministic from a theoretical point of view (at each
step, the next state of the system can be predicted given
the current state and current input). Turing left the
physical implementation of a Turing machine unspecified,
but soon after his seminal work, methods and ideas for
doing this were discovered.

The second crucial development was the proposal by
John von Neumann of what has become the dominant
computer design in use today. The heart of this architec-
ture is a ‘‘processing unit,’’ which has associated with it a
stored program (a set of instructions) and computes using
repeated cycles of fetching and executing instructions
from the program; which represents an implementation
of a deterministic Turing machine. Finally, it is necessary
to implement the operations needed by such a machine
physically—for which silicon provided the medium. It is
the fortuitous combination of these three factors, along
with some advances in physics, chemistry, and mathe-
matics, that have given this computing paradigm power
and the ability to progress at great pace.

The technologies used to build semiconductor compo-
nents have certainly greatly improved over the last 50
years; many variations on the core technology have come
and gone. The von Neumann architecture also has under-
gone some changes—a degree of parallelism has been
added to the processing unit (modern CPUs can execute
one instruction while fetching another and access data at
the same time)—and certainly the data and instruction
lengths have increased. However, both of these are still
recognizable—we still use close relatives of the von Neu-
mann architecture and we still use semiconductor-based
gates and memory elements.

On the other hand, it is clear that many problems exist
that do not lend themselves to current electronic compu-
ters (in particular, because they do not lend themselves to
efficient computation by deterministic Turing machines);
at the same time, it is also becoming clear that the current
technologies cannot continue to improve at the same pace
indefinitely. As early as 1965, Gordon Moore proposed
what has become knows as Moore’s Law: the number of
transistors manufactured on a silicon chip appears to
double every year. This law has held up admirably since
1965 (although, at the turn of the millennium, the dou-
bling period had increased to around 1.5 years), but it
cannot do so forever. There are approximately 4 silicon
atoms per nanometer, and so this is an absolute physical
limit. Before that point is reached, other physical and
process problems are likely to appear. These considera-
tions, along with some others, motivate the search for new
ideas. To this end, one need only look to nature to discover
powerful computing paradigms (and implementations).

In investigating biocomputation in the natural world,
we encounter what appears to be a paradox of sorts: On
the one hand, the ‘‘operations’’ performed on information
in biological systems are carried out rather slowly com-
pared with their equivalents in electronic computers. For
instance, the legendary ‘‘speed of thought’’ is not actually
large—in computer engineering terms, operations in the
brain have frequencies of the order of Hertz or less. By
contrast, today’s microprocessors can perform billions of
instructions per second, and so have frequencies of GHz.
On the other hand, it is clear that even very simple
biological entities are extremely proficient at many types
of computation. Biological systems are adept at, for ex-
ample, pattern recognition, a task that has proven in-
tractable for human algorithms and computers in any but
the simplest of cases. Organisms are capable of an incred-
ible degree of self-regulation; moreover, they achieve this
with a decentralized approach, in contrast to our own
highly centralized computing architectures.

This apparent incompatibility can be resolved by con-
sidering the types of ‘‘problems’’ to which biological sys-
tems compute solutions. In general, these are problems
whose solution requires only simple operations, but for
which very large numbers of candidate solutions exist. An
example of this is pattern identification—where there are
plenty of contending patterns, and the identification of a
specific one (e.g., the shape of a predator) is required. The
key for many such tasks is to perform many operations at
the same time. Although the speed or accuracy of each
operation may not be impressive, the enormous paralle-
lism of molecularity (there are billions of molecules in
even a microscopic volume) ensures the correct solution is
found among many candidates. Accuracy is not as criti-
cal—often, an approximate solution is sufficient. By con-
trast, the problems typically solved with electronic
computers usually require the rapid and accurate use of
a series of sequentially applied sophisticated and abstract
operations. Calculus problems fall in this category—the
sum of many elements is what is required to approximate
a definite integral, and each of these must be known very
accurately. Of course, parallelism still helps, but it is the
accuracy and speed of the operations that makes the
problem tractable.

It should be no surprise then that although our com-
putational devices are extremely efficient at solving pro-
blems requiring an accurate but sequential approach, they
are not so adept at solving problems requiring a massively
parallel approach. Conversely, biological entities are en-
dowed with tools useful for solving problems such as
pattern identification, control of a complex system with
many variables (e.g., metabolism), and so on. In other
words, although electronic computers’ architectures are
‘‘tuned’’ into the structure of calculus problems, for exam-
ple, nature’s computational machines appear to be tuned
into the structure of combinatorial problems.

This realization has led to the attempt to gather
inspiration from natural computing mechanisms for im-
plementation of algorithms to solve human problems on
electronic computers. Actually, biologically motivated
computing paradigms existed early in the history of
modern computing but were sidelined by artificial ap-
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proaches that delivered better results in the short and
middle term. Recently, for the reasons mentioned above as
well as because of a better understanding of biological
systems, these paradigms have seen a revival. The best-
known examples are neural networks and evolutionary
algorithms, which use abstracted data structures and
machinery from nature (e.g., models of neurons and the
process of natural selection) to solve human problems such
as face identification in a photograph, optimization, and
many others. Of course, the simulation of, for example, a
very simple neuronal network on a sequential computer
loses all the computational power of parallel processing,
but may keep some of the advantages of the networks’
attunement to combinatorial problems.

Although these fields are intimately related with bio-
computation as we have defined it above, they do not deal
with radically new methods of computation but rather
with new algorithms. The same computers are used to
execute these algorithms, based on the same architectures
and the same materials. In order to capture the computa-
tional power, efficiency, and data storage capacity of
biological systems, as well as to harness the suitability
of nature’s algorithms, we must turn to actually imple-
menting physically different computers, with biomolecular
components and biomolecular operations, all done on the
mesoscale. Although we do not currently have the tech-
nological capacity to build artificial biocomputer compo-
nents, billions of years of evolution have provided us with
readymade components: biomolecules and cells for infor-
mation storage and biochemical reactions for operations.
Several approaches to biomolecular computation have
been proposed—among these, DNA computing is the
most well-developed theoretically, and so far, the only
one that has seen successful and nontrivial physical
implementations.

2. DNA COMPUTING

Although molecular electronics has been investigated for
the last two decades, the field of DNA computing was
effectively launched in 1994 by an experiment performed
by Leonard Adleman (1). Adleman used DNA to efficiently
compute the solution to the well-known Traveling Sales-
man Problem, thus demonstrating for the first time the
principle of biomolecular computation. Since then, DNA
computing has received a great deal of attention because
of its promised problem-solving efficiency, data storage
capacity, energy efficiency, and new mathematical outlook
on computation.

2.1. Using DNA for Computation

In what follows, we provide an overview of the structure
and properties of DNA that make DNA computing possible
in principle, as well as some recent mathematical results
and a brief comparison of the DNA computing with the
accepted computing paradigm. For the mathematical the-
ory of DNA computing, the reader is referred to Păun et al.
(2). As this is a very young and active field, the best source
of information on current developments is the literature
itself, which abounds with reviews suited to most levels of

expertise. The bibliography (see below) lists some articles
of interest, and again the text by Păun et al. (2) provides a
very readable and informal introduction to the theoretical
aspects of DNA computing.

2.1.1. Structure of DNA. DNA is the molecule whose
properties make DNA computing possible, both theoreti-
cally and practically. In this section, we concisely review
the structure of DNA, as well as what these properties are
and what ‘‘operations’’ can be carried out with DNA.
Inevitably, this description will be both simplified and
brief. For the purposes of biocomputation, many chemical
and biochemical details can be omitted. For a thorough
treatment of DNA, its structure and properties, we refer
the reader to Griffiths et al. (3).

Deoxyribonucleic acid (DNA) is a polymer molecule
made of monomers called deoxyribonucleotides. In cells,
it performs two critical functions: First, it encodes the
information needed for the production of proteins and
second, it carries out self-replication, such that an exact
copy of the genetic information it contains is passed down
to ‘‘offspring’’ cells. It is the chemical structure of DNA
that allows these duties to be performed successfully.

The monomers that make up a DNA molecule are
called deoxyribonucleotides—usually referred to simply
as ‘‘nucleotides.’’ Chemically, each of these consists of
three ‘‘components’’: a sugar, a phosphate group, and a
nitrogenous base. Both the sugar and the base have
carbon atoms; the phosphate group is attached to an
atom of the sugar, whereas another carbon atom of the
latter is attached to the base. Nucleotides are divided into
purines and pyrimidines—the only difference between
these is in the structure of their respective bases. There
are two purines, adenine and guanine (abbreviated A and
G, respectively), and two pyrimidines, cytosine and thy-
mine (abbreviated C and T, respectively).

The manner in which nucleotides form bonds is critical
not only for the functions of DNA and, hence, cells, but
also of crucial interest for biocomputation, as will be seen
shortly. Essentially, nucleotides can form links of two
types. The first of these is the phosphodiester bond, which
is a strong covalent bond formed between the phosphate
group of one nucleotide and the hydroxyl group of the
sugar of another nucleotide. The second and more impor-
tant type for DNA computing consists of hydrogen (weak)
bonds between the bases of two nucleotides. Importantly,
A and T link together and C and G link together, but the
other combinations do not occur, which is known as
Watson–Crick complementarity.

These two kinds of bonds combine to produce the
famous double-helix structure of DNA discovered by Wat-
son and Crick (4). The phosphodiester bonds are needed to
form what is called single-stranded DNA, a polymer made
of many nucleotides covalently linked together. Watson–
Crick complementarity is responsible for weakly bonding
two such single strands to produce the double helix. The
contribution of many hydrogen bonds over the length of
the two double strands ensures that this structure is
stable (although single hydrogen bonds are themselves
quite weak). In vivo, the structure of DNA is more
complicated because of packing (needed to make a long
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DNA molecule fit in a small cell) and other effects—but for
the purposes of harnessing the properties of DNA for
computing, this is not important.

2.1.2. Operations on DNA Molecules. We have briefly
described the structure of DNA, which tells us what the
‘‘units’’ in a DNA computer would be, but in order to carry
out a computation, even theoretically, we need to be able to
perform some operations on these units. In the case of
DNA computing, these operations are completely differ-
ent, both in practice and in spirit, to the traditional ones.
Nevertheless, the point is that the combination of these
operations (made possible by the structure and properties
of DNA) and the large number of DNAmolecules available
may make DNA computing practical and useful. Describ-
ing the operations one can carry out on DNA molecules in
vitro in any detail is a task far beyond the scope of this
article. In what follows, we summarize the most important
of these in very approximate terms and in light of their
usefulness for computations. For a detailed biochemical
description, we refer the reader to Griffiths et al. (3),
although a thorough treatment of the mathematical nat-
ure of biochemical operations for DNA computing is given
in Păun et al. (2).

First, it is possible to separate double-stranded DNA
into its single strands, which can be done by heating the
solution above a certain denaturation temperature (gen-
erally between 85 1C and 95 1C). Alternatively, the use of
certain reagents (e.g., formamide) can lower this tempera-
ture. Cooling the solution slowly leads to the complemen-
tary base pairs ‘‘locating’’ each other and thus to the
reformation of the double-stranded structure (annealing,
or if the DNA was previously denatured, reannealing).
Sometimes annealing is referred to as hybridization,
although this term is also used to describe a different
‘‘fusing’’ operation involving strands of different origin.

Another operation that can be performed is changing
the length of a DNA strand—either shortening or length-
ening it. In the latter case, polymerases can be used to add
a sequence of nucleotides to an existing DNA strand in
certain conditions. Roughly speaking, it is possible to
produce both single-stranded and double-stranded DNA
chains of arbitrary nucleotide sequence via a series of such
‘‘concatenations.’’ Artificially synthesized single-stranded
DNA molecules are called oligonucleotides (or simply
oligos). On the other hand, nucleases can be used to
degrade the structure of DNA. These can either extract
nucleotides sequentially from the ends of a DNA strand
(exonucleases) or break the phosphodiester bonds linking
nucleotides together (endonucleases). Both operations are
quite flexible. In the case of exonucleases, it is possible to
select the end of the DNA strand from which the nucleo-
tides in question are to be removed, and there are exonu-
cleases available for single-strand DNA cleaving, double-
strand DNA cleaving, or both. In the case of endonu-
cleases, one may also ‘‘cut’’ either single strands or double
strands; additionally, roughly speaking, it is possible to
make the cut at any position in the strand.

Ligation is a process by which strands of DNA may be
linked together. This reaction is made possible by enzymes
called ligases. Ligation is normally done in a series of steps

involving annealing as well as ligation and depends,
among other things, on the way in which DNA strands
were cut or cleaved. Modifying enzymes can be used to
modify the chemical composition of nucleotides in a se-
quence. Both ligation and the modification of nucleotides
are technically involved procedures, but the key point is
that they are available and can be quite flexible.

Finally, the operation that, more than any other, brings
DNA computing from the realm of mathematics to that of
the laboratory is the polymerase chain reaction (PCR),
discovered by Mullis in 1985. PCR is essentially capable of
amplifying a very small amount of a particular DNA
strand (as low as one single molecule) to produce, in
principle, exponentially larger quantities of this strand.
One needs only to supply the so-called primers—the end-
sequences or flanking sequences of the DNA strand we
wish to amplify—which is not a significant restriction, as,
in general, these are known in advance. PCR can start, as
mentioned, with very few or even a single strand of
interest, mixed with millions of unwanted DNA strands,
and in a short time produce many copies of the sequence of
interest only. This sensitivity and efficiency have led to
PCR revolutionizing genetic engineering. It is used in
forensic analysis, genomic sequence determination, ge-
netic engineering, and other areas. We mention that it is
possible biochemically to sequence, with some degree of
effort, a given DNA strand (i.e., determine its composition)
with PCR (for example, the Human Genome Project was
made possible because of this), which is of some impor-
tance for biocomputation.

In the context of DNA computing, PCR means that we
can use relatively small amounts of DNA (the order of
milligrams to grams) to produce and filter through all
possible candidate solutions to a problem. Although there
may be many of these candidates, and thus few DNA
strands encoding each, we can use PCR at the end of the
experiment to amplify only the sequences of interest—
those encoding the ‘‘answer,’’ which is really a simplified
view of DNA computing that demands some qualification.
We hope this point will be made more clear through the
description of Adleman’s seminal experiment in DNA
computing as well as some recent efforts (see below).

From a strictly mathematical point of view, the basic
operations one needs to perform DNA computing can be
summarized by six abstract ‘‘commands.’’ Each command
makes use of the concept of ‘‘test tube’’—a virtual multiset
N of DNA molecules.

* Amplify: given a test tube,N, produce two copies of it.
* Merge: given two test tubes, N1 and N2, containing
DNA strands, form the union of their contents, U.

* Detect: given a test tube, N, determine whether it
contains any DNA strands.

* Sequence-separate: given a test tube, N, and a se-
quence of elements, s, from the set {A, C, G, T},
produce two test tubes—V(N, s) containing the DNA
strands that do contain the given sequence and W(N,
s) containing the ones that do not. This operation
should preserve the multiplicity of the respective
DNA strands.
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* Length-separate: given a test tube,N, and an integer,
n, produce a test tube, T(N, n), containing only those
DNA strands in the given test tube whose length is
less than or equal to n, preserving multiplicity.

* Position-separate: given a test tube and a sequence s
of elements from the set {A, C, G, T}, produce two test
tubes—B(N, s) containing all the DNA strands in the
original tube whose sequences begin with the given
sequence and E(N, s) containing all the DNA strands
in the original tube whose sequences end with the
given sequence.

We begin to see now how DNA computing can be
carried out. The DNA strands are the ‘‘variables’’ and
the operations defined above form a basic ‘‘programming
language.’’ The main difference from the traditional com-
puting paradigm is that the variables evolve in parallel
according to the given ‘‘rules’’ instead of sequentially.
Rather than going too far into mathematical details, we
hope to illustrate the modus operandi of a calculation by
describing Adleman’s original experiment (see below).

2.1.3. Theoretical Results in DNA Computing. Too many
results have already been obtained in this field to list
thoroughly. We simply mention a few important ones.
From a mathematical point of view, a very general result
is due to Păun et al. (2; p. 67)—that Watson–Crick
complementarity (the property in the double helix DNA
structure in which A and T link together and C and G link
together, but the other combinations do not occur – see
above) assures universality of DNA computing having
sufficient input/output capacities. According to the cur-
rently accepted Church–Turing Thesis, every computation
can be performed by a Turing machine; this result implies,
in broad terms, that DNA computing is capable of per-
forming any computation also. The power of a number of
variations of DNA computing, such as DNA computing on
surfaces, has been explored and shown to be logically
equivalent to that of solution-phase DNA computing.

Many algorithms have been proposed to solve specific
problems using DNA computing (in particular, NP-com-
plete problems). The first and most general of these was
because of Lipton (5), who showed that using the DNA
computing paradigm as discussed above, a most important
NP-complete problem, 3-SAT, can be solved in linear time.
This result also implies that any NP-complete problem can
be solved in linear time with DNA computing (as any such
problem can be reduced to 3-SAT). Thus, it is possible to
break the Data Encryption Scheme (DES); solve the
Hamiltonian Path Problem and Traveling Salesman Pro-
blem; and the ‘‘Knapsack’’ Problem; expand symbolic
determinants; decide graph connectivity; efficiently carry
out matrix multiplication; and solve many other problems
efficiently. Where these problems are NP-complete, it is
possible to solve them in polynomial time; if they are
solvable in polynomial time by a deterministic Turing
machine, the reduction in time complexity implies that
problems in P may be solvable in subpolynomial time by a
DNA computer.

2.1.4. Comparing DNA Computing with the Current Com-
puting Paradigm. Computing as we understand it today
was defined by Turing (6). For more than half a century,
this paradigm has been incarnated with incredible success
in the electronic computer. Biocomputation, on the other
hand, challenges this paradigm and has begun to force the
rethinking of our concepts of computing. Some intuitive
comparisons immediately present themselves. Turing
thought of a computer as a ‘‘clerk’’ that writes symbols
down on a tape. The symbols on the tape, together with
the ‘‘state of mind of the computer,’’ define the state of the
computation at any time, which is, essentially, in the case
of a deterministic Turing machine, a sequential set of
operations. This is precisely how electronic computers
function. Although each operation may be performed
very quickly by electronic circuits, the system must wait
for the result of one step to begin the next, roughly
speaking.

In DNA computing, by contrast, instead of a diligent
clerk performing the calculations sequentially, we have a
large number of DNA molecules evolving in parallel.
Individually, the DNA molecules have no more intelli-
gence than this clerk (in fact, they have far less). Their
power lies simply in their large number and the massively
parallel fashion in which they evolve. Whether this model
leads to more or less efficient computations than the
traditional one depends on the problem as well as the
speed of various steps and the error rates involved.
Whatever these realities may be, in principle, the DNA
computing model is a serious rival of the traditional
model, at least from a computer theoretical point of view.

It is intuitively clear, for example, that some problems
are more suited theoretically for DNA computing. If NP-
complete problems cannot be solved in polynomial time on
a sequential computer and exhaustive search is the only
strategy that one can use, then the massive parallelism of
DNA computing will at some point be more powerful than
the sequential calculation procedure of electronic compu-
ters, no matter how quickly each of the steps performed in
these can be carried out. Examples of such problems
abound. At the same time, Watson–Crick complementarity
guarantees the universality of DNA computing, in the
sense that a ‘‘DNA computer’’ can be programmed to
calculate any ‘‘computable’’ number, subject to the compu-
ter having sufficient capabilities for handling inputs and
outputs (2).

Of course, unacceptably high error rates, slow reaction
times, or expense may mean that DNA computing is
impractical in vitro for ‘‘real’’ problems. Even if this is
the case (and it is too early at present to tell), DNA
computing has already been of value in forcing computer
scientists and mathematicians to rethink the paradigm of
computation.

2.2. DNA Computing Implementations and Algorithms

In what follows, we briefly describe the current state of
DNA computing in terms of in vitro implementations and
proposed algorithms, beginning with Adleman’s experi-
ment. We go into some detail here, not only because this
experiment ‘‘launched’’ the field but also because it illus-
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trates very well some of the concepts discussed above. An
overview of the current position of DNA computing is also
given, listing the main results to date.

2.2.1. Adleman’s Experiment and DNA Computing. Gen-
erally, in the physical sciences, important new results are
established through one or a series of experiments with
spectacular results. An example was the experimental
verification of the remarkable prediction by Einstein’s
theory of relativity that light is ‘‘bent’’ by gravitational
fields. In mathematics, progress is made generally only via
rigorous proofs of theorems, conjectures, and so on (i.e.,
there is no experimental aspect and thus no uncertainty in
results). Computer science research often lies at the
boundary between mathematics and experimental
science. On the one hand, the mathematical theory of
computation is well established. On the other, many new
results are initially obtained or suggested by ‘‘software
experimentation’’ and proved rigorously later. Often, new
ideas in computer science are brought to the fore through
a demonstration, which was the case with DNA comput-
ing, a field in which undoubtedly the seminal experiment
(demonstration) was that performed by Leonard Adleman
in 1994 (1).

Adleman’s experiment solves the so-called Hamiltonian
Path Problem (HPP) for a given directed graph. This
problem can be formulated as follows: Given a directed
graph, G, and two vertices, does a path exist connecting
the two vertices that visits every other vertex, but only
once? The significance of solving this problem is that HPP
is a so-called NP-complete problem (see above). It is clear
that HPP can be solved by an exhaustive search—simply
try all the possible paths in the graph, checking, in each
case, whether the path satisfies the conditions above. If
such a path is found, then the graph has a Hamiltonian
path. If, on the other hand, no such path exists, then we
can answer HPP in the negative. The difficulty associated
with this approach is that the number of candidate paths
grows exponentially with the number of nodes in the
graph, which makes the problem rapidly become intract-
able, in the sense that an inordinately large amount of
time may be required for even a graph of modest size.
Although various algorithms have been devised to ‘‘prune’’
the tree of candidate solutions, none of these escape the
exponential complexity problem. Indeed, no NP-complete
problems are tractable at present, in the sense of being
solvable in a time polynomial with the dimensions of the
problem—all known algorithms amount to exhaustive
search. The question of whether this is in fact possible is
considered by many to be one of the single most important
problems in mathematics today (and a 1 million dollar
prize has been offered by the Clay Institute for its solu-
tion).

Adleman’s experiment solved this problem for a very
small graph; in fact, it is possible to find the Hamiltonian
path simply by inspection (the graph used by Adleman is
shown in Fig. 1). However, with the massive parallelism
and complementarity of DNA computing, HPP can be
solved efficiently in this way, even in cases where there
are many nodes. Although the graph used by Adleman
was very modest in size and it took days to solve HPP on

this graph in the laboratory, in principle, the method could
be applied to larger graphs, for which HPP cannot be
solved practically on electronic computers. Moreover, the
success of Adleman’s experiment suggests that other NP-
complete problems, some of great practical importance,
could be solved using DNA computing, which is essentially
why this single experiment was so significant. We now
briefly describe the experiment itself.

Adleman’s solution of the HPP was based on the
following algorithm:

Input: A directed graph G consisting of n vertices,
together with two vertices, vin and vout.

Step 1: Randomly generate the multiset S of all paths
in G in large quantities.

Step 2: Eliminate all paths from this multiset, that do
not begin with vin and end with vout.

Step 3: From the remaining multiset, eliminate all
paths not of length n.

Step 4: From the remaining multiset, for each vertex v
(not including vin and vout), eliminate all paths that
do not contain vertex v.

Output: If any elements remain in S, then a Hamilto-
nian path exists inG; otherwise, no such path exists.

This algorithm effectively carries out an exhaustive
search. What makes it efficient in the context of DNA
computing is that there are potentially an extremely large
number of DNA molecules in the solution. Each of the
molecules, consisting essentially of a random sequence of
nucleotide ‘‘strings,’’ can be thought of as coding for one
possible path through the graph. By eliminating the
strands that do not encode a Hamiltonian path (using
methods from biochemistry), one can eventually reach a
state where either all strands remaining are encoding
Hamiltonian paths or where no strands remain. Of course,
the elimination procedures eliminate entire classes of
illegal paths at once (e.g., all paths not beginning with
vin can be removed in one step). Thus, although the
algorithm is nondeterministic (many possibilities exist
for each step and there is no way to predict precisely
how the algorithm will evolve for each input), this massive
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Figure 1. The graph used in Adleman’s experiment.
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parallelism compensates for the unpredictability of the
algorithm’s evolution.

In this case, although it is not known how many copies
of each path will be generated at Step 1, with very large
numbers of DNA molecules to represent these topics will
guarantee that all paths will be generated. Moreover,
Watson–Crick complementarity can be used to ensure
that the DNA molecules in the solution encode only paths
in G rather than any sequence of nodes.

In Adleman’s experiment, each vertex of the graph was
associated with a 20-mer (20-nucleotide) strand of DNA.
As there are 7 nodes in the graph he used (see Fig. 1),
there were seven of these strands. For example, the stand
encoding node 2 was s2¼TATCGGATCGGTATATCCGA.
Let the Watson–Crick complement of si be h(si), then h(s2)
¼ATAGCCTTAGCCATATATGGCT. Then, dividing each
of the si in two halves, denoted si

0si
0 0, an edge from node i

to j will be encoded by the strand hðsi
0si
0 0Þ (if such an edge

exists). Thus edges also are represented by 20-mer strands
of nucleotides. Note that because each half of hðsi

0si
0 0Þ

represents one node, the edges ei-j and ej-i where iaj
will be encoded differently (this is crucial because G is a
directed graph, so that some edges do not run in both
directions).

In the experiment, large quantities of nucleotides
representing the si (nodes) and the ei-j (edges) were
mixed together in a ligation reaction (see above). These
combined to produce random long strains of DNA mole-
cules encoding all paths in the graph G (because of
Watson–Crick complementarity, the si acted as ‘‘joints’’ to
link together only nucleotides representing edges that
were both connected to the same node). Some additional
reactants were used (ligase buffers) to aid the reaction,
and the mixture was incubated for around 4 hours at room
temperature.

Following this step (Step 1 in the algorithm above), the
resulting ‘‘soup’’ was then progressively ‘‘trimmed’’ until
only nucleotides representing the Hamiltonian 0123456 in
G (see Fig. 1) remained. In terms of the ‘‘programming
language’’ discussed above, the algorithm used by Adle-
man could be written:

Input: A test tube, N, containing the DNA strands
produced in the ligation reaction (representing all
legal paths through the graph G).

Step 1: Position-separate N using the sequence s0,
keeping B(N, s0).

Step 2: Position-separate B(N, s0) using the sequence
s6, keeping E(B(N, s0), s6).

Step 3: Length-separate E(B(N, s0), s6) using n¼ 140,
giving test tube T(E(B(N, s0), s6), 140).

Step 4: for i¼ 1–5, letT¼VðT; siÞ:

Step 5: Detect using test tube T.

In Step 3, recall that the oligos si have length 20 and
there are 7 nodes in G. After Step 4, all DNA strands
originally present in N whose sequences did not begin
with vin and end with vout, were longer than the length of a
potential Hamiltonian, and did not contain each of the
other five vertices are eliminated by progressive ‘‘carving’’

of the solution set. Should any DNA strands remain, Step
5 will detect this. If none are left, we conclude that the
graph does not have a Hamiltonian path. Note that the
success of this algorithm rests on (1) the original test tube
N containing all the legal paths through G and (2) each of
the steps being error-free. Of course, these are not trivial
assumptions in vivo and need to be demonstrated. For
example, Step 2 above was implemented by a PCR using
the primers representing s0 and s6, and this reaction can,
in some instances, have a significant error rate. Subse-
quent steps used similar biochemical techniques (for de-
tails, we refer the reader to Refs. 1 and 2 and our
discussion above). Theoretically, however, this algorithm
solves the HPP for any given directed graph.

We mention here that the number of DNA molecules
used in this experiment far exceeded the needed quantity.
For each edge, around 1013 encoding molecules were
present in the solution; hence, given the small number
of paths in the graph Adleman used, many molecules
encoding the Hamiltonian would have been produced by
the ligation reaction. In principle, only one such molecule
would have been enough to solve the problem. For prag-
matic reasons, it is preferable to have as many copies of
the solution to begin with as possible, but certainly in this
experiment, the quantity of nucleotides used was much
larger than needed. The implications of this are that (1)
problems of a much larger size could be practically solved
using similar quantities and (2) conversely, much smaller
quantities could be used for small problems.

In addition, although Adleman’s experiment required 7
days of laboratory work, this is not a true reflection of the
effectiveness of this method. There are two points to be
considered here. The first is that the purpose of the
experiment was to demonstrate a principle; the procedure
used was rather a crude one. Certainly, a great deal of
optimization could be carried out. In particular, the PCR
procedures used can be automated to some extent and
made far more efficient. The second and more fundamen-
tal point is that this procedure requires no more than
linear time in the number of nodes of the graph G. The
most time-consuming part of the experiment was Step 4
listed above (simply because it had to be carried out for
each node). Were we to double the number of nodes, this
step would simply take twice as long to complete, even in
the absence of any optimization, whereas Steps 1, 2, and 3
would not be considerably more complex from a mathe-
matical point of view. On the other hand, using a sequen-
tial computer, doubling the number of nodes may mean
that exponentially longer time will be required to solve the
problem. Thus, DNA computing’s massive parallelism
ensures that this NP-complete problem remains tractable
in time. The ‘‘price’’ for this is that, in the worst case,
exponentially greater amounts of DNA may be needed to
guarantee the generation of all solutions (paths, in this
case). However, as discussed already, this may not amount
to very much for many practical problems, because in
theory, a single molecule is needed in the final ‘‘soup’’ to
indicate the existence of a solution. The main point is that
the combination of massive parallelism and complemen-
tarity make the efficient solution of NP-hard problems
possible, at least mathematically.
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Since Adleman’s experiment, biomolecular computa-
tion has received a great deal of attention in the literature.
The avalanche of theoretical results has not been matched
by in vivo implementations, however. Adleman’s original
experiment has been replicated by a few groups. Some
progress has been made toward solving small instances of
3-SAT, notably on a surface (7). DNA-based addition has
been implemented. More recently, Adleman solved a lar-
ger instance of the HPP, involving around a million
possible solutions (8).

2.2.2. DNA Computing on Surfaces. As mentioned
above, the practical success or failure of DNA computing
implementations as defined by Adleman’s experiment
(‘‘solution-phase’’ DNA computing) depends on the ability
to maintain the error rates of the various biochemical
operations below relatively small limits. As the idea
behind DNA computing is to organize massively parallel
and, hence, efficient searches through the complete solu-
tion space, DNA computing requires the representation of
this space using DNA strands. In Adleman’s experiment,
this representation was guaranteed by the ratio of DNA
strands available to the number of candidate solutions,
which was very large. As the complexity of the problem
(expressed in terms of the dimensions of the input)
increases, this ratio decreases for a given initial amount
of DNA (i.e., the average number of strands encoding one
candidate solution becomes smaller), which places de-
mands on the maximum acceptable error rate or, equiva-
lently, on the minimum amount of DNA needed. Thus,
DNA computing as defined suffers from a ‘‘scalability’’
problem, which has prompted the search for means to
better control the error rates in DNA computing opera-
tions (e.g., PCR, hybridization). One avenue for improving
experimental control during DNA computing experiments
is to immobilize the DNA strands on a surface before
manipulation, which is referred to as ‘‘DNA computing on
surfaces’’ and was first proposed by Liu et al. (7).

First, the nucleotides encoding the solutions are gen-
erated in the same way as for solution-phase DNA com-
puting—possibly with some redundancy because the

biochemical operations performed on them will not be
100% accurate (such that each base represents one or
more bits). These nucleotides are then immobilized on a
surface (such as glass, silica, or thermally grown oxides on
silicon wafers) in a nonaddressed fashion (i.e., without
regard to spatial organization). Following this step, opera-
tions equivalent in computational power to solution-phase
DNA computing operations can be performed. Specifically,
it has been proposed (7) that a ‘‘mark-destroy-unmark’’
scheme is sufficient for many computations. Roughly
speaking, one first ‘‘marks’’ the DNA strands of interest
(say, those whose jth base represents a 0) by hybridizing
them with complementary strands (followed by polymer-
ization). Thus each strand binds to its complement if the
latter is present on the surface. At the next step, those
strands on the surface that are not bound to their respec-
tive complements can be destroyed (i.e., degraded) with
exonucleases (see above). One can then ‘‘unmark’’ the
remaining DNA strands simply by washing with distilled
water (because, in the absence of double-strand stabilizing
salts, the complements will denature from the surface-
bound oligos, leaving the single-stranded DNA attached).
These steps can be repeated a number of times until all
that remains on the surface are the oligos representing
the solution to the problem instance. One can test whether
this set is empty (and extract the solution if not) using
PCR for solution-phase DNA computing by either cleaving
the remaining DNA from the surface (if single-stranded)
or by ‘‘unmarking’’ the strands as described and amplify-
ing the complements (Fig. 2).

There are advantages and disadvantages to this
method. The operations on the oligos are far more efficient
in surface-based DNA computing because less strands are
lost at each step (and so, less solution set representation
redundancy is needed initially) because of the immobiliza-
tion of the oligos at the surface and thus to reduced
interference between strands. Other advantages include
ease of purification and the ability to use more established
biochemical techniques and to automate the process. A
high information density is achievable (one base per bit or
better) because of the single-base mismatch approach.

(a)
(b)

(c) (d)

Single-stranded DNA Complementary DNA

Figure 2. DNA computing on surfaces. Mark-
Destroy-Unmark cycle: (a) immobilization, (b)
hybridization, (c) exonuclease treatment, (d)
unmarking.
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However, relatively speaking, these gains come at the
price of a massively reduced information density (from
3D storage to 2D storage). Additionally, the number of
operations per second is limited by the slower enzyme
kinetics at the surface while the hybridization efficiency
cannot be expected to be as high as in solution. Finally, the
surface-based method does not eliminate scaling problems
because discrimination of single-base mismatches be-
comes more difficult as the strand length increases and
the operations are not error-free in any case. The most
serious of these limitations is the loss of information
density—one must either increase the surface area (e.g.,
by using microbeads instead of a planar surface) or
attempt to employ a local three-dimensional surface chem-
istry.

From a mathematical point of view, surface-based DNA
computing is a competitor to solution-phase DNA comput-
ing. It is known (9) that surface-based DNA chemistry
supports general circuit computation on many inputs in
parallel efficiently and that the number of parallel opera-
tions needed to decide the satisfiability of a Boolean circuit
is proportional to the size of the circuit.

3. OTHER BIOCOMPUTATIONAL MODELS

The realization that many biological processes can be
regarded as computations has led to a number of proposals
regarding the harnessing of biology for performing effi-
cient calculations. In a sense, biocomputation is a subset of
natural computing, a field dealing with computing occur-
ring in nature and computing using ideas inspired by
nature. Interpreting complex natural phenomena as com-
putational processes enhances both the understanding of
these phenomena and of the essence of computation.
Examples of more classic computational strategies in-
spired by nature include artificial neural networks and
evolutionary computing—these aim simply to ‘‘simulate’’
in silico processes imitating those occurring in nature in
the hope of exploiting their suitability to certain problems.
At the other end of the scale, we have what has been called
here biocomputation: biomolecular computing (DNA com-
puting), biological circuits, membrane computing, comput-
ing with mobile bioagents, and other schemes that aim to
actually implement using biomolecular components and
strategies in vitro, which is illustrated schematically in
Fig. 3, where the vertical scale indicates the strength of
the biocomputational (i.e., in vivo) flavor. It is interesting
to note that all of the computational schemes inspired by
nature that have been proposed so far have been supplied
by biological systems—suggesting that perhaps computa-
tion is something particular to life.

One important and recent computing paradigm in-
volves membrane computing or ‘‘P-systems’’, proposed by
Păun (10). It is based on the notion of membrane (cell wall-
like) structure that is used to enclose computing cells in
order to make them independent computing units. Also, a
membrane serves as a communication channel between a
given cell and other cells ‘‘adjacent’’ to it. This model
comes from the observation that the processes that take
place in the complex structure of a living cell can be

considered as computations. Since these computing de-
vices were introduced, several variants have been consid-
ered. A good introduction to P-systems can be found in
Păun and Calude (11). Briefly, a membrane contains a
number of ‘‘objects,’’ possibly with some multiplicity, to-
gether with a set of rules (with priority relations) control-
ling the combination of objects to produce other objects
(e.g., objects a and b can combine to produce c via the rule
ab-c). Membranes can contain other membranes (lead-
ing to a tree of membranes) and, in the general case, rules
can dissolve membranes and send objects outside of the
membrane and membranes can also replicate. It is not
difficult to see how this scheme imitates the functioning of
a living cell, with the membrane representing the cell
wall, the objects representing chemical species in the cell,
and the rules representing the biochemical reactions
between these. A P-system is illustrated in Fig. 4.

This computing paradigm is extremely strong from a
mathematical point of view, both in terms of computa-
tional power and in terms of efficiency, which is principally
because P-systems evolve in parallel on two levels: in the
membrane, a computation is being carried out in parallel,
whereas different membranes can evolve in parallel also
(including replicating themselves and being destroyed). It
is known (10) that NP-complete problems can be solved in
linear time by P-systems with active membranes, and
various other theoretical results exist for variants of P-
systems. Unfortunately, implementing even an extremely
simple version of such a system in vivo has not even been
attempted and is unlikely to be achieved in the near future
because of the incredible complexity of living cells.

A biologically related and more realistic biocomputing
scheme involves the construction of biological circuits
using ‘‘gene switches.’’ Gardner et al. demonstrated the
construction of a genetic toggle switch in Escherichia coli
(12). Elowitz and Leibler (13) built a simple synthetic
‘‘genetic clock’’ with genetic expression in cells, which
could be considered the first successful attempts at show-
ing artificial computation to be possible in a cell. Such
biological circuits are unlikely to replace the functions of
electronic circuits or solve complex problems, but they do
hold a great deal of promise with respect to controlling
artificially living cell systems, analogously to the way in
which electronic systems control electrical and mechanical
systems.

A different avenue for computation using biological
systems involves the use of the natural directional mobi-
lity of some biological entities, which may be coupled with
the ability of cells to communicate with one another and
interact with the environment. Nakagaki et al. (14) de-
monstrated the solving of a maze by an autonomous
amoeboid organism (a nontrivial if not NP-hard mathe-
matical problem). This demonstration shows that cellular
materials can display a type of primitive intelligence and
are capable of relatively sophisticated computations. Ni-
colau and Nicolau (15) suggested that the directional
motion of actin on myosin (protein molecular motors
responsible for many processes including muscular con-
traction and cell division) in the in vitromotility assay can
be regarded as a computation and, because of the large
numbers of molecular motors that can be made to move
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simultaneously in microstructures, may be able to be used
to efficiently compute the solutions to difficult combinator-
ial problems (e.g., NP-complete problems).

4. PERSPECTIVES

Aside from the services DNA computing may render to the
theory of computation and the way we view this activity,
the central question facing the field of DNA computing is
whether it will practically change the way that we com-
pute or merely remain a ‘‘curiosity,’’ which is by no means
a vague question—in fact, it appears that the answer
depends quite precisely, as suggested above, mainly on
(1) the error rates with which the operations can be
performed and (2) the limits with which problems can be
represented by DNA strands.

The advantages of DNA computing over the traditional
paradigm are clear. The first of these is the processing
speed of the ‘‘soup’’: In Adleman’s model, the number of
operations per second was estimated at around 1018—
around a million times more rapid than the fastest super-
computer available today. Secondly, DNA has an enor-
mous capacity for data storage, as attested to by the

incredible complexity of even the simplest life form. An
information density of one bit per cubic nanometer is
probably achievable, which is some billions of times
more dense than current computer memories. It is esti-
mated that a single DNA strand could hold more memory
than all the hard drives ever manufactured to date.
Finally, DNA computing would be far more energy effi-
cient than electronic circuits are. Computers generally
perform at the level of a billion operations per Joule,
whereas a DNA computer could achieve an energy effi-
ciency some billions of times better than this.

For the first of the above conditions, a rough mathema-
tical analysis is possible, as undertaken for example by
Adleman et al. (16), in relation to the amounts of DNA
needed to have a given chance of breaking the DES, which
is one of the most commonly used algorithms for secure
communications. If an error rate as low as 10�4 (i.e., one
error in 10,000 operations, on average) can be attained,
then the amounts required are rather low, of the order of 1
g (which is actually not a small quantity by the standards
of molecular biology but is still very reasonable in gen-
eral). On the other hand, if the error rate were one in a
hundred operations, then the required amount would be
larger than the mass of the Earth. Even with a one in one
thousand error rate, one would still require kilograms to
break a 56-bit DES—an amount far too large to make
routine DNA computing feasible on real-life problems.
Such quantities would not only be prohibitively expensive
but pose serious problems for the machinery performing
the mixing, and so on. Thus, the feasibility of DNA
computing will depend in the strongest terms on the error
rate attainable in vitro. It is difficult to say even with
current techniques what these error rates are expected to
be in practice; and one can only speculate on what im-
provements future developments can bring.

We can also say something about the second condition
above. As DNA computing is known to solve NP-complete
problems in linear time, we would expect, in general, to
only require strand lengths that grow linearly with the
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Figure 3. Biocomputation as a field of nat-
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Figure 4. A P-system with multiple nested membranes.
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input size—suggesting that length should not be an in-
surmountable problem, which in fact, is not strictly true.
In keeping with the DES example, DNA strands of the
order of 10,000 nucleotides are expected to be required for
breaking a 56-bit code. Although a realistic problem size,
oligonucleotides longer than around 15,000–20,000 bases
are subject to breakage because of even modest fluid shear
forces. Although it may be possible to improve on both the
representation efficiency and the maximum stable strand
length, these figures indicate an order-of-magnitude limit
on the length of a problem that can safely be encoded.
Without significant new developments, this order-of-mag-
nitude limit would pose a clear problem.

In addition, arguments such as these apply to ‘‘combi-
natorial problems,’’ which appear to be naturally suitable
to DNA computing. Other problems are likely to be no
more tractable experimentally. Finally, it should be men-
tioned that, even in principle, the time efficiency of DNA
computing comes at a price—exponentially larger
amounts of DNA are needed as the input size of an NP-
complete problem grows linearly, in the worst case. No
matter how small the error rate can be made, eventually
these amounts will become prohibitively large, which, of
course, is the case with any computational device—the
question is whether DNA computing will be superior to
electronic computing for these or other problems.

This discussion would suggest a bleak outlook for the
possibility of implementing DNA computing. On the con-
trary, theoretical and experimental developments so far
give us plenty of reasons for optimism. It is clear that DNA
computing is a very promising field. It is also becoming
clear that new techniques will be needed to improve our
control over the DNA molecules in vitro in order for this
promise to be fulfilled. A consensus is slowly emerging
that, in the future, DNA computers may well complement
their electronic counterparts in some way, rather than
replacing them. Additionally, DNA computing may prove
instrumental in nanotechnology and related fields.

Other biocomputational techniques are, at the time of
writing, too immature to allow any but the crudest form of
speculation about the future. Ten years ago, it is improb-
able than anyone would have been able to foresee Adle-
man’s experiment and the astonishing rate of progress in
the field since. Thus, it is surely foolish to predict the next
10 years. Nevertheless, one can say with some confidence
that it is likely that biocomputation will have some role in
the future of computer science. It is clear that biological
systems are extremely proficient at performing certain
kinds of computations—fortuitously, those appear to be
problems that digital computers are not proficient at.
Attempts at implementing primitive ‘‘biohardware’’ and
solving simple problems using biological systems have
already met with some success, and the pace of develop-
ment can be expected to continue in the near term.
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1. INTRODUCTION

Interactions between living organisms and electromag-
netic fields have long attracted attention from numerous
scientists. However, it is only recently that scientists have
begun to study the interactions systematically, and to
apply electromagnetic fields to the study of biological
phenomena. Applying an interdisciplinary approach,
these studies cover a wide range of fields from medicine
and biology to physics and engineering (1). A technique of
localized and vectorial transcranial magnetic stimulation
(TMS) has enabled us to obtain noninvasive functional
mapping of the human brain (2–6). Recent studies have
shown that TMS potentially has therapeutic effects for
several diseases such as mental illnesses, ischemia, and
cancer (7–20). The development of bioimaging technolo-
gies such as electroencephalography (EEG), magnetoen-
cephalography (MEG), and magnetic resonance imaging
(MRI) enabled the identification of the locations of human
brain functions (21–26). Despite these technologies, how-
ever, it is still difficult to understand the dynamics of brain
functions, which include millisecond-level changes in
functional regions and dynamic relations between brain
neuronal networks. Development of new bioimaging
methods for visualizing neuronal electrical activities and
electrical conductivities in the brain is an attractive
research field (27–33). Technological advances of super-
conducting magnets have enabled us to study diamagnetic
forces on biological macromolecules and cells. The dia-
magnetic force causes magnetic orientation of macromo-
lecules and cells, which has potential applications in
regenerative medicine (34–43). This chapter reviews re-
cent advances in biomagnetics and bioimaging techniques
such as TMS, EEG, MEG, MRI, cancer therapy, magnetic
control of cell orientation and cell growth, and magnetor-
eception in animals.

2. TRANSCRANIAL MAGNETIC STIMULATION

TMS of the human brain was developed by Barker et al. in
1985 (2). When a strong electric current is applied to a coil
over the head for 0.1ms, a pulsed magnetic field of 1T is
produced. This magnetic field induces eddy currents in the
brain, which stimulate the neurons. Geometry of the coil is
an important factor affecting spatial distribution of the
eddy currents. Most of the presently used stimulators
have a circular coil or a figure-eight coil. The figure-eight
coil consists of a pair of circular coil elements and was
proposed by Ueno et al. (3). Pulsed electric currents were
applied to the two coil elements in the opposite directions.
This geometry enables focal and vectorial stimulation

because the eddy current converges below the intersection
of the coil elements and flows in a specific direction.
Calculations of the eddy current distributions in the hu-
man brain generally require numerical methods because
the human head consists of multiple tissues with different
electric conductivities. Eddy current distributions were
obtained for circular coils and figure-eight coils using the
finite element method (7,8). Figures 1a and 1b show the
magnetic field distributions on the surface of the head for
a 100-mm circular coil and a 75-mm figure-eight coil.
Figures 1c and d1 show the eddy current distributions
for these coils. The brain surface under the intersection of
the figure-eight coil exhibited high current density. The
circular coil induced more widespread eddy currents
compared with the figure-eight coil.

TMS is a useful method to examine dynamic brain
function without causing any pain, producing so-called
‘‘virtual lesions’’ for a short period of time. The authors
were able to noninvasively evaluate the cortical reactivity
and functional connections between different brain areas.
An associative memory task involving pairs of Kanji
(Chinese) pictographs and unfamiliar abstract patterns
were studied (4). The subjects were 10 Japanese adults
fluent in Kanji, so only the abstract patterns represented
novel material. During memory encoding, TMS was ap-
plied over the left and right dorsolateral prefrontal cortex
(DLPFC). A significant reduction in subsequent recall of
new associations was seen only with TMS over the right
DLPFC. This result suggests that the right DLPFC con-
tributes to encoding of visual-object associations.

TMS has a wide range of clinical and preclinical
applications such as identification of the location of the
motor cortex and treatments of neurological and psycho-
logical diseases. The localized TMS is particularly useful
for noninvasive mapping of the brain function for presur-
gical planning (5,6). Recording of motor evoked potentials
caused by TMS shows us the location of the motor cortex.
This technique enables us to avoid motor deterioration
after a brain surgery. For practical purposes, the func-
tional mapping using TMS requires equipment for mea-
suring the location of the coil and software for visualizing
the stimulation targets on individual MRI. Stereotactic
TMS devices allow precise mapping of the spatial and
temporal representation of brain activities that react to
magnetic stimuli such as sensory, motor, language, and
cognitive functions.

Recent studies showed that repetitive TMS (rTMS) has
therapeutic effects on neurological and psychological dis-
eases. Electroconvulsive therapy (ECT), in which electric
currents are applied to the brain, improves severe mental
illnesses such as depression. Effects of TMS on depression
have been investigated because TMS has a potential to
give a comparable therapeutic effect to ECT with less
invasiveness. In several studies, TMS improved schizo-
phrenia (9) and Parkinson’s disease (10) as well as depres-
sion (11).

We investigated the effect of rTMS on long-term poten-
tiation (LTP) in the rat hippocampus (12,13). Rats were
magnetically stimulated at a rate of 1000 pulses/day for 7
days by a circular coil, in which the peak magnetic fields
at the center of the coil were 0.50, 0.75, 1.00, and 1.25T.
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LTP enhancement was observed in the 0.75-T rTMS
group, and LTP suppression was observed in the 1.25-T
rTMS group, whereas no change was observed in the 0.50-
T and 1.00-T rTMS group. These results suggest that the
effect of rTMS on LTP depends on the stimulus intensity.
In another study, LTP was suppressed after the hippo-
campal slices were exposed to ischemic conditions (14).
The LTP in the 0.75-T rTMS group was enhanced com-
pared with the LTP of the sham control group in each
ischemic condition, suggesting that rTMS resulted in
acquisition of ischemic tolerance in the hippocampus
(Fig. 2).

The effect of rTMS on injured neurons was investigated
in the rat brain after administration of the neurotoxin
MPTP (l-methyl-4-phenyl-l,2,3,6-tetrahydropyridine) (15).
The rats received rTMS (10 trains of 25 pulses/s for 8 s)
48h after MPTP injection. Tyrosine hydroxylase (TH) and
NeuN expressions were investigated in the substantia
nigra. The functional observational battery-hunched pos-
ture score for the MPTP-rTMS group was significantly
lower and the number of rearing events was higher
compared with the MPTP-sham group. These results
suggest that rTMS reactivates the dopaminergic system
in the brain.

3. ELECTROENCEPHALOGRAPHY AND
MAGNETOENCEPHALOGRAPHY

Activities of neurons and muscles originate from exchange
of ions between intracellular space and extracellular
space. Electric current associated with the transfer of
ions generates electric field and magnetic field around
the activating cell. Electroencephalography (EEG) and
electromyography (EMG) are techniques to record electric
potentials at electrodes attached to the surface of the head
and muscles, respectively. The electric potentials obtained
from these techniques reflect activities of a group of
neurons and muscle cells unlike in the case of single cell
recording. Berger reported the first EEG measurement of
the human brain in 1929. Researchers recognized his
result after Adrian performed a precise EEG measure-
ment to validate his result in 1935. Electrodes for EEG
recordings are usually arrayed at 21 points on the scalp
according to the International 10-20 Electrode System.
For some research purposes, more than 60 electrodes are
used for detailed mapping of potentials, whereas EEG
recordings with a few electrodes meet some monitoring
purposes. Neuronal activities can be observed using mag-
netic sensors as well as surface electrodes. Magnetoence-
phalography (MEG) is a method for measuring magnetic
fields as weak as 5 � 10–15 T (i.e., 5 fT by superconducting
quantum interference devices (SQUIDs) arrayed on the
scalp). Cohen succeeded in recording MEG corresponding
to alpha-waves from the human brain in 1972 (21). The

0.48 0.48

0 (T)

0 (A/m2)0 (A/m2)

0 (T)
(b)(a)

(d)(c)

20 20

Figure 1. (a) Magnetic field distribution on the
surface of the head model for transcranial mag-
netic stimulation (TMS‘1) using a 100-mm circu-
lar coil. (b) Magnetic field distribution for a 75-
mm figure-eight coil. (c) Eddy current distribu-
tion on the surface of the brain for TMS using the
100-mm circular coil. (d) Eddy current distribu-
tion for the 75-mm figure-eight coil.
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main advantages of EEG and MEG over other imaging
modalities are their complete noninvasiveness and their
high temporal resolution of milliseconds.

The relation between neuronal electric currents and
the resulting electric potentials or magnetic fields on the
surface of the head is one of the most important topics in
EEG and MEG. Estimation of the surface potentials or
magnetic fields from a given neuronal current source is
called the forward problem, and estimation of the neuro-
nal current source from measured potential or magnetic
fields is called the inverse problem. The inverse problem is
an ill-posed problem whose solution is underspecified. In
order to specify a current source from the measured
potentials or magnetic fields, a model should be employed
to restrict the solution according to a priori knowledge, or
a mathematical constraint should be imposed in the
inverse problem. Methods for solving the inverse problems
are classified by their models or mathematical constraints.
Signals of EEG or MEG occur as a result of a spatio-
temporal coherence of electrical activities of a group of
neurons in a part of the brain. From an electromagnetic
point of view, the source of electrical activities of neurons
can be approximated by a current dipole. In the case of
MEG, magnetic field B(i) generated from a current dipole
and recorded by a sensor i is given by the following
equation based on the Biot–Savart’s law:
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where L is the position vector of the current dipole, Q is
the current dipole moment, R(i) is the position vector of

the sensor i, n(i) is the direction of the sensor i, and m0 is
the magnetic permeability of free space. For multiple
sensors, Equation 1 is extended to
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where m is the number of sensors and g is the gain matrix
giving the relation between the current dipole and the
measured magnetic fields. An extension of Equation 2 for
the case of multiple current dipoles leads to
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where p is the number of current dipoles. Equations 2 and
3 have nonlinearity in terms of the relation between the
magnetic field and the position of current dipole. The
position and moment of current dipole can be estimated
from the measured magnetic field using nonlinear fitting
algorithms such as the Marquardt algorithm (22). In this
approach, the algorithm minimizes the error of mean
square developing between the measured magnetic field
and the magnetic field given by the above forward model.
The fitting approach is mathematically defined as

X

m

i¼ 1

B ið Þcal�B ið Þmeas

� �2
! min; ð4Þ

where B(i)cal is the magnetic field calculated from the
forward model and B(i)meas is the measured magnetic
field. In another approach for solving the inverse problem,
multiple current dipoles are arrayed on the surface of the
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Figure 2. LTP in the 0.75-T rTMS group and
sham control groups in each ischemic condition.
The LTP in the 0.75-T rTMS group was en-
hanced compared with the LTP of the sham
control group in each ischemic condition. Teta-
nus stimulation was applied at time¼0min.Er-
ror bar¼ 71 SEM.
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brain (or inside the brain), and their dipole moments are
estimated under appropriate constraints. In this frame-
work, an infinite pattern of dipole moments exists that
explains the measured magnetic field because the number
of equations in this problem is much smaller than the
number of unknown parameters. This kind of problem
requires some performance function in order to choose one
pattern of dipole moments (or one solution to this pro-
blem), which is the most reasonable in electromagnetic
and physiological point of view. Divergence of solution, in
which extraordinarily large dipole moments with opposite
directions juxtapose to each other, gives rise to a physio-
logically unreasonable solution. The minimum norm
method is widely used for avoiding the divergence (23).
In this method, minimization of the norm of the dipole
moments results in one appropriate solution to the inverse
problem.

We measured the event-related magnetic field P300m
with MEG and the event-related potential P300 with
electroencephalography (EEG) (24). Multiple equivalent
current dipoles were estimated from the P300 and P300m
waveforms obtained from visual and somatosensory odd-
ball paradigm tasks. Estimated sources from P300m were
located on both sides of the occipito-temporal gyrus for
visual stimuli and on the post central gyrus for somato-
sensory stimuli. The sources of P300m were modality
specific. The equivalent current dipoles of P300 were
located on the cingulate gyrus and the thalamus in addi-
tion to the locations estimated from P300m. However, the
dipoles of P300m in MEG were not located on the cingu-
late gyrus and the thalams. The discrepancy between
EEG and MEG was because of the difficulty to measure
radially oriented dipoles in MEG.

4. MAGNETIC RESONANCE IMAGING

Magnetic resonance imaging (MRI) is a method to obtain
spatial distribution of nuclear magnetic resonance (NMR)
signals using gradient magnetic fields and Fourier trans-
form. The basic principle of MRI was proposed by Lauter-
bur in 1973 (25). A MRI system consists of a magnet,
gradient coils, and radio-frequency (RF) coils. The magnet
applies a strong static magnetic field B0 to nuclear spins,
which causes a gap in energy levels of the spin states. The
frequency of NMR signal, o0, is proportional to the
intensity of magnetic field. This relation is given by

o0¼ gB0; ð5Þ

where g is the gyromagnetic ratio (2.7 � 108 rad/s/T for 1H
nucleus). The energy of a photon at the NMR frequency,
e¼h%o0, equals to the gap in the energy levels of the spin
states. Presently used magnets for clinical MRI systems
are either superconducting magnets or permanent mag-
nets, producing magnetic fields between 0.2T and 3.0T.
The gradient coils produce linear gradient magnetic fields
in x, y, and z directions. The gradient magnetic fields
enable image reconstruction based on slice selection,
frequency encode, and phase encode. The RF coils produce
electromagnetic fields B1 at the NMR frequency and

receive NMR signals from the nuclear spins. The princi-
ples of MRI are described in detail in Ref. 26.MRI visua-
lizes a variety of tissues properties such as brain
activities, blood flow, metabolism, diffusion of water mole-
cules, neuronal fiber tracts, temperature, and elasticity in
addition to anatomy. Figure 3 shows magnetic resonance
images of the human brain and the rat brain, magnetic
resonance angiogram, and magnetic resonance spectra of
a skeletal muscle. Magnetic resonance spectroscopy is
useful for investigating metabolism in tissues. Visualiza-
tion of electric and magnetic phenomena in living bodies
has recently been realized as discussed below.

Magnetic resonance imaging of electrical phenomena
in living bodies is useful for quantitative evaluations of
biological effects of electromagnetic fields. Magnetic field
in an object causes a shift in the resonant frequency
(44,45) and a change in the phase of magnetic resonance
signals (46). Stationary electric current causes an increase
in the apparent diffusion coefficient (47). Spatial distribu-
tions of externally applied magnetic field and electrical

(a)

(c) (d)

(b)

(e)

Cho Cr/PCr
Lipids

5 4 3 2 1 (ppm)

Figure 3. (a) T1-weighted image of the human brain. (b) T2-
weighted image of the human brain. (c) T1-weighted image of the
rat brain. (d) Magnetic resonance angiogram of the rat cerebral
arteries. (e) 1H magnetic resonance spectrum of the rat gastro-
cnemius.
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current can be estimated from these changes in magnetic
resonance signals. These methods have potential medical
applications such as imaging of current distributions in
electrical defibrillation (48). Detection of weak magnetic
fields induced by neuronal or muscular electrical activities
using MRI is a potentially effective method for functional
imaging of the brain. However, the detection of these weak
magnetic fields requires extremely high sensitivity. A
numerical analysis of the theoretical limit of sensitivity
for detecting weak magnetic fields generated in the hu-
man brain was performed (27). The theoretical limit of
sensitivity was approximately 10–8 T. The effect of neuro-
nal electrical activities on magnetic resonance signals was
investigated in several experimental studies (28,29).
These studies will lead to a new method for visualizing
brain function with a spatial resolution of millimeters and
a temporal resolution of milliseconds.

Estimation of impedance distributions of biological
tissues is essential for various analyses in biomedical
engineering, such as obtaining current distributions in

electric stimulation and magnetic stimulation, calculating
the absorption of electromagnetic waves from mobile
phones, and current source estimations in EEG and
MEG. Impedance-weighted magnetic resonance images
were obtained during applications of external oscillating
magnetic fields, which induce impedance-dependent eddy
currents in a sample (30). In another study, spatial dis-
tribution of electrical impedance was obtained from the
electrical current distributions using an iterative algo-
rithm (49). The ADC reflects electrical conductivity of a
tissue, which enables an estimation of anisotropic con-
ductivity of the tissue (31–33). Conductivity distributions
were obtained in the rat brain and the human brain using
MRI. The estimation of conductivity was based on the
proportionality between the self-diffusion coefficient of
water and conductivity. Figure 4 shows conductivity
maps of the human brain. The signals in the corpus
callocum exhibited high anisotropy because of alignment
of neuronal fibers. Regions with high conductivity aniso-
tropy were found in the white matter.
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Figure 4. (a)–(c) Images of electrical conduc-
tivities in the human brain in the superior-
inferior, right-left, and anterior-posterior direc-
tions. (d) and (e) Images of the mean conduc-
tivity (MC) and the anisotropy index (AI). (f)
Color map of conductivity. The intensities of
red, green, and blue are proportional to the
conductivities in the superior-inferior, right-
left, and anterior-posterior directions, respec-
tively.
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A distinctive signal inhomogeneity occurs in images of
objects with high dielectric constant. This phenomenon,
dielectric resonance, particularly appears in scanners
with high static fields. Spatial distributions of magnitude
and phase of magnetic resonance signals in cylindrical
objects were obtained by theoretical calculations and
experiments (50). As diameter of the object approaches
to the wavelength of electromagnetic fields in the object,
the center of the object exhibited high magnitude of
signals.

5. CANCER THERAPY

Magnetic force acting on magnetic materials moves the
materials along magnetic field gradients. A new method to
destruct targeted cells was developed using magnetizable
beads and pulsed magnetic force (16,17). TCC-S leukemic
cells (51) were combined with magnetizable beads. After
combination, the cell/bead/antibody complexes were
placed on a magnet for enough aggregation. The aggre-
gated beads were then stimulated 10 times at 5 sec inter-
vals by a circular-shaped coil, which produced a magnetic
field of 2.4T at the center of the coil. After the stimulation,
the viability of the aggregated and stimulated cell/bead/
antibody complexes was significantly decreased, and the
cells were destructed by the penetration of the beads into
the cells or rupturing of the cells by the beads, as shown in
Fig. 5. In principle, the magnetic force acting on any
particular material is proportional to the magnetic field,

magnetic field gradient, and the magnetic susceptibility of
the material; however, the magnetic force acting on the
individual nanoscale magnetic particles inside the beads
are too weak to affect them, because the magnetic suscept-
ibility of each individual particle is very low. In contrast,
when the nanoscale particles inside the beads are closely
assembled, the magnetic mass susceptibility is sufficiently
high to force the attachment of the beads to the cells by the
magnetic force. Thus, the magnetic force acting on the
aggregated beads was strong enough to shift the beads
and damage the cells.

Repetitive magnetic stimulation has antitumor effects
by activating immune functions (19,20). Magnetic stimu-
lations were applied from a circular coil with a peak
intensity of 0.25T and a frequency of 25 pulses/sec. Tumor
growth study showed a significant tumor weight decrease
and survival probability increase because of the applica-
tion of magnetic stimulation (Fig. 6a and 6b). An immu-
nological assay was also performed to examine the effects
of the magnetic stimulation on immune functions. In vivo
study, the productions of TNF-a (tumor necrosis factor-a),
which plays a tumor-suppression role in tumor immunity
mainly by TNFR1 – TRADD - FADD – Caspase-8 -
Caspase-3 apoptosis pathways (52,53), and IL-2 (interleu-
kin-2), which is produced by T cells, activates the prolif-
eration and functional development of T cells (helper T
cells and cytolytic T cells) and B cells (54,55), were
measured in the spleen after exposure of the magnetic
stimulation 3 or 7 times (Fig. 6c and 6d). TNF-a production

(a)

(c) (d)

(b)

Figure 5. Scanning electron micrographs of the
cell/bead/antibody complexes with and without
pulsed magnetic stimulation. (a) The nonstimu-
lated cell/bead/antibody complex was not damaged.
(b) The stimulated cell/bead/antibody complexes
were damaged by penetration of the beads. (c) and
(d) The stimulated cell/bead/antibody complexes
were damaged by rupturing by the beads. Scale
bars¼4.5mm.
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significantly increased in the stimulated group. In vitro
study, isolated spleen cells (lymphocytes) were exposed to
the magnetic stimulation and a proliferation assay was
performed. The proliferation activity of the lymphocytes
was upregulated in the exposed samples. These results
indicate that the immune functions might be activated by
repetitive magnetic stimulation exposure, resulting in a
tumor weight decrease.

6. MAGNETIC ORIENTATION

When diamagnetic materials such as fibrin, collagen are
exposed to static magnetic fields of T (tesla) order, these
materials align either parallel or perpendicular to the
direction of the magnetic field depending on the magnetic
anisotropy of the materials (34–37). Such materials have
variations in magnetic energy with their angles from the
direction of externally applied magnetic field. The mag-
netic orientation appears when the variation of the mag-

netic energy exceeds the energy of thermal motion. The
condition for the magnetic orientation of fibrous polymers
such as fibrin is given by

NB2Dw sin 2y > kT; ð6Þ

where N is the number of polymer molecules, B is the
intensity of magnetic field, Dw is the anisotropy of mag-
netic susceptibility, y is the angle between the molecular
axis and the magnetic field, k is the Boltzmann constant,
and T is temperature. Biological cells such as osteoblasts
and smooth muscle cells are oriented parallel to the
direction of the magnetic field because of the magnetic
torque acting on the diamagnetic components in cells (37–
40). Figure 7 shows magnetically oriented biological
macromolecules and cells. Fibrin fibers are oriented par-
allel to the magnetic field, and collagen are oriented
perpendicular to the magnetic field (34–37). Osteoblasts,
smooth muscle cells, Schwann cells, red blood cells, and
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Figure 6. The effects of repetitive magnetic stimulation on tumors and immune functions. (a) The
tumor weights were decreased because of the application of magnetic stimulation. (b) The survival
probability of mice was increased because of the application of magnetic stimulation. (c) TNF-a
production significantly increased in the stimulated group. (d) IL-2 production increased in the
stimulated group; however, no significant differences were observed.
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platelets are also oriented in magnetic fields (37–42). In a
recent experiment, Schwann cells with magnetically or-
iented collagen were oriented along the magnetically
oriented collagen (41). The magnetic control of biological
cells may translate into potentially viable tissue and
medical engineering applications including nerve regen-
eration.

The introduction of bone formation to an intentional
orientation is a potentially viable clinical treatment for
bone disorders. The effects of static magnetic fields of 8 T
on bone formation were investigated in both in vivo and in
vitro systems (36,37). After 60h of exposure to the mag-
netic field, cultured mouse osteoblastic MC3T3-E1 cells
were transformed to rod-like shapes and were oriented in
the direction parallel to the magnetic field. Although the
magnetic field exposure did not affect cell proliferation, it
upregulated cell differentiation and matrix synthesis as
determined by alkaline phosphatase and Alizarin red

stainings, respectively. The magnetic fields also stimu-
lated ectopic bone formation in and around subcuta-
neously implanted bone morphogenetic protein-2 (BMP-
2) containing pellets in mice, in which the orientation of
bone formation was parallel to the magnetic field. Strong
magnetic fields have the potency to stimulate bone forma-
tion as well as to regulate its orientation in both in vitro
and in vivo models. The authors propose that the combi-
nation of strong magnetic fields and a potent osteogenic
agent such as BMP may possibly lead to an effective
treatment of bone fractures and defects.

Schwann cells aid in neuronal regeneration in the
peripheral nervous system by guiding the regrowth of
axons. Schwann cells provide a supportive role in the
peripheral nervous system, forming a layer or myelin
sheath along single segments of an axon. Schwann cells
were exposed to 8T magnetic fields, or the cells were
cultivated in magnetically oriented collagen gels (41).
After 60h of exposure, Schwann cells oriented parallel to
the magnetic fields. In contrast, the Schwann cells and
collagen mixture aligned along the magnetically oriented
collagen fibers perpendicular to the magnetic field after
2 h of exposure. Although further experiments are neces-
sary to determine whether magnetic field exposure pro-
motes Schwann cell proliferation and to clarify the
mechanisms for the apparent orientation, the magnetic
control of Schwann cell alignment is potentially useful for
nerve regeneration techniques in tissue engineering and
regenerative medicine.

7. MAGNETORECEPTION IN ANIMALS

Orientation, navigation, and homing by animals ranging
from bacteria through higher vertebrates are likely to
depend on events occurring in the individual cells that
detect magnetic fields (56–59). Magnetoreception was
observed in sea turtles (60), newts (61), fish (57), birds
(62,63), insects (64,65) and so on. All magnetic field
sensitivity in living organisms is thought to be a result
of a highly evolved, finely-tuned sensory system based on
singledomain, ferromagnetic crystals. Edmonds showed
that a very sensitive magnetic compass is formed by the
incorporation of a small quantity of ferromagnetic single-
domain crystals, such as magnetite within a nematic
liquid crystal (66). Winklhofer et al. localized high con-
centration of Fe3þ in the upper-beak skin of homing
pigeons, and identified the materials of magnetite nano-
crystals as a core of a magnetic-field receptor (63). In
rainbow trout, the magnetic crystal in the area of olfactory
lamellae was found and the arrangement of several mag-
netic crystals in a chain of about 1 mm has been confirmed
(57). Although no experimental evidence exists whether
animals have separate magnetite-based magnetoreceptor
cells that are specialized for magnetic field direction and
intensity, it can be predicted that animals should be able
to reconstruct the total field vector accurately and with
high sensitivity (59).

200 µm 200 µm

50 µm50 µm

100 µm 100 µm

Fibrin Collagen

Endothelial cellsOsteoblasts

Smooth muscle cells Schwann cells

Magnetic field

Figure 7. Magnetic orientation of biological macromolecules and
cells. Fibrin, osteoblasts, endothelial cells, smooth muscle cells,
and Schwann cells were oriented in the direction parallel to the
magnetic field. Collagen was oriented in the direction perpendi-
cular to the magnetic field.
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ABSTRACT

This article reviews recent advances in biomagnetics
and bioimaging techniques such as transcranial magnetic
stimulation (TMS), electroencephalography (EEG), elec-
tromyography (EMG), magnetoencephalography (MEG),
and magnetic resonance imaging (MRI). TMS is a method
to stimulate neurons by eddy currents induced by a strong
electric current, which is applied to a coil over the head.
TMS is used for noninvasive mapping of the brain func-
tion, and has therapeutic effects on neurological and
psychological diseases. EEG and EMG are techniques to
record electric potentials at electrodes attached to the
surface of the head and body, respectively. MEG is a
method for measuring magnetic fields as weak as 5 fT by
superconducting quantum interference devices (SQUID)
arrayed on the scalp. MRI is a method to obtain spatial
distribution of nuclear magnetic resonance (NMR) signals
using gradient magnetic fields and Fourier transform.
This article also reviews application of magnetic fields
for cancer therapy and tissue engineering, and magnetor-
eception in animals.
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1. BIOENERGETICS AND SYSTEMIC RESPONSES TO
EXERCISE

1.1. Introduction

Physiology is a branch of biological science concerned with
the function of organisms and their systems (1). Exercise
physiology is a discipline that traditionally has focused on
the study of how exercise alters the structure and function
of the human body. This research field encloses a multi-
disciplinary area including the study of aging, cell biology,
developmental biology, epidemiology, genomics, immunol-
ogy, molecular biology (biochemistry, genetics, and biophy-
sics), clinical medicine, neurosciences, pediatric
pharmacology, physiology, preventive medicine, and pub-
lic health (2). In the last 50 years, tremendous achieve-
ments have been made in the field of exercise physiology
because of the application of new or improved research
techniques (implying bioengineering aspects) or the appli-
cation of techniques on new conditions (3). Because ex-
ercise is a whole body commitment, the entire body must
respond and adapt. However, it is impossible to discuss the
responses and adaptations related to all areas that are
involved in the study of exercise physiology in one chapter.
It is not the intention of this section to give a complete and
detailed description of every mechanism underlying phy-
siological changes caused by exercise. The goal is to cover
some metabolic considerations of exercise and to elaborate
the most important and largest cardiovascular, respira-
tory, and muscular responses and adaptations to sports
exercise.

1.2. Exercise Metabolism

Metabolism can be defined as the total sum of all chemical
reactions (catabolic and anabolic) occurring in a living
organism (1). During exercise, the metabolism gradually
increases and is associated with a global increment in
energy expenditure. For example, during heavy exercise,
the body’s total energy expenditure may increase fifteen to
twenty-five times above expenditure at rest. The body
uses carbohydrate and fat nutrients consumed daily as the
fuel to provide the necessary energy to maintain cellular
activities both at rest and during exercise. During exer-
cise, the primary nutrients used for energy are fats and
carbohydrates, with protein contributing for a small
amount of the total energy (1,4–6). Regulation of fuel
selection during exercise is under complex control and is
dependent on several factors, including diet and the
intensity and duration of exercise. In general, carbohy-
drates are used as the major fuel source during high-

intensity exercise. During prolonged exercise, a general
shift occurs from carbohydrate metabolism toward fat
metabolism. Proteins contribute less than 2% of the fuel
used during exercise of less than one hour in duration.
During prolonged exercise (three to five hours in dura-
tion), the total contribution of protein to fuel supply may
reach 5–15% during the final minutes of work via liver
gluconeogenesis. During exercise, increased energy con-
sumption is necessary to provide adinosine triphosphate
(ATP) to the working skeletal muscles (7). ATP is often
called the universal energy donor and serves to couple the
energy released from the breakdown of foodstuffs (carbo-
hydrates, fats, and proteins) into a usable form of energy
required by all cells. Although ATP is not the only energy-
carrying molecule in the cell, it is the most important one,
and without sufficient amounts of ATP, most cells die
quickly. The structure of ATP consists of three main parts:
(1) an adenine portion, (2) a ribose portion, and (3) three
linked phosphates. The formation of ATP occurs by com-
bining adenosine diphosphate (ADP) and inorganic phos-
phate (Pi) and requires a rather large amount of energy.
Some of this energy is stored in the chemical bond joining
ADP and Pi. Therefore, this bond is called a high-energy
phosphate bond. When the enzyme ATPase breaks this
bond, energy is released and serves as the immediate
source of energy for muscular contraction:

ATP  ADP + Pi + energy ATPase

A mole of ATP, when broken down, has an energy field of
7.3 kcal. In fact, energy-liberating reactions are linked to
energy-requiring reactions.

1.3. Bioenergetics

Because muscle cells store limited amounts of ATP, meta-
bolic pathways must exist in the cell with the capability to
produce ATP rapidly during exercise. Indeed, muscle cells
can produce ATP by any one or a combination of three
metabolic pathways, depending on the type of exercise
(intensity and duration): (1) immediate formation of ATP
by phosphocreatine (PC) breakdown, (2) formation of ATP
via the degradation of glucose or glycogen (called glyco-
lysis), and (3) oxidative formation of ATP (8). Formation of
ATP via the PC pathway and glycolysis does not involve
the use of O2. These systems are referred to as anaerobic,
meaning they are not dependent on O2. The third, is
referred to as the aerobic energy system. Energy trans-
duction in this system is dependent on the presence of O2.
The combination of stored ATP and PC is called the ATP-
PC system or the ‘‘phosphagen system.’’ As rapidly as ATP
is broken down to ADP þ Pi at the onset of exercise, ATP
is reformed via the PC reaction in which Pi of CP is given
to ADP:

PC + ADP ATP + Creatine 
Creatine kinase

The reaction is catalyzed by the enzyme creatine kinase.
PC reformation requires ATP and occurs only during the
recovery from exercise (9,10). The ATP-PC system will be

1
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very important in activities that require only a few
seconds to complete and thus need a rapid supply of
ATP. In power events, where the activity lasts a few
seconds or less, the working muscle will be mostly depen-
dent of this phosphagen system (1,11) (Fig. 1). Glycolysis
is an anaerobic pathway that occurs in the cytoplasm of
the cell and is used to transfer bond energy from glucose
and glycogen to rejoin Pi to ADP. This process involves a
series of enzymatically catalyzed, coupled reactions for the
breakdown of glucose or glycogen to form two molecules of
pyruvic acid or lactic acid (12,13). In this reaction, two
distinct phases can be subtracted: (1) energy investment
phase, and (2) energy generation phase (Fig. 2). The net
gain of glycolysis is two ATP if glucose is the substrate,
and three if glycogen is the substrate because glycogen-
glycolysis requires just one ATP in the energy investment
phase instead of the two ATP for glucose. The hydrogens
that are removed during glycolysis can bond on pyruvic
acid to form lactic acid. The enzyme that catalyzes this
reaction is lactate dehydrogenase (LDH):

Pyruvic acid Lactic acid
LDH

NADH + H+ NAD

Hydrogens are frequently removed from nutrient sub-
strates in bioenergetic pathways and are transported by
‘‘carrier molecules.’’ Two biologically important carrier
molecules are nicotinamide adenine dinucleotide (NAD)
and flavin adenine dinucleotide (FAD). Both NAD and
FAD transport hydrogens (NADH and FADH) and their
appropriate energy is used for later generation of ATP in
the mitochondria via aerobic processes, at least if enough
O2 is available. In the presence of O2 in the mitochondria,
pyruvate can participate in the aerobic production of ATP.
Thus, glycolysis can also be considered the first step in the
aerobic degradation of carbohydrates. For rapid, forceful,

exercises lasting from a few seconds to approximately one
minute, muscles depend mainly on nonoxidative or glyco-
lytic energy sources as well as on immediate energy
sources (Fig. 1). The aerobic ATP production occurs in
the mitochondria and can be considered as a three-stage
process (Fig. 3) (14). Stage one is the generation of a key
two-carbon molecule, acetyl-Coenzyme A (Acetyl-CoA).
Acetyl-CoA can be formed from the breakdown of either
carbohydrates, fats, or proteins. Stage two is the oxidation
of Acetyl-CoA in the Krebs cycle. The primary function of
the Krebs cycle is to remove hydrogens (containing the
potential energy in the food molecules) from various
substrates involved in the cycle. The energy from removed
hydrogens can be used to combine NAD and hydrogen for
NADH formation, which later provides energy in the
electron transport chain for ADP and Pi for the reforma-
tion of ATP in the third stage. In this stage, oxygen serves
as the final hydrogen acceptor at the end of the electron
transport chain (i.e., water is formed, H2þO-H2O). The
process of aerobic production of ATP is termed oxidative
phosphorylation. The aerobic metabolism of one molecule
of glucose and glycogen results in the production of 38 and

10 sec
30 sec

Time

1 min 3 min 5 min

100

75

50

25

R
el

at
iv

e 
en

er
gy

 p
ot

en
tia

l o
f

ea
ch

 s
ys

te
m

 (
%

)

Oxidative:
Non-oxidative:

Immediate:

Figure 1. Energy potential for a muscle as a function of activity
duration. Aerobic (oxidative) energy systems are slow to respond
compared with the anaerobic (nonoxidative and immediate) en-
ergy delivery systems concerning the rate of ATP production.

1: energy investment phase 

Glucose:  2 ATP required

2: energy generation phase

2 pyruvate
or

2 lactate 

4 ATP produced 

2 NADH produced 

NET PRODUCTION

1 glucose → 2 pyruvate or 2 lactate 

2 ADP → 2 ATP  

2 NAD → 2 NADH

Figure 2. Illustration of the two existing phases in the glycolysis
and its products. In the energy investment phase, 2 ATP are
required to generate an additional 4 ATP in the energy generation
phase.
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39 ATP molecules, respectively. For activities lasting two
minutes or more, oxidative mechanisms become increas-
ingly important (Fig. 1). The maximal energy capacity of
immediate and nonoxidative energy systems is small
compared with that of the oxidative energy system (Table
1). Immediate and nonoxidative energy systems, however,
are important because they are activated very rapidly
when muscles start to contract. The maximal rates
(power) at which the various systems provide energy for
muscle contraction are shown in Table 1, together with the
maximal capacities for energy release. The oxidative en-
ergy system is activated more slowly and produces energy
at a lower rate even when fully activated (15). In this
comparison, immediate and nonoxidative energy systems
are revealed to have superior, although short-lived, power
capacities. Thus, the three energy systems in the muscle
provide a means to sustain short, intense bursts of activity
as well as more sustained activities of lesser intensity (16).
In conclusion, the energy required for muscle contraction
or other forms of biologic work is produced by aerobic and

anaerobic pathways. ATP breaks down inside muscle cells
and becomes a source of energy. Although not all ATP is
formed aerobically, the amount of energy yielded from
anaerobic ATP production is extremely small (Table 1)
compared with the aerobic pathway. The aerobic system,
which uses glucose, glycogen, and fats as energy sub-
strates, provides very large amounts of ATP for muscular
energy (17). However, the rate at which ATP can be
produced is small in the aerobic energy system in compar-
ison with the anaerobic delivery.

1.4. Systemic Responses to Exercise

Continued muscle contractions for extended periods of
time require an increased delivery of oxygen. However,
oxygen delivery to the cell is critical; hence, the capacity to
provide oxygen to the tissues usually determines the
intensity of physical activity that an individual can per-
form, which largely depends of the cardiovascular system
that provides the means to transport the oxygen to the
contracting skeletal muscle. To improve the capability of
the cardiovascular function to deliver oxygen to the work-
ing musculature, some chronic and acute exercise adapta-
tion will occur. The lung function is to provide a way for
oxygen to be transferred between atmospheric air and the
blood and for the majority of metabolically produced
carbon dioxide to be removed from the body. As a result
of the increased oxygen consumption to fuel mitochondrial
respiration, together with an increased carbon dioxide
production by the working musculature during exercise,
lung function increases directly with the rate of metabo-
lism. As the hydrogen ion content in blood influences blood
acid-base balance, the lungs are also important for reg-
ulating blood pH during exercise. During muscle contrac-
tions, a sudden increase occurs in ATP use and the
stimulation of metabolic adaptations that enable the
muscle fibers to increase the regeneration of ATP. Differ-
ent types of muscle fibers in several motor units pose
different metabolic capacities. Therefore, the contribution
of different muscle fibers to the metabolic demand of

H2O

Protein
breakdown 

Carbohydrate
breakdown
(glycolysis) 

Triglycerides
breakdown
(lipolysis) 

Actelyl-CoA 

Krebs cycle

Electron transport
chain 

2H+, ½ O2

ADP 
ATP 

Inside of
mitochondria

Cytoplasm

Stage 1 

Stage 2 

Stage 3 

Mitochondrial membrane 

Figure 3. The three stages of oxidative phosphorylation in the
mitochondria. Actelyl-CoA is the breakdown product of three
foodstuffs (carbohydrates, fats, and proteins). Actelyl-CoA is
oxygenated in the Krebs cycle. Finally, in the electron transport
chain, ATP is generated.

Table 1. Estimation of Maximal Power and Capacity of the
Aerobic and Anaerobic Energy Delivery Systems

Maximal
Capacity (Total
kcal Available)

Maximal Power
(kcal.min� 1)

Anaerobic energy system

ATP-CP system
(immediate)

11.4 36

Anaerobic glycolysis
(nonoxidative)

15 16

Aerobic energy system 10

Glycogen in muscle 2000
Glycogen in liver 280
Fat (triglyceride in

adipose)
141000

Body proteins 24000
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exercise is very specific and is associated with acute
adaptations of muscle motor unit and fiber-type function
during different exercise conditions and after different
types of exercise training. Exercise will also induce a
series of acute and chronic neuro-endocrine adaptations,
which are involved in changing the function of skeletal
muscle, the heart, lungs, liver, kidneys, brain, and other
tissues. Finally, stress applied to bone at junctions formed
by muscle, tendon, and bone stimulates bone to alter itself,
resulting in changed bone structure caused by exercise.
The exercise-induced improvements in bone have had
ramifications in preventive and rehabilitative medicine.
In what follows, a brief overview will be given concerning
the most important acute and chronic adaptations of the
cardiovascular, respiratory, and (neuro)-muscular systems
in response to different exercise conditions and after
different types of exercise training.

1.4.1. Cardiovascular Responses to Exercise and Trai-
ning. The most widely recognized measure of cardiovas-
cular fitness is the aerobic capacity or maximal oxygen
consumption (VO2max). This variable is defined physiolo-
gically as the highest rate of oxygen transport and con-
sumption that can be achieved at peak physical exertion.

VO2¼HR�SV� ðCaO2 � CvO2Þ

VO2 is oxygen consumption in milliliters per minute; HR
is heart rate in beats per minute; and CaO2�CvO2 is the
arteriovenous oxygen difference in milliliters of oxygen
per deciliter of blood (18). At the workload beyond which
an increase in further work does not result in an increase
of oxygen consumption, the individual has attained his or
her maximal oxygen uptake (i.e., there is a leveling off or
plateauing in VO2). This point is an important indicator of
cardiovascular fitness (19). A metabolic equivalent (MET)
approximates 3.5 milliliters of oxygen per kilogram of
bodyweight per minute (3.5 mL/kg/min). This expression
of resting oxygen consumption is relatively constant for all
persons, regardless of age, bodyweight, or fitness level.
Multiples of this value are often used to quantify relative
levels of energy expenditure and aerobic fitness (20).
Much of the circulatory data increases from rest during
exercise, with physically active individuals having higher
maximal values than sedentary persons, as shown in
Table 2. As there is little variation in maximal heart
rate and maximal systemic arteriovenous oxygen differ-
ence (CaO2�CvO2) with training, VO2max virtually de-
fines the pumping capacity of the heart.

1.4.1.1. Acute Cardiovascular Responses to Exercise. The
heart and circulation respond to the requirements of
metabolism during exercise by increasing blood flow to
active areas and decreasing it to less critical areas. Heart
rate (HR) generally increases progressively as a function
of exercise intensity. A roughly linear relationship exists
between HR and workload or power output (21). The
equation (220 – age) provides an approximation of the
maximal HR, but the variance for any given age is
considerable (standard deviation710 bpm). During exer-
cise, an increase in stroke volume (SV) resulting from both

the Frank–Starling mechanism (enhanced venous return
results in larger cardiac preload increasing the force of
myocard contraction) and a decreased end systolic volume
also occurs. The latter is because of increased ventricular
contractility, secondary to catecholamine-mediated sym-
pathetic stimulation (Fig. 4). Up to exercise levels of 50%
VO2max, the increase in cardiac output (CO¼HR � SV) is
accomplished through increases in both HR and SV. At
higher exercise intensities, a further increase of cardiac
output results almost solely from the continued increase
in HR (Fig. 5) (22). The arterial and mixed venous oxygen
content at rest are approximately 20 mL and 15 mL of
oxygen per 100 dL of blood, respectively. At the muscle, an
increased extraction of oxygen from arterial blood supply
occurs when exercise intensity increases from moderate to
heavy loads. As the workloads approach the point of
exhaustion, the venous oxygen content is decreased to
5 mL/dL blood or lower, which indicates a three-fold in-
crease of the arteriovenous oxygen difference from 5 mL/
dL to 15 mL/dL blood (Fig. 5). A linear increase occurs in
the systolic blood pressure with increasing exercise, with
maximal values reaching 170 mmHg to 220 mmHg. Dia-
stolic blood pressure generally remains unchanged or
decreases slightly from rest to maximum exercise. During
exercise, a shunting of blood occurs so that the working
muscles receive as much as 85–90% of the cardiac output
through vasodilatation, while blood flow to the visceral
organs is simultaneously decreased by vasoconstriction.
Blood flow to the myocardium (coronary arteries) is in-
creased in proportion to the increased metabolic activity of
the heart, whereas blood flow to the brain is maintained
via autoregulation (23). Increased skin blood flow occurs
during exercise to facilitate heat dissipation. When max-
imal exertion is approached, blood does not supply the
skin any longer in order to meet the metabolic require-
ments of working muscles, and consequently, core tem-
perature may quickly rise (24).
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Figure 4. Changes in SV from rest to maximal exercise. LVESV,
left ventricular end-systolic volume; LVEDV, left ventricular end-
diastolic volume.
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1.4.1.2. Cardiovascular Adaptations to Prolonged Exerci-
se. Cardiovascular adaptations to physical activity gen-
erally depend on the type and intensity of exercise. Two
types of exercise can be distinguished: endurance and
resistance. Endurance training is best for improving the
capacity of cardiovascular function and results in adaptive
changes in many aspects of cardiovascular function. These
changes are listed in Table 3. Improvements in maximal
oxygen consumption with training depend on current
fitness, type of training, and age and result in a maximum
increase in VO2max of approximately 20% (1). At the level
of the heart, long term endurance training will increase
the left ventricular diastolic cavity dimensions, wall thick-
ness, and mass (25–27). These changes are described as
the ‘‘athlete’s heart.’’ Endurance training results in an
increased volume load (increased left ventricular volume),
whereas resistance or strength training induces a pres-
sure load (increased left ventricular wall thickness) of the
heart (28). The volume load during endurance training
reduces resting and submaximal exercise HR and in-
creases the SV at rest, submaximal, and maximal exercise
(1). Aerobic exercise training is suggested to increase the
parasympathetic modulation of the heart via the vagal
nerve (29–31). Consequently, a shift toward vagal predo-
minance in autonomic HR control has been demonstrated
with endurance training. Probably, this phenomenon
partly explains the observed lower resting HRs after

prolonged endurance exercise training. The latter might
have beneficial effects regarding the risk for (lethal)
cardiac events like tachycardia and other arrhythmias
(32). The decline of HR at rest and during submaximal
exercise does not reduce cardiac output because SV in-
creases significantly (up to 20%) through an increase of
end-diastolic volume and cardiac contractility (force at a
given sarcomere length) after endurance exercise train-
ing. The result is a more efficient pressure-time relation-
ship.

All these mechanisms are significantly accompanied by
large increases in cardiac output. Exercise physiologists
have traditionally regarded oxygen transport, particularly
increased maximal cardiac output, as the primary me-
chanism of improvement in VO2max after sustained en-
durance training. Also, some cardiovascular morphologic
characteristics (central blood volume and total hemoglo-
bin per total blood volume) appear to increase with regular
endurance exercise. Increased cardiac output, SV, central
blood volume, and total hemoglobin are generally called
the central adaptations to exercise that improve VO2max or
cardiovascular fitness (Fig. 6). However, because the
arteriovenous oxygen difference increases slightly with
training, improvements in VO2max may also be achieved
by some peripheral adaptations to exercise training (Fig.
6). Indeed, studies involving the biopsy removal of muscle
tissue have shown an improvement in the metabolic
preparedness of the muscle cells as a result of structural
and enzymatic adaptations. The oxidative capacity of
skeletal muscles is increased through increases in the
volume density of skeletal muscle mitochondria (mito-
chondria form reticulum), as well as increases in muscle
oxidative enzymes (33). Additionally, elevated myoglobin
concentrations are found together with increased muscle
capillary density after endurance training interventions.

Actually, circulatory and biochemical changes with
training are linked. Skeletal muscle vascularity (blood
vessels in skeletal muscles) increases with endurance
training, which facilitates diffusion of oxygen, substrates,
and metabolites in exercising muscles. Increased vascu-
larity also decreases total peripheral resistance, which is
one of the mechanisms that increases cardiac output with
endurance training. Training also decreases muscle blood
flow during submaximal exercise. The trained muscle has
an increased oxygen extraction capacity because of im-
proved diffusion capability and muscle respiratory capa-
city (1). Decreased muscle blood flow at submaximal work

Table 2. Adaptation to Exercise in a Sedentary Man Versus a World-Class Endurance Athlete.

Parameter Sedentary Man Physical Active Man

Rest Rest
k k

Max. ex. Max. ex.
Oxygen consumption (L/min) X 10 2 X 16
Cardiac output (L/min) X 3 2 X 6
Heart rate (beats/min) X 3 2 X 4
Stroke volume (mL/beat) X 1 2 X 1
Arteriovenous oxygen difference (mL/dL blood) X 4 2 X 4

Values present the gain in circulatory data that are found from rest to maximal exercise (max. ex.).

0

40

80

120

160

200

Rest Moderate Maximal

Exercise intensity

H
R

 (
bp

m
);

 S
V

 (
m

L
/b

ea
t)

5

10

15

20

C
aO

2-
C

vO
2 

(m
L

/d
L)

SV

HR
(CaO2-CvO2) 

Figure 5. Arbitrary determined SV, HR, and arteriovenous oxy-
gen difference during different levels of intensity. At higher
exercise intensities, cardiac output mainly increases because of
increases in HR instead of increases in SV.
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allows more blood to be directed to the viscera and skin.
The result appears to be a decreased cardiac output and
muscle blood flow at any given submaximal workload. The
muscle needs and receives a smaller blood flow than before
training, which means that a better use of available blood
flow occurs, resulting in economy and reserve capacity
with respect to cardiac work (18). The hemodynamic
advantages of a more efficient distribution of cardiac out-
put and increased oxidative capacity of skeletal muscle is
reflected by decreased lactate release and a lowered
respiratory exchange ratio (RER) (lower RER also because
of greater percentage of fat oxidized in trained at given
submaximal workload) at any given level of exercise, with
increases in arteriovenous oxygen difference at submax-
imal and maximal exercise.

1.4.2. Pulmonary Responses to Exercise and Training. -
Ventilation is the process of providing sufficient airflow
through the respiratory passageways filling the gas-ex-
change areas in an attempt to accommodate to the cellular
needs of oxygen delivery and carbon dioxide removal (34).
As a result of homeostasis that characterizes the human
body, the respiratory system will respond very specifically
to different types of acute and chronic exercise.

1.4.2.1. Acute Pulmonary Responses to Exercise. Re-
spiratory rate can increase five- to six-fold during max-
imal exercise with respiratory rates of 50 to 60 breaths per
minute. Accordingly, tidal volume is substantially altered
from rest, with five-fold to seven-fold increases during
maximal exercise. The net effect on minute ventilation is a

Table 3. Cardiovascular Adaptations Resulting from Endurance Training During Submaximal Exercise (submax. ex.) and
Maximal Exercise (max. ex.)

Factor Rest Submax Ex. Max. Ex.

Heart rate k k ¼

Stroke volume m m m
Arteriovenous O2 difference m¼ m m
Cardiac output ¼k k¼ m
VO2 ¼ ¼ m
Work capacity - - - - - - - - - - m
Syst. blood pressure ¼k k¼ ¼

Diast. blood pressure ¼k k¼ ¼

Mean arterial blood pressure ¼k k¼ ¼

Total peripheral resistance ¼ k¼ ¼

Coronary blood flow k k m
Brain blood flow ¼ ¼ ¼

Visceral blood flow ¼ m ¼

Inactive muscle blood flow ¼ ¼ ¼

Active muscle blood flow ¼k k¼ m
Skin blood flow ¼ m¼ ¼

Blood volume m - - - - - - - - - -
Plasma volume m - - - - - - - - - -
Red cells mass m¼ - - - - - - - - - -
Heart volume m - - - - - - - - - -

Symbols: m increase; k decrease; ¼ , no change; - - - - - not applicable. Adapted from reference (1).

Physical training

CENTRAL ADAPTATIONS

+ cardiac output at maximal
exercise

+ stroke volume at maximal
exercise

+ central blood volume and
total hemoglobine

PERIPHERAL ADAPTATIONS

-cardiac output at given
submaximal work rate

+ arteriovenous oxygen
difference  

+ size and number
mitochondria 

+ myoglobin 
+ oxidative enzymes 
+ muscle capillary

Figure 6. Mechanisms responsible for the in-
crease in VO2max with physical training (þ ,
increase; � , decrease).
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30- to 40-fold increase over resting airflow values. During
rest, central and peripheral chemoreceptors influence the
intrinsic breathing pattern established by the medulla
(34). For a few seconds before exercise up to the first 10 to
20 seconds of exercise, an initial moderate increase in
respiration rate occurs as the immediate response to the
cellular demands (35–37). This initial phase is relatively
short in duration and results mainly from neurogenic
stimulation from the cerebral cortex (central command)
as an individual prepares for exercise (34). The next stage
yields a rapid progressive increase in ventilation until a
steady state is reached (during submaximal intensity
exercise). This more rapid increment in respiration rate
is the result of an increased central command together
with an increase in neural stimuli to the medulla by
activation of muscle-joint receptors. Additionally, central
and peripheral chemoreceptors, reacting to an increasing
PCO2 and decreasing pH in the blood or cerebrospinal
fluid, as well as mechanoreceptors, become proportionally
more important. As exercise progresses to maximal effort,
ventilation progressively and continuously increases as
the need for oxygen delivery increases. Whereas the
control mechanisms from the initial phase continue to be
an active force for ventilation, inputs from central and
peripheral chemoreceptors lead them to play a greater
role in the control of the ventilatory response. Central and
peripheral chemoreceptors provide feedback about blood
homeostasis of oxygen, carbondioxide, hydrogen ion con-
centration, and temperature (36,38,39). The steep de-
crease on the cessation of exercise reflects the reduction
in regulatory inputs from ‘‘central command’’ and mechan-
oreceptors, whereas the slower decrease appears to be
related to the matching of pulmonary ventilation with
blood chemical stimuli as the resting state is restored
(36,40). Changes in tidal volume are the major contributor
to increases in pulmonary minute ventilation in light- to
moderate-intensity exercise. At higher exercise intensi-
ties, tidal volume tends to plateau once approximately
60% of vital capacity is reached (38,41). At the point of
tidal volume plateau, further increases in pulmonary
minute ventilation can be attributed to continued in-
creases in breathing rate (36,40,42). The increase in air-
flow is linearly related to the metabolic demand of
increased oxygen consumption and carbon dioxide elim-
ination accompanying light- to moderate-intensity exer-
cise. If exercise intensity reaches or exceeds 55–65% of
maximal aerobic capacity, the increase in pulmonary
ventilation is mainly related to the removal of CO2

(35,38,41,42). At this breakpoint (‘‘anaerobic threshold,’’
‘‘ventilatory threshold,’’ ‘‘lactate inflection point’’) the me-
tabolic energy-producing pathways shift toward anaerobic
glycolysis. The byproducts (specifically lactate acid) from
the energy metabolism accumulate at a rate greater than
that at which those substrates can be eliminated (43).
Buffering of the hydrogen ion from lactic acid through the
bicarbonate system yields nonmetabolic-produced carbon
dioxide and becomes a major driver of ventilation to

maintain blood homeostasis (42):

La� þHþ þNaHCO3 ! NaLaþH2CO3

H2CO3 ! H2OþCO2

The resulting effect is a rapid production of CO2 in the
cardiovascular system, as CO2 is produced both metaboli-
cally (Krebs cycle and catabolism of acetyl-CoA) and
nonmetabolically through lactic acid buffering (1,42,44).
Therefore, a disproportionate increase in ventilation oc-
curs to remove the produced CO2. Increased Hþ also
directly drives chemoreceptors to increase ventilation
during exercise.

During exercise, an increase in pulmonary capillary
blood flow, together with a linear increase of pulmonary
capillary blood volume, occurs (45). Exercise pulmonary
capillary transit time decreases with approximately 50%;
however, this does not significantly affect the exchange of
oxygen and carbon dioxide in the pulmonary capillary bed
(34,45).

1.4.2.2. Pulmonary Adaptations to Prolonged Exercise. R-
esponses and adaptations of the respiratory system are
considerably less remarkable than in other body systems.
This lack of adaptation to prolonged activity is not very
surprising because tremendous reserves are available
accompanying the lungs, even without physical training.
The respiratory system is not considered a limiting factor
to exercise performance in the majority of persons (46).
This notification is supported by research that has shown
no relationship among level of physical training, training
methods, and adaptations in lung capacity and volumes,
although some adaptations can be notified in the change
in pulmonary ventilatory dynamics. As a result of pro-
longed exercise training, minute ventilation is increased
during maximal-exercise intensity and decreased during
submaximal-exercise intensity. At rest, during submaxi-
mal and maximal exercise, tidal volume is increased in
trained individuals. In contrast, respiration rate is de-
creased during rest and submaximal exercise and in-
creased during maximal exercise. Additional increases in
respiratory muscle strength and endurance are also re-
ported (47,48). These adaptations, in which a smaller
amount of air is ventilated to provide the same amount
of oxygen, are specific to the method of training, but
consistent across the intensity of exercise (49).

1.4.3. Muscular Responses to Exercise and Training. The
skeletal muscle is a highly adaptable tissue. Repetitive
use of the skeletal muscles (physical training) results in
some adaptive changes in its structural functional and
properties. In this section, the principles by which muscle
structure and function adapt to increases and decreases in
habitual levels and types of physical activity will be
summarized. Therefore, the focus will be on the chronic
adaptations to exercise.

1.4.3.1. The Principle of Myoplasticity. The capacity of
skeletal muscles for adaptive changes to nutritional and
endocrine factors caused by exercise training is governed
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by the principle of myoplasticity. Skeletal muscle adapta-
tions are characterized by modifications of morphological,
biochemical, and molecular variables that alter the func-
tional attributes of fibers in specific motor units (1). Acute
changes in the microenvironment lead to altered rates of
protein synthesis and degradation (muscle synthesis and
degradation). The molecular basis for the adaptations in
skeletal muscle proteins to exercise training is an altered
gene expression. When a protein structure is altered in
this way, we say that the muscle’s phenotype has been
changed. Phenotype is the outward or observable char-
acteristics of muscle; it reflects the underlying genes
(genotype) and their regulation by several factors, includ-
ing exercise training.

1.4.3.2. Adaptations in Muscle Structure to Endurance
Training. During muscle contraction, oxygen must be sup-
plied to and used by the contracting muscle fibers. When
oxygen is released from hemoglobin at the tissue level, it
must be transferred from the capillary to within the
muscle fiber and then to within the mitochondria. Despite
convincing evidence from animal research, endurance-
training research with human subjects has not shown an
increase in myoglobin concentrations (50). However, the
major chronic skeletal muscle metabolic adaptations to
training for long-term muscular endurance are related to
mitochondrial respiration, muscle glycogen concentration,
and the concentration and activity of glycolitic enzymes
(Table 4). The increase of mitochondrial proteins and
many of the enzymes of beta oxidation for fatty acids
result in an approximately two-fold increase of the oxida-
tive metabolism in the skeletal muscle (3). More specifi-
cally, an increase in the mitochondrial membrane surface
area is found, which improves the capacity for the ex-
change of metabolites between the cytosol and mitochon-
dria (3). The increased mitochondrial volume provides a
greater concentration of mitochondrial oxidative enzymes
that, in turn, increases VO2max. Also, some evidence is
found of increased muscle glycogen concentrations in long-
term endurance-trained athletes (51).

Next to these metabolic adaptations, some structural
adaptations to chronic endurance exercise also occur in
the skeletal muscle. As already mentioned, skeletal mus-
cle vascularity (blood vessels in skeletal muscles) in-
creases with endurance training. Because the transit
time for red blood cells is decreased because of the im-
proved capillary, the diffusion of oxygen, substrates, and
metabolites in the muscles is facilitated. The trained
muscle has an increased oxygen extraction capacity be-
cause of improved diffusion capability and muscle respira-
tory capacity (1). The result appears to be a decreased
cardiac output and muscle blood flow at any given sub-
maximal workload. Indeed, during submaximal exercise,
muscle blood flow is decreased following endurance train-
ing. Decreased muscle blood flow allows more blood to be
directed to the viscera and skin. The muscle needs and
receives a smaller blood flow than before training. Thus, a
better use of available blood flow occurs, resulting in
economy and reserve capacity with respect to cardiac
work (18). During maximal aerobic exercise training,
however, blood flow increases in the active motor units.

Finally, increased vascularity also decreases total periph-
eral resistance, which is one of the mechanisms that
increases cardiac output with endurance training. The
functional significance of all these changes is seen pri-
marily during sustained exercise in which there will be a
delay in the onset of metabolic acidosis, an increase in the
capacity to oxidize free fatty acids and other fuels, and a
conservation of carbohydrates (1).

1.4.3.3. Adaptations in Muscle Structure to Resistance
Training. The major adaptation that occurs with resis-
tance training is an increase in the cross-sectional area
of the muscle, called muscle hypertrophy (3). The principle
mechanism for muscle hypertrophy is cellular hypertro-
phy (increased cross-sectional area) and not hyperplasia
(increased number of cells). The functional significance of
morphological changes is primarily a greater capacity for
strength and power development. Both type I (slow twitch,
oxidative) and type II (fast twitch, explosive, anaerobe)
fibers increase in cross-sectional area resulting from high-
intensity resistance training (Fig. 7) (52). During more
intense exercise, muscle hypertrophy is greater than that
for endurance activities (49). In addition to fiber areas, the
angle in fiber pinnation can also adapt to training.

Individuals that only perform resistance training with-
out endurance training risk reduction of endurance capa-
city. Performing some endurance training in the training
program can counteract this problem. Thus, from a prac-
tical point of view, when training stimuli are combined, a
decrease in metabolic capacity is not inevitable. It is
common to find increases in strength of 30–40%, which
exceed the amount of muscle hypertrophy. Especially at
the beginning of resistance training, additional gain in
strength is found without any hypertrophy occurring,
which can be ascribed to the optimization of recruitment
patterns (neurological training) (53,54). Independent of
any improvements that occur, one becomes more adept in
effectively using muscle mass (53,54). The gain in strength
without hypertrophy of the muscle is given by the concept
of specific force, which involves the maximal force being
normalized to the physiological cross-sectional area of the
muscle. This measurement allows comparing intrinsic
capacity with develop force, regardless of the size of the
muscle (1). Increasing evidence from animal studies sup-
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ports morphologic adaptations of the neuromuscular junc-
tion (NMJ) in response to increased activity (55). In
conclusion, the neural component of adaptation to exercise
may be important to better understand increased exercise
tolerance and performance after training.

1.5. Benefits from Regular (Recreational) Physical Activity:
Public Health Perspectives

Numerous health benefits are associated with regular
participation in intermittent, moderate-intensity physical
activity. The Surgeon General’s report, Physical Activity
and Health (56) stated some conclusions that merit more
attention here. Significant health benefits can be obtained
by including a moderate amount of physical activity on
most, if not all, days of the week. ‘‘Through a modest
increase in daily activity, most people can improve their
health and quality of life.’’ Additional health benefits can
be gained through greater amounts of physical activity.
These statements imply that health and fitness benefits
associated with physical activity most likely follow a dose-
response relationship, which is suggested to be bell-
shaped (57). Although the optimal dose of exercise has
yet to be defined, the dose-response relationship between
physical activity and various health benefits supports the
need to encourage the public to engage in at least moder-
ate amounts and moderate intensities of daily physical
activity [i.e., activities that are approximately 3–6 METs
or the equivalent of walking at 3 to 4 mph (15–20 minutes
to walk 1 mile)] for most healthy adults.

Numerous laboratory-based studies have quantified
the many health and fitness benefits (e.g., physiologic,
metabolic, and psychological) associated with regular
physical activity (46). In addition, an increasing number
of prospective epidemiologic studies support the notion
that a physically active lifestyle and a moderate to high
level of cardiorespiratory fitness independently lower the
risk of various chronic diseases. However, until now, the
optimal weekly training load in terms of intensity, fre-
quency, and duration of exercise that is required to im-
prove health-related fitness parameters remains
forthcoming (58–63). Nevertheless, the bulk of the epide-
miologic evidence support the hypothesis that regular
activity increases longevity (64). Benefits of regular phy-
sical activity or exercise might be outlined as represented
in Table 5 (58).

1.6. Conclusion

In this section, a general overview is provided of both
exercise metabolism and chronic and acute systemic re-
sponses and adaptations to sports or recreational exercise.
During exercise, the body uses three types of substrates
(fats, carbohydrates, and proteins) as fuel for the construc-
tion of ATP in the working musculature. When the ATP
bond breaks down, the energy that is released serves as
the immediate source of energy for muscular contraction.
Three metabolic pathways exist in the muscle cells to
produce ATP rapidly during exercise: (1) immediate for-
mation of ATP by PC breakdown, (2) formation of ATP via
the degradation of glucose or glycogen (glycolysis), and (3)
oxidative formation of ATP. Formation of ATP via the PC
pathway and glycolysis are referred to as anaerobic,
meaning not dependent on O2. The third is referred to
as the aerobic energy system. The energy transduction
from this system depends on the presence of O2. The
proportional importance of these three pathways in the
total energy delivery is dependent on the type of exercise
(intensity and duration). The aerobic system provides
large amounts of ATP for muscular energy at a slow rate
(long duration and low-intensity exercise). The anaerobic
delivery, however, provides smaller amounts of ATP but at
a higher rate (short duration, high-intensity exercise). As
a response to physical exercise, a series of acute and
chronically systemic alterations occur to provide a more
efficient energy delivery in the working musculature. The
capacity to provide and to use oxygen in the tissues
(aerobic capacity) largely depends on the cardiovascular
system. The aerobic capacity can be quantified by the
maximal oxygen consumption (VO2max). This index de-
pends on HR, SV, and the arteriovenous oxygen difference.
At these levels, major acute and chronic alterations will
occur because of physical endurance exercising. Another
parameter that partly determines endurance capacity is
the pulmonary functioning. However, alterations at this
level are much less pronounced than those in the cardio-
vascular system. Finally, the skeletal muscle is also a
highly adaptable tissue because of the principle of myo-
plasticity that allows the muscle to alter its phenotype in
function of very specific stimuli. Therefore, both endur-
ance and resistance training will lead to relatively large
muscular alterations and adaptations. In fact, because
exercise is a whole body commitment, the entire body will
respond and adapt to exercise. Cardiovascular, pulmon-
ary, endocrine, muscular, immune, gastrointestinal, renal
skeletal, and skin responses to exercise are all responsible
for an efficient energy delivery during exercise.

2. BIOMEDICAL ENGINEERING CONTRIBUTIONS TO THE
FIELD OF EXERCISE PHYSIOLOGY

2.1. Introduction

The term ‘‘sports medicine’’ is defined as multidisciplinary,
including the physiological, biomechanical, psychological,
and pathological phenomena associated with exercise and
sport (58), and also includes associated medical special-
ities, allied health professionals, and applied sciences.

Table 4. Chronic Skeletal Muscle Metabolic Adaptations
Resulting from Exercise Training for Long-TermMuscular
Endurance

Metabolic Pathway Adaptation

Mitochondrial respiration m number and size of mitochondria
m concentration of glycolitic enzymes

Glycogen m concentration
Glycolysis m activity of glycolitic enzymes
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Figure 8 shows a schematic representation of the relation-
ship between exercise physiology and bioengineering.
Somewhat arbitrarily, two large subdivisions are made:
biomechanics and systems physiology. The first will be
discussed in separate chapters of this encyclopedia. The
latter has been discussed previously from the physiologi-
cal point of view, and bioengineering implications will now
be presented. Biomedical implications have become indis-
pensable in the evaluation and measurement of physical
fitness parameters and systemic/metabolic adaptations to
exercise.

At any time (whether at rest or during exercise),
systems generate signals, which can be recorded with
appropriate sensors. Sensors convert signals of one type,
such as hydrostatic fluid pressure, into an equivalent
signal of another type, for example, an electrical signal.
As such, biomedical sensors serve as the interface between
a biologic and an electronic system. They must function in
such a way as to not adversely affect either of the systems
and not interfere with exercise. Therefore, most of these
techniques will be noninvasive (i.e., no indwelling cathe-
ters or ionizing radiation).

The term ‘‘physical fitness’’ has been defined in many
ways, always referring to the capacity for movement.
Although many different literal definitions of physical
fitness exist, there is relative uniformity in the operational
definition of physical fitness being a multifactor construct
that includes several components. Health-related physical
fitness typically includes cardiorespiratory endurance,
body composition, muscular strength and endurance,
and flexibility. Measurements of physical fitness are a
common and appropriate practice in preventive and re-
habilitative exercise programs to promote health. Appro-

priate measurement techniques enable measurement and
evaluation of health-related physical fitness in presum-
ably healthy adults before, during, and after exercise
training. Most of the equipment used is in common with
general physiologic measurements, with some restrictions
and specific requirements. Possibilities are rather limited
for measurements on the track or in the field because of
portability, weight restrictions, and ruggedness. During
exercise, for example, ECG can be measured with a
telemetry system or a Holter recorder (tape recorder for
ECG for a total duration of 24 hours), or only HR with
pulse systems.

Studies in the laboratory for condition assessment or
pre- and post-exercise measurements give rise to less
restrictions. An overview of the most important para-
meters and the corresponding measuring devices is given
in Table 6. Some of the less well-known methods will be
briefly described.

2.2. Biomedical Engineering Contributions

2.2.1. Bioelectrical Impedance (BIA). BIA involves pas-
sing a small electric current through the body and mea-
suring the impedance or opposition to current flow. Fat-
free tissue is a good conductor of electrical current,
whereas fat is not. The resistance to current flow is thus
inversely related to the fat-free mass and total body water,
both of which can be predicted by this technique (65).

2.2.2. Pulse Oxymetry. This method relies on the detec-
tion of the time variance photoplethysmographic signal,
caused by changes in arteriolar blood volume associated
with cardiac contraction. Saturated O2 is derived by
analyzing only the time variant changes in absorbance

Table 5. Benefits from Regular Physical Activity or Exercise

1) Improvements of cardiovascular and respiratory function:
a. Increased maximal oxygen uptake caused by both central and peripheral adaptations
b. Lower minute ventilation at a given submaximal intensity
c. Lower myocardial oxygen cost for a given submaximal intensity
d. Lower HR and blood pressure at a given submaximal intensity
e. Increased capillary density in skeletal muscle
f. Increased exercise threshold for the accumulation of lactate in the blood
g. Increased exercise threshold for the onset of disease signs or symptoms

2) Reduction in coronary artery disease risk factors
a. Reduced resting systolic/diastolic pressures
b. Increased serum high-density lipoprotein cholesterol and decreased serum triglycerides
c. Reduced total body fat, reduced intra-abdominal fat
d. Reduced insulin needs, improved glucose tolerance

3) Decreased mortality and morbidity
a. Primary prevention (i.e., interventions will prevent an acute cardiac event)

i. Higher activity or fitness levels are associated with lower death rates from coronary artery disease
ii. Higher activity or fitness levels are associated with lower incidence rates for combined cardiovascular disease, cancer of the

colon, and type 2 diabetes
b. Secondary prevention (i.e., interventions after a cardiac event to prevent another)

i. All cause of mortality is lower in patients involved in a cardiac rehabilitation exercise training program as shown by meta
analysis

4) Other postulated benefits
a. Decreased anxiety and depression
b. Enhanced feelings of well being
c. Enhanced performance of work
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caused by the pulsating arterial flow at the same red and
infrared wavelengths used in a conventional invasive (in
the blood flow)-type oximeter (66). A pulse oximeter con-
sists of a pair of small and inexpensive red and infrared
LEDs and a single highly sensitive silicon photodetector.
The majority of the sensors are of the transmittance type.
The sensor is usually applied at the earlobe or fingertip.

2.2.3. Magnetic Resonance Velocity Mapping (67). Mag-
netic resonance imaging is firmly established in imaging
static organs and even moving targets such as the cardi-
ovascular system with an appropriate triggering system
(cardiac and breathing cycle). Conventional images repre-
sent a map of the amplitude of the radio-frequency signal
emitted by sensitive nuclei in the imaging plane under the
influence of a static field and applied magnetic field
gradients and radio-frequency pulses. It is possible to
encode velocity in the phase of the signal so that the phase
map becomes a velocity map. The encoding of velocity is
achieved by a combination of magnetic field gradients that
leave the phase in each pixel of the image proportional to
velocity in a chosen direction, either through the image
plane or within it. Clinical applications have centred on
the measurement of flow pulmonary circulation, in shunts,
in valvular regurgitation and stenosis. Especially impor-
tant for exercise physiology is the measurement of flow in
native coronary arteries in a complete noninvasive way
(68). This method could therefore be implemented in
exercise physiology. However, a limitation of the method
is the maximum velocity that can be measured (about 6 m/
s).

2.2.4. Magnetic Resonance Spectroscopy (69). Conven-
tional magnetic resonance imaging measures signals
emitted by hydrogen (proton) nuclei from small pixels
that have been selected by spatial variations in frequency
and phase. However, when using frequency changes for
spatial encoding and imaging, the ability to discriminate
much of the important information about the chemical
environment among the nuclei is lost. Water, fat, and
other chemicals (aminoacids) combine to produce a single
net signal from each pixel.

Magnetic resonance spectroscopy can extract informa-
tion about the chemicals that reside on the frequency scale
between water and fat in both a quantitative manner and
a qualitative manner, and a plot representing chemical
composition within a pixel is generated.

An RF pulse is applied to the sample (which is in a
large, continuous, main magnetic field). The reflected
signal from the sample is measured and Fourier trans-
formed. The peaks (or resonances) (Fig. 9) on the x-axis
correspond to specific chemical components. The signal
intensity (amplitude on the y-axis) and linewidth provide
the area that can be used to quantitate the amount of the
observed chemical. As these effects are very small, and in
order to resolve the different chemical species, it is neces-
sary to achieve very high levels of homogeneity of the
main magnetic field, approximately one part in 108–1010.
In human studies, three nuclei are of particular interest:

1. 1H or proton spectroscopy, mainly employed in
studies of the brain with prominent peaks develop-
ing at choline-containing compounds, myo-inositol,
and lactate. Other applications are in the study of
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Figure 8. Overview of exercise physiology and its relationship to biomedical engineering. Data
analysis is in common for all systems generating any kind of signal.
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creatine/phospocreatine and intramyocellur lipids.
Recently, it has been observed that acetyl groups, an
intermediary in metabolism, can also be studied
with exercise (70) and to evaluate intramuscular
lipid metabolism (71). This technique enables the
distinction between separate lipid compartments
within muscle. Intramuscular cytoplasm serves as
a readily available fuel source during exercise.
Studies have shown a decrease in response to inter-
mittent and long-duration exercise (71), but not with
sprinting (72). These results suggest that both ex-
ercise duration and workload are important factors
in determining the reduction in intramuscular cyto-
plasm (73).

Recently, a post-exercise peak has been shown (74)

that presumably reflects acetyl carnitine. As acetyl
carnitine has a role in the interplay between carbo-
hydrate and fat metabolism, future studies of this
peak will likely contribute to an enhanced under-
standing of muscle substrate selection by exercise.

2. 13C spectroscopy (75) is used for studying changes
in muscle glycogen and metabolic fluxes in the brain
and the liver. It was shown that exhaustion during
exercise (soccer-specific performance) is related to
the capacity to use muscle glycogen (76).

3. 31P spectroscopy (77) detects compounds involved in
energy metabolism: creatine phospate, ATP, and
inorganic phospate. It is also possible to determine
intracellular pH (modified Henderson–Hasselbach
equation) because the inorganic phosphate peak
position is pH-sensitive (78).

Phosphorous-containing molecules (phosphagens) are of
interest because of their role in the energy flux to the cell.
Thus, 31P magnetic spectroscopy has been used to inves-
tigate the effects of exercise and recovery on phosphagen
metabolism.

At rest, muscle energy metabolism is supplied by
oxidative phosporylation, which is maintained at a rela-
tively low rate. The energy state of the cell in vivo is
correlated with the ratio of PC to inorganic phosphate and
can thus be used in metabolic studies. In healthy muscle,
at rest, this ratio is 6–12 (79). This ratio is used to study
recovery rates and decreased acidification in long-distance
runners during and after exercise, attributed to their
greater capacity for aerobic metabolism (80). Therefore,
this method is very suited to show differentiation between
endurance-trained, sprint-trained, and untrained subjects
(81).

Table 6. Schematic of Systemic Measurement Methods in Sport Physiology

Cardiovascular
Electrical ECG, heart rate
Mechanical Blood pressure: intermittent (arm cuff), continuous (finger plethysmographt)
Blood flow Cardiac output (rebreathing)

Doppler ultrasound
Magnetic resonance (phase velocity mapping)

Dimensions Echocardiography
Magnetic resonance imaging
Exercise nuclear imaging

Pulmonary
Pulmonary minute volume Pneumotachometer, spirometer
Breathing rate Impedance
O2 saturation Pulse oximetry

Body composition Densitometry Plethysmography: dual chamber plethysmograph (air displacement, body volume)
Bioelectrical impedance (BIA)
Dual energy x-ray absorptiometry (DXA)
Magnetic resonance spectroscopy

Activity Accelerometer

Temperature Thermistor

Metabolism Chemical components Near-infrared interactance (NIR)

3.8 3.4 3.0 2.6 2.2 1.8 1.4 1.0 0.6 0.2
ppmChemical shift

Figure 9. In vivo proton MR spectrum from the calf muscle of a
healthy volunteer. Normal choline and creatine/phosphocreatine
(at 3.2 ppm and 3.0 ppm, respectively ). A high concentration of
lipids (at 1.4 ppm) is present in the healthy muscle (amplitude of
the y-axis has been expanded in order to visualize the smaller
peaks at 3.2 and 3.0 ppm).
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In summary, it can be stated that 31P spectroscopy has
generated a tremendous improvement in the study of
muscle bioenergetics.

Great expectations for magnetic resonance spectro-
scopy exist, a powerful technique that noninvasively
monitors biochemistry. These techniques will undoubtedly
contribute to an enhanced understanding of normal me-
tabolism and changes associated with exercise.
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1. INTRODUCTION

Bioheat transfer models have significant applications in a
wide variety of clinical, basic, and environmental sciences
(1,2). In particular, understanding the heat transfer in
biological tissues involving either raising or lowering of
temperature is a necessity for many therapeutic practices
such as cancer hyperthermia (3), burn injury (2,4), brain
hypothermia resuscitation (5), disease diagnostics (6),
thermal comfort analysis (7), and cryosurgery (8–10) and
cryopreservation (11).

In a hyperthermia process, whose primary objective is
to raise the temperature of the diseased tissue to a
therapeutic value, typically, 42–431C, and then thermally
destroy it, various apparatuses such as the microwave
(12), the ultrasound (13), and the laser (14) have been
used to deposit heating for treating the tumor in the deep
biological body. However, in some other cases, the high
temperature should be avoided. For example, skin burns
caused by exposing to heat in a flash fire, laser irradiation,
or contact with hot substances (2,4) are the most com-
monly encountered hazards in daily life or in industry. In
these situations, the prediction of variation of tempera-
ture in both space and time is requested to evaluate burn
injury of tissues, which would serve to find ways either to
induce or prevent such thermal hazards to the target
tissues.

In contrast to the principle of hyperthermia therapy,
cryosurgery realizes its clinical object by a controlled
destruction of tissues through deep freezing and thawing
(15). Applications of this treatment are wide in dermatol-
ogy and gynecology, glaucoma, lung tumor, urology, ortho-
pedics, otology, neurosurgery, ophthalmology,
management of cancer, and other specialties because of
its outstanding virtues such as quick, clean, relatively
painless, good homeostasis (arresting of bleeding), and
satisfaction of the little scar. An accurate understanding of
the extent of the irregular shape of the frozen region, the
direction of ice growth, and the temperature distribution
within the ice balls during the freezing process is a basic
requirement for the successful operation of a cryosurgery.

Except for the above extreme cases, quantification on
the thermal processes of biological body in a mild tem-
perature range also found significant applications in many
medical issues, such as disease diagnostics (6), thermal
comfort analysis (16), and thermal parameter estimation
(17,18). For example, temperature mapped at the skin
surface of biological body is a unique index to reflect the
disease statue, which has led to the rapid progress of
disease diagnostics by infrared thermometer, because the
body surface temperature is often determined by the blood
circulation underneath the skin, the local metabolism, the
radiation emissivity and humidity of skin, the convective

heat transfer coefficient, and the relative humidity and
temperature of the surrounding air. Changes in any of
these parameters will induce alteration from the normal
temperature or heat flux range at the skin surface,
reflecting the physiological or pathological status of hu-
man body (6). To better understand the disease processes
that go with thermal abnormalities, and consequently to
use thermal imaging information not only to detect pathol-
ogy but also to manage disease better, accurate correla-
tions between skin thermal information and human
pathophysiology need to be clearly understood.

During some adverse pathological or emergent clinical
situations such as circulation arresting, or cardiac opera-
tions, especially for procedures requiring reduced perfu-
sion or circulatory arrest (5), it has been commonly
accepted that a mild or moderate hypothermia (4301C)
is by far the most principal means of neurologic protection.
In fact, brain cooling has been proven to be an efficient
way to restrain the cerebral oxygen and metabolic de-
mands and thus prevent cerebral tissues from being
damaged. Comprehension on the hypothermia behavior
involved would further advance the brain resuscitation.
To numerically simulate the thermal development of head
subject to hypoxia and then to reveal its effect to the
oxygen transport in the cerebrovascular network, estab-
lishing a mathematical model is very necessary.

All of these medical issues caused a high demand for
modeling the bioheat transfer process. In this section,
aiming to provide a fundamental knowledge for the read-
ers to grasp the basic rule of theoretically tackling the
above bioengineering issues, an overview on the bioheat
transfer model and its typical applications from low to
high temperature will be presented. Considering that the
thermoregulation mechanisms of the biological bodies
were often neglected for simplicity in most of the former
studies, this discussion also falls into such a category.
Besides, covering various model forms is not the current
objective. Therefore, only the most commonly encountered
basic bioheat transfer models in tissue level will be dis-
cussed. For those in micro-scale or requiring specific
derivation, readers are referred to Refs. 1,9,11 and 19 for
more detail.

2. BIOHEAT TRANSFER MODEL WITHOUT PHASE
CHANGE

2.1. Classic Pennes Bioheat Equation

Generally, due to highly nonhomogeneous thermal proper-
ties, it is extremely difficult to quantify the thermal
behavior of a biological body by means of distinguishing
its temperature in local tissue from the vascular network.
A simple yet intuitive way is to introduce the temperature
T to characterize the overall thermal state in a specific
position of the tissue. Until now, the classic Pennes
equation has been commonly accepted as the best prac-
tical approach for modeling bioheat transfer, due to its
simplicity and validity. This is because most of the other
models still lack sound experimental grounding and are
generally very complex. Therefore, in view of its simplicity
and wide applicability, the Pennes equation kept being

1
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proved as a generalized model for characterizing the heat
transport process in the skin tissues.

As is well known, the arterial temperature decreases
due to conduction of heat from arterial blood to the
surrounding tissue, and in the capillary bed, the condition
of very slow flow with a superposed oscillating component
favors almost complete thermal equilibrium between the
bloodstream and the surrounding tissue. As the precapil-
lary and capillary beds are the major sites for exchange of
heat in tissue, it is reasonable to assume the equality in
postcapillary blood and tissue temperatures. It was based
on this justification that the Pennes equation (20) was
established and its generalized form can be written as

rC
@TðX; tÞ

@t
¼r � kðXÞr TðX; tÞ½ �

þwbðXÞCb Ta � TðX; tÞ½ �

þQmðX; tÞþQrðX; tÞ; X 2 O;

ð1Þ

where r and C are, respectively, the density and the
specific heat of tissue; cb denotes the specific heat of blood;
X contains the Cartesian coordinates x, y, and z; O denotes
the analyzed spatial domain; k(X) is the space-dependent
thermal conductivity; and wb(X) is the space-dependent
blood perfusion and can generally be measured through a
thermal clearance method. This value represents the
blood flow rate per unit tissue volume and is contributed
mainly from microcirculation including the capillary net-
work plus small arterioles and venules; Ta is the blood
temperature in the arteries supplying the tissue and is
often treated as a constant at 371C; T(X,t) is the tissue
temperature; Qm(X,t) is the metabolic heat generation;
and Qr(X,t) is the distributed volumetric heat source due
to externally applied spatial heating.

Clearly, after introducing the intuitive concept of
Pennes’ blood perfusion term, analysis on bioheat transfer
was significantly simplified. It should be noted that for
those tissues embedded with large blood vessels, energy
equations for the blood flow in a single vessel will be
needed and then combined with the Pennes equation to
predict the whole temperature fields.

2.2. Particularities of Geometry and Parameters in the
Bioheat Transfer Model

The geometric shape, dimensions, thermal properties, and
physiological characteristics for tissues, as well as the
arterial blood temperature, were usually used as the input
to the Pennes equation for a parametric study. For exam-
ple, the biological tissue can be stratified as three layers
(including skin, fat, and flesh layer, respectively). In each
layer, the thermal parameters were treated as constant
yet different from each other. A typical geometry for such
simplified structure can be shown as Fig. 1, although real
anatomical geometry can also be dealt with. Physiologi-
cally, in the skin and fat layers, the blood perfusion and
metabolic rate are both zero. The bioheat transfer equa-
tion can be directly used to characterize the thermal
process of the biological bodies subject to various external
or internal factors such as the convective interaction with

a heated or cooled fluid, radiation by fire or laser, contact
to a heating or freezing apparatus, electromagnetic
trauma, or a combination among them. Such issues can
be treated using different boundary conditions as well as
spatial heating or freezing patterns. Meanwhile, the bio-
heat transfer equation should be modified by incorporat-
ing more complex yet real situations including coordinate
systems and the calculation domain.

The flexibility of the Pennes equation in a variety of
bioheat transfer analysis can be illustrated by the follow-
ing examples. When cerebral circulation arrests a transi-
ent state, the blood perfusion may gradually reduce in a
short period of time, but the brain metabolism continues
until it runs out of the metabolic substrate. In such a case,
Equation 1 can be modified by incorporating these proper-
ties, although completely characterizing them is still a
difficulty. Meanwhile, the ischemic region of the brain can
be reflected by reducing the blood perfusion rate to a
lowered value or a certain percentage of its normal value.
In some brain cooling via ventilating cold blood through
the vessels, the arterial temperature in the Pennes equa-
tion was intentionally lowered to accommodate to the
practical situation.

The metabolic heat generation generally depends on
the local tissue temperature. But in most cases, it was
treated as a constant. The baseline metabolic rate is
chosen as that which enables the patient to maintain
his/her own body temperature in a normal state. The
most widely adopted approach in estimating the metabolic
term has been to set it as the product of the oxygen
consumption and its caloric value. It is assumed that the
metabolic rate changes according to the temperature
coefficient f, i.e. (5),

Qm¼Qm0 � f
½T�37�=10; ð2Þ

Figure 1. Simplified three-layer model of tissue (z denotes the
tissue depth from the skin surface, and three layers are the skin,
fat, and flesh layer, respectively).
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where Qm0 is the reference metabolic rate at 371C and f is
usually set as 3.0.

It should be emphasized that the thermal parameters
involved in the bioheat transfer model for the living
tissues would vary under different statuses like tumor
formation, vascular disorders, hemodynamic dysfunction,
and during or after external heating or freezing. There-
fore, when performing a thermal analysis, caution choos-
ing the appropriate parameters should always be taken.

2.3. Boundary and Initial Conditions

The boundary condition for the heat transfer occurring at
the skin surface generally is composed of three parts:
convection, radiation, and evaporation; i.e. (6),

�k
@T

@n

�

�

�

�

skin

¼hf ðTs � Tf Þþ seðT4
s � T4

f ÞþQe; ð3Þ

where hf is the convection heat transfer coefficient; Ts and
Tf are the skin and surrounding air temperature, respec-
tively; e is the skin emissivity; s is the Stefan–Boltzmann
constant; Qe is the evaporative heat losses due to sweat
secretion; and (refer to Refs. 7 and 21)

Qe¼Qdif þQrsw; ð4Þ

Qdif ¼ 3:054ð0:256Ts � 3:37� PaÞ; ð5Þ

Qrsw¼ 16:7hfWrswð0:256Ts � 3:37� PaÞ; ð6Þ

where Qdif is the heat loss by evaporation of implicit sweat
secretion when the skin is dry; Qrsw is the heat loss by
evaporation of explicit sweat secretion; Wrsw is the skin
humidity; 0rWrswr1 and Wrsw¼ 0,1, respectively, mean
that the skin is dry and entirely wet; Pa is the vapor
pressure in ambient air; Pa¼faP

�
a, where fa is the

relative humidity of surrounding air; and Pa
� is the satu-

rated vapor pressure at surrounding air temperature.
The nonlinear boundary condition in Equation 3 due to

the occurrence of the seT4
s term can be solved through

iteration until an acceptable error was obtained. The
whole initial temperature field for the biological bodies
was often treated as uniform at 371C just like that of the
body core for simplicity or obtained through solving the
bioheat equation at steady state by incorporating the
corresponding boundary conditions.

Solving the generalized bioheat transfer model and the
boundary and initial conditions, the relative contribution
of each thermal factor to skin temperature distribution
can be evaluated. For example, Fig. 2 depicts a comparison
of the heat fluxes due to radiation, convection, and eva-
poration and the sum of these heat fluxes at the skin
surface (6). It indicates that the thermal radiation and
evaporation of skin is evident. In addition, heat loss due to
evaporation when the skin is dry is much less than that
while the skin is partially wet. Consequently, the non-
homogeneous skin humidity can also result in abnormal
temperature distribution at the skin surface. All of these
complexities should be considered in some specific clinical
practices such as accurate thermal diagnosis. But for a

general analysis, the evaporative and radiative heat
transfer at the skin surface were often omitted or just
attributed to the apparent convective heat transfer term
for simplicity.

2.4. Extension of the Classic Bioheat Transfer Model

Until now, most thermal medical analyses are based on
the well-known Pennes equation. The history of bioheat
transfer art and science can be merged to modify and
improve this model. Among all of the efforts ever made,
the blood perfusion term in the Pennes equation has been
substantially studied, which led to several conceptually
innovated bioheat models such as the Wulff continuum
model (22), the Chen–Holmes model addressing both the
flow and the perfusion properties of blood (23), and the
Weinbaum–Jiji three-layer model to characterize the heat
transfer in the peripheral tissues (24).

Except for the extensive works performed on modeling
the blood flow heat transfer, some other efforts were made
to better understand the mechanisms of the metabolic
term in the Pennes equation (25). Meanwhile, attentions
were also paid to the heat conduction term. To date, nearly
all of the studies on the bioheat conduction were based on
the Fourier law, which implies an instantaneous thermal
energy deposition in medium; i.e., any local temperature
disturbance causes an instantaneous perturbation in tem-
perature at each point in the medium. Modifications on
this term have led to several studies on wave-like heat
transfer in living tissues (26).

2.5. Solutions to the Classic Bioheat Transfer Model

It is often desirable to obtain as flexible as possible a way
to analytically solve the most widely used Pennes equa-
tion. Such solutions are mainly based on the Green’s
function method (27), which is beneficial for dealing with
the nonhomogeneous problem with the spatial or transi-
ent heating source and initial temperature distribution, as
well as complex boundary conditions. This is because the
Green’s function obtained for the differential equation is
independent of the source term and the transient or space-
dependent boundary conditions.
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Figure 2. The heat fluxes at skin surface due to radiation,
convection, and evaporation (e¼0.9, Wrsw¼0.2, f¼40%, Tf¼
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When the analytical solutions were not available,
numerical approaches such as the finite difference method
(FDM), finite element method (FEM), and boundary ele-
ment method (BEM) all have been used. Among these, the
FDM is convenient for compiling the computer code but is
not convenient to osculate the coordinate of the complex
biological shape. As an alternative, the FEM has good
adaptability to the complex shape (28). Compared with
these, the BEM has a unique virtue to provide a complete
problem solution in terms of boundary values only, with
substantial savings in computer time and data prepara-
tion (29). But severe restrictions exist in the traditional
BEM for solving the bioheat transfer equation (BHTE).
One is that the fundamental solution to the BHTE with
the nonhomogeneous blood perfusion term is hard to
obtain. Also, in most cases, it is inconvenient to alter the
program by incorporating a new fundamental solution
when the user wishes to study a slightly different bioheat
equation. Furthermore, the nonhomogeneous term ac-
counting for the spatial heating needs to be included in
the ordinary BEM formulation by means of domain inte-
grals, which makes the technique time consuming and
loses the attraction of its ‘‘boundary-only’’ character. In
this side, the dual reciprocity boundary element method
(DRBEM) can avoid the above restrictions (30). Overall,
the geometry and properties of biological bodies vary
drastically which make the analysis of bioheat transfer
complex. And the numerical calculations are therefore
often requested. Except for the solution to the direct
problems with input model parameters, solution to the
inverse problems based on partially measurable variables
of the model to infer the unknown system parameters also
consists of one extremely important issue for hyperther-
mia treatment (31). In fact, such problems seem more
complicated and yet common in reality. As requested by
many clinical practices, optimization on the bioheat trans-
fer problem to find out the best treatment protocol is
strongly needed.

3. BIOHEAT TRANSFER MODEL IN CRYOMEDICAL
ENGINEERING

3.1. Particularities of Modeling With Phase Change

For a cryosurgery or cryopreservation, it is in the cooling
and rewarming processes that injury was induced. To
obtain an optimal output of the biological materials,
quantitative evaluation on the temperature history dur-
ing the phase change is highly desirable. Knowing the
phase change front and the transient temperatures is
critical for adjusting the freezing to realize the specific
object either leading to damage or preserving the cells (8–
10). A major difference between simulation of cryosurgery
and that in hyperthermia lies in that a phase change
process occurred in the former case. As a result, the
thermal conductivities for the frozen tissue and blood-
perfused region were chosen differently; for example, a
smaller value for tissue was often taken as kl¼ 0.5W/
m � 1C, whereas in the frozen region, a larger value as ks¼
2W/m � 1C was used (32). Clearly, blood perfusion and
metabolic heat generation in the unfrozen region exist,

whereas they disappear after being frozen. Considering
that biological tissues in cryosurgery experience a wide
range of temperature change, their thermal properties
(including specific heat and thermal conductivity) are
expected to change significantly over the freezing/thawing
process. That is to say, the thermal parameters of the
biological tissues are generally temperature-dependent.
Several previous studies have shown that inclusion of
temperature dependence has a significant effect on phase
change predictions (33,34). But for simplicity, constant
assumptions were often adopted or only space-dependent
parameters were taken into concern. For example, to avoid
the expensive and intensive numerical iteration, a multi-
segmental constant thermal conductivity has been used to
approximate the temperature-dependent case (34).
Furthermore, due to the nonideal solution property, phase
change temperature for the biological tissues usually
occurs in a wide range (35), say between � 11C (upper
limit) and � 81C (lower limit), not just fixed at 01C, as
assumed in most calculations.

At this time, only a few efforts have been made analyz-
ing the rewarming behavior and the role of the blood flow
to the phase change heat transfer process. In most model-
ing on the rewarming process during cryosurgery, it has
often been assumed that when tissue is thawed, blood will
reflow to the originally frozen and then completely thawed
region. This, however, only partially holds true. In fact, if
the blood vessels were destroyed due to irreversible freez-
ing injury, blood will no longer be able to, or need certain
time to, reflow to this area. For such cases, the heat
transfer models with blood reflow behavior (36) should
be used to accurately predict the thawing behavior.

3.2. Models for Characterizing Different Phases Separately

For the heat transfer in unfrozen tissue, the classic model
was often used; i.e.,

ruCu
@TuðX; tÞ

@t
¼r � kur½TuðX; tÞ�

þwbCb Ta � TuðX; tÞ½ � þQm; X 2 OuðtÞ;

ð7Þ

where subscript u indicates the unfrozen phase.
In the frozen region, due to the absence of blood

perfusion and metabolic activities, the heat balance is
given by

rf Cf
@Tf ðX; tÞ

@t
¼r � kfr½Tf ðX; tÞ�; X 2 Of ðtÞ; ð8Þ

where subscript f indicates frozen tissue.
For ideal biological tissues, the temperature continuum

and energy balance conditions at the moving solid–liquid
interface are given as follows (assuming that the density
of tissue r is same constant for both liquid and solid
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phases):

Tf ðX; tÞ¼TuðX; tÞ¼Tm; X 2 Gm:i:; ð9Þ

kf
@Tf ðX; tÞ

@n
� ku

@TuðX; tÞ

@n
¼QlVn; X 2 Gm:i:; ð10Þ

where n denotes the unit outward normal; Ql, Tm are,
respectively, the latent heat and freezing point of tissue;
Gm.i. is the moving boundary, i.e., moving interface re-
sulted by phase change; and Vn is the normal velocity of
the moving interface.

Due to the high nonlinearity of Equations 7–10, a
complex iteration at the moving boundary is inevitable
by directly discretizing these governing equations.

3.3. Effective Heat Capacity Model

To avoid the iteration at the moving boundary, the effec-
tive heat capacity method is also often adopted. Since first
proposed by Bonacina et al. (37), the effective heat capa-
city method has been used by many investigators to solve
phase change problems. The advantage of this method lies
in that a fixed grid can be used for the numerical compu-
tation, and that the nonlinearity at the moving boundary
can thus be avoided. The essence of the effective heat
capacity method is to approximate the latent heat by a
generalized effective heat capacity over a small tempera-
ture range near the freezing point (38). Following this
strategy, the numerical solution can be carried out on the
fixed grid throughout the calculation process, which is
much easier to implement.

To apply the effective heat capacity method, Equations
7 and 8 must be substituted by a uniform energy equation
that can be constructed as follows (38):

L
@TðX; tÞ

@t
¼r � kðTÞr½TðX; tÞ�

þwbðTÞCb½Ta � TðX; tÞ� þQmðTÞ; X 2 O;

ð11Þ

where L¼ rC(T)þQld(T�Tm) and

rCðTÞ¼
rCf ; ToTm

rCu; T > Tm

;

(

dðT � TmÞ

is the Dirac function;

kðTÞ¼

kf ; ToTm

ku; T > Tm;

8

<

:

QmðTÞ¼

0; ToTm

Qm; T > Tm;

8

<

:

and

wbðTÞ¼

0; ToTm

wb; T > Tm:

8

<

:

As the phase change of real biological tissue does not
take place at a specific temperature but within a tempera-
ture range, it is reasonable to substitute a large effective
heat capacity over a temperature range (Tml, Tmu) for the

latent heat, where Tml and Tmu are, respectively, the lower
and upper phase transition temperatures of tissue. Intro-
ducing the effective heat capacity ~C, effective thermal
conductivity ~kðTÞ, effective metabolic heat generation
~Qm, and effective blood perfusion ~obðTÞ, respectively, as
(assuming that ku, kf, Cu, and Cf are all constant)

~CðTÞ¼

rCf ; ToTml

rQl

ðTmu�TmlÞ
þ

rCf þ rCu

2 ; Tml � T � Tmu

rCu; T > Tmu;

8

>

>

<

>

>

:

ð12Þ

~kðTÞ¼

kf ; ToTml

ðkf þ kuÞ=2; Tml � T � Tmu

ku; T > Tmu;

8

>

>

<

>

>

:

ð13Þ

~QmðTÞ¼

0; ToTml

0; Tml � T � Tmu

Qm; T > Tmu;

8

>

>

<

>

>

:

ð14Þ

~wbðTÞ¼

0; ToTml

0; Tml � T � Tmu

wb; T > Tmu:

8

>

>

<

>

>

:

ð15Þ

Then Equation 11 can be rewritten as

~C
@T

@t
¼r � ~krTþ ~wbCbðTa � TÞþ ~Qm; X 2 O: ð16Þ

Consequently, through introducing the effective heat
capacity, the complex nonlinear phase change problems
are simplified as nonhomogeneous ones that can be easily
dealt with by a general numerical method.

3.4. Moving Heat Source Model

Except for the above modeling approach, the three equa-
tions used to characterize the solid phase, the liquid
phase, and the solid–liquid interface separately can in
fact be equivalently transformed to a single heat conduc-
tion model with a moving heat source term (39), such that
for a cryopreservation process, the one-dimensional model
reads as

rC
@TðX; tÞ

@t
¼r � ½krTðX; tÞ�

þ rQl
dsðX; tÞ

dt
d½X � sðX; tÞ�; t > 0;

ð17Þ

with a condition at the phase change front:

TðX; tÞ¼Tm; X¼ sðX; tÞ; t > 0; ð18Þ

where d[X� s(X,t)] is the delta function and s(X,t) is the
moving interface.

The second term in the Equation 17 appears as a
moving heat source qr. With such a relatively simple
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expression, the equations can be analytically solved using
the Green’s function method (39).

Except for characterizing the freezing process, the
moving heat transfer modeling approach can also be
extended to deal with more complex phase change pro-
blems. In skin rewarming after cryosurgery, if certain
spatial heating apparatus such as microwave or ultra-
sound are applied for a better thawing effect, the moving
heat source should be expressed as

qrðX; tÞ¼ rQl
dsðX; tÞ

dt
d½X � sðX; tÞ� þQrðX; tÞ; ð19Þ

where Qr is the external volumetric heating.
In fact, the physical meaning for the spatial heat source

can be much wider. It can be sensed as an apparent heat
product contributed from both the metabolism as well as
the blood heat transfer effect. During cryosurgery, effects
of the blood perfusion heat transfer and the metabolic rate
on the phase change can be approximately studied
through defining the appropriate heat source in the en-
ergy equation. Assuming that the perfusion and metabolic
activity will cease once freezing at that location is in-
itiated, then the corresponding moving heat source in the
energy equation can be expressed as follows:

qrðX; tÞ¼ rQl
dsðX; tÞ

dt
d½X � sðtÞ� þ qmH½X � sðtÞ�; ð20Þ

where qm¼wbCb(Ta�T)þQm represents heat generation
due to blood perfusion and metabolic rate and H is the
heavy side function. Analysis from this approach can
reflect a certain in vivo freezing situation.

3.5. Solution to the Phase Change Heat Transfer Model

The main difficulties encountered in cryosurgical simula-
tion are the unknowns on the extent of the irregular shape
of the frozen region, the direction of ice growth, and the
temperature distribution within the ice balls during the
freezing process. Such moving boundary problems are
highly nonlinear. Exact solutions are only possible for
some simple one-dimensional problems (32,39). Clearly,
the complexity of multidimensional phase change pro-
blems during cryosurgery suggests numerical approaches.
In the long-term development of cryosurgery technology,
several numerical models to solve the phase change
problems of biological tissues have been proposed. Gen-
erally, the existing numerical schemes can be divided into
two basic approaches (38): One is based on the front-
tracking technique, whereas another is on the non-front-
tracking technique including enthalpy formulation and
the effective heat capacity method. Most of the previous
numerical efforts were mainly focused on the one- or two-
dimensional heat transfer models.

Numerical calculations on the phase change problems
of biological tissues can be done by the FDM, FEM, the
finite volume method, or BEM. As explained, the BEM has
an advantage over others due to its requiring only dis-
cretization on the boundaries of the domain. However, the
traditional BEM for problems involving nonlinearities

may still yield difficulty in deriving the so-called funda-
mental solution and thus requires additional domain
discretization. This difficulty can be resolved by the
DRBEM, applying the reciprocity relationship twice.
Since its introduction by Nardini and Brebbia (40), the
DRBEM has been successfully applied to various heat
transfer problems including phase change problems for
both single moving boundary and multi-moving-boundary
cases. Recently, this method was extended to solve the
multidimensional phase change problem of biological tis-
sues during cryosurgery (30).

Depicted in Fig. 3 is a typical temperature distribution
for the freezing by three probes with an identical insertion
depth into the tissue (38). It was shown that the tempera-
ture responses at tissues surrounding the three probe tips
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Figure 3. Tissue temperature distributions at cross section of x
¼0.027m for the case of three-probes with identical insertion
depth. 
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are much different from the rest of the tissues, and that
three identical valleys appear in the temperature distri-
butions during freezing, whereas three identical peaks
were produced at the same positions during heating.
Figure 4 gives the location and size of the ice ball produced
by the freezing of probes. Compared with the case of a
single freezing, the ice ball formed by the three-probes
freezing is much larger. It must be noticed that the domain
of the ice ball should exceed the area of the tumor, which is
for completely destroying the target. The use of multiple
probes permits overlapping the requested frozen/heated
areas in the treatment of large tumors and provides a
method of destroying the tissue to the desired size and
shape in complex tumor ablation. Meanwhile, overfreez-
ing might also cause an irreversible injury to the neigh-
boring healthy tissues. Therefore, numerical calculations
can provide a very informative prediction on the tissue
temperature responses and thus help to optimize the
treatment parameters before the tumor operation. For
the method to optimize the cryosurgical protocols, readers
are referred to Refs. 41–43 for more detail.

4. ROLE OF SINGLE LARGE BLOOD VESSEL TO HEAT
TRANSFER

The role of the large blood vessel to the bioheat transfer
during tumor hyperthermia has been well documented in
the literature (44). However, few efforts were made on
understanding their effects in the cryosurgical treatment
up to now. Without any doubt, large blood vessels play
extremely important roles over the heat transfer process,
leading to tissue freezing, just like that in the hyperther-
mia clinics.

As is well known, tumor growth and survival critically
depend on its blood vessel network. The process of neo-
vascularization is a universal characteristic of solid can-
cers larger than a few millimeters, which results in the
fact that tumors are often situated near some large blood

vessels. In addition, some malignancies, such as pancrea-
tic tumors, encase the aorta and other major vessels. The
presence of tumor involvement of vessels will, in most
cases, make the patient ineligible for curative resection.
Therefore, the use of cryosurgery or hyperthermia in these
cases often appears as an attractive choice. However, it
would be a plague to implement cryosurgery or hyperther-
mia when a tumor is too close to a critical blood vessel or
such a vessel transits the tumor. There are mainly two
reasons can resolve this mechanism: On the one hand, the
heating/cooling nature of the flowing blood in the large
vessels can produce steep temperature gradients in fro-
zen/heated tissues, resulting in inadequate cooling/heat-
ing temperatures and then contributing to the non-killing
of the tumor during cryosurgery/hyperthermia; on the
other hand, cutting off the circulation of blood vessels
and/or bleeding due to ruptures of large blood vessels by
the ice ball or burning injury during the ablation proce-
dure may cause undesired damage to healthy tissues or
organs (45). Besides, there is still much concern about the
effect of cryotherapy/hyperthermia on major vessels in a
young patient with anticipated subsequent growth,
although blood vessels do seem to tolerate some freezing/
heating. To implement an effective cryosurgery/hyperther-
mia for the case of large blood vessels embedded in or close
to the tumor, the effects of large blood vessels to the
transient temperature distributions of tissues subject to
controlled freezing or heating must be well understood.

The Pennes bioheat equation has collectively consid-
ered the thermal effect of blood flow. However, it has the
inherent limitation that it cannot simulate the effects of
widely spaced thermally significant blood vessels. Such
vessels are distributed throughout the body and can
perturb the temperature field of tissue. In particular,
when large blood vessel are present, the convective effect
of the blood flow may significantly affect the surrounding
tissues frozen or heated by the medical applicator, thus
possibly forming steep temperature gradients between
large blood vessels and the tissues near the vessels. If
such temperature gradients are present, the surgical
protocol must be revised to provide adequate freezing or
heating and to avoid damaging normal tissue.

Many vascular heat transfer models currently exist
that account for the convective effects of large blood
vessels on the temperatures of tissues. Among these,
Chato’s work (46) was the first to investigate the thermal
behaviors of blood vessels. By introducing several simpli-
fications, he analytical solved the temperature fields for a
single vessel and a counter-current vessel pair embedded
in nonperfused tissues. Weinbaum–Jiji’s modified bioheat
transfer equation (24), which did not explicitly include
large blood vessels, is also used as an alternative equation
to study bioheat transfer problems. Kotte et al. established
the discrete vasculature thermal model, in which the
vessel network is described as a structured tree of vessel
segments (47). Chen and Roemer (44) developed several
vascular models and then studied the effects of large blood
vessels on the tissue temperature distributions during
simulated hyperthermia. Due to its important applica-
tions in tumor hyperthermia, the study on thermal beha-
vior of large blood vessels had always been a focus in the
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Figure 4. The location and size of an ice ball after freezing for t¼
1200 s. 
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bioheat transfer field. Unfortunately, few attentions had
been paid to the effects of large blood vessels on the phase
change heat transfer in living tissues subject to freezing.
Until recently, Zhang et al. (45) made the first attempt to
develop a theoretical model as well as simulating experi-
ments for cryogenic heat transfer in biological tissues
embedded with large blood vessels. They proposed a
conceptual model for characterizing the heat transfer in
two-dimensional cylindrical tissues with a single blood
vessel, and they analytically solved it. Using this model,
they investigated the influences of the blood vessel en-
trance temperature, the vessel diameter, the blood flow
velocity, and the vessel length to the tissue temperature
distributions. However, due to the complexity of such
problems, only a two-dimensional steady-state case with
a single blood vessel transmitting the tissues was consid-
ered.

Focusing on several most typical vascular models, Deng
and Liu theoretically investigated the effects of counter-
current large blood vessels to the transient tissue tem-
perature distributions during cryosurgery treatment (48).
In such models, the whole tissue domain consists of
unfrozen tissue, frozen tissue, and large blood vessel
domains. The thermal model combines the Pennes bioheat
transfer equation describing for perfused tissues and the
energy equation for single or counter-current large blood
vessels with a constant Nusselt number. Here, the tem-
perature of blood in a large vessel, which varies along the
flow direction, is governed by the convective heat transfer
equation (44,48)

Cb
@Tb

@t
¼

hP

S
ðTwb � TbÞ � Cbv

@Tb

@z
; ð21Þ

where h¼Nu �kb/D is the convective heat transfer coeffi-
cient between the blood and tissue, D is the diameter of
the vessel, P is the perimeter of the vessel, S is the cross-
sectional area of the vessel, v is the mean blood velocity
along the vessel, Nu is the Nusselt number, and Twb is the
wall temperature of the vessel. Here, conduction inside
the vessel in the z direction (flow direction) is neglected for
large flow rate, and a constant Nusselt number is often
assumed.

Applying the finite difference formulation, the effects of
the blood flow in large vessels to the three-dimensional
phase change processes in biological tissues embedded
with large blood vessels can be clearly revealed. Figure 5
illustrates the effects of large blood vessels and cryoprobe
configurations on the ice ball parameters (48). It demon-
strated a difference of the freezing fronts in tissues for
different vascular models and cryoprobe configurations.
Clearly, the blood vessel has significant effects on the
temperature profiles during a phase change process.

5. PROSPECTIVE OF BIOHEAT TRANSFER MODELING

The authors have presented here an overview on the
modeling of bioheat transfer either in high or low tem-
perature. Overall, geometrical irregularity of the struc-
ture of blood vessels is the major obstacle in developing a

general bioheat transfer model. For a specific clinical
process, quantitative information of the vascular struc-
ture of the target is normally unavailable except for a
simple structure such as skin. There is still limited knowl-
edge on the heat transfer in many organs such as liver,
renal, brain, kidney, and prostate. Meanwhile, the exter-
nally applied three-dimensional heating or freezing pat-
terns by the medical apparatus should also be carefully
quantified, which is a basic requirement for an accurate
temperature prediction.

Clearly, establishing the bioheat transfer model with a
generalized purpose still has plenty of space to explore.
One possible way may be to characterize the anatomical
structure. Morphometry (vessel number density, length
and diameter, etc.) of arterial/venous vasculature has been
known as a function of the vessel generation order, i.e., the
vessel bifurcation branch. If such vascular structure can
be characterized through a certain mathematical way like
the scaling law, then a general modeling on the biological
heat transfer can be possible. Previously, fractals have
been developed especially to describe the self-similarity of
the vasculature using a noninteger dimension. In parti-
cular, it was even used to study the bioheat transfer (49)
as well as the scaling and allometry of metabolic rates in
the organ (50). All previous efforts may warrant further
investigations in the near future.
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Bioimpedance describes the passive electrical properties
of biological materials and serves as an indirect transdu-
cing mechanism for physiological events, often in cases
where no specific transducer for that event exists. It is an
elegantly simple technique that requires only the applica-
tion of two or more electrodes. According to Geddes and
Baker (1), the impedance between the electrodes may
reflect ‘‘seasonal variations, blood flow, cardiac activity,
respired volume, bladder, blood and kidney volumes,
uterine contractions, nervous activity, the galvanic skin
reflex, the volume of blood cells, clotting, blood pressure
and salivation.’’

Impedance Z [ohm, O] is a general term related to the
ability to oppose ac current flow, expressed as the ratio
between an ac sinusoidal voltage and an ac sinusoidal
current in an electric circuit. Impedance is a complex
quantity because a biomaterial, in addition to opposing
current flow, phase-shifts the voltage with respect to the
current in the time-domain. Admittance Y [siemens, S] is
the inverse of impedance (Y¼ 1/Z). The common term for
impedance and admittance is immittance (2).

The conductivity of the body is ionic (electrolytic),
because of for instance Naþ and Cl– in the body liquids.
The ionic current flow is quite different from the electronic
conduction found in metals: Ionic current is accompanied
by substance flow. This transport of substance leads to
concentrational changes in the liquid: locally near the
electrodes (electrode polarization), and in a closed-tissue
volume during prolonged dc current flow.

The studied biomaterial may be living tissue, dead
tissue, or organic material related to any living organism
such as a human, animal, cell, microbe, or plant. In this
chapter, we will limit our description to human body
tissue.

Tissue is composed of cells with poorly conducting,
thin-cell membranes; therefore, tissue has capacitive
properties: the higher the frequency, the lower the im-
pedance. Bioimpedance is frequency-dependent, and im-
pedance spectroscopy, hence, gives important information
about tissue and membrane structures as well as intra-
and extracellular liquid distributions. As a result of these
capacitive properties, tissue may also be regarded as a
dielectric (3). Emphasis is then shifted to ac permittivity
(e) and ac losses. In linear systems, the description by
permittivity or immittivity contains the same information.
It must also be realized that permittivity and immittivity
are material constants, whereas immittance is the directly
measured quantity dependent on tissue and electrode
geometries. In a heterogeneous biomaterial, it is impos-
sible to go directly from a measured immittance spectrum
to the immittivity distribution in the material. An impor-
tant challenge in the bioimpedance area is to base data

interpretation on a better knowledge of the immittivity of
the smaller tissue components (2–11).

1. TYPICAL BIOIMPEDANCE DATA

Figure 1 shows the three most common electrode systems.
With two electrodes, the current carrying electrodes and
signal pick-up electrodes are the same (Fig. 1, left). If the
electrodes are equal, it is called a bipolar lead, in contrast
to a monopolar lead. With 3-(tetrapolar) or 4-(quadropo-
lar) electrode systems, separate current carrying and
signal pick-up electrodes exist. The impedance is then
transfer impedance (12): The signal is not picked up from
the sites of current application.

The 4-electrode system (Fig. 1, right) has separate pick-
up (PU) and current carrying (CC) electrodes. With ideal
voltage amplifiers, the PU electrodes are not current
carrying, and therefore, their polarization impedances do
not introduce any voltage drop disturbing measured tissue
impedance. In the 3-electrode system (Fig. 1, middle), the
measuring electrode M is both a CC and signal PU
electrode.

1.1. A 4-Electrode Impedance Spectrum

Figure 2 shows a typical transfer impedance spectrum
(Bode plot) obtained with the 4-electrode system of Fig. 1
(right). It shows two dispersions (to be explained later).
The transfer impedance is related to, but not solely
determined by, the arm segment between the PU electro-
des. As we shall see, the spectrum is determined by the
sensitivity field of the 4-electrode system as a whole. The
larger the spacing between the electrodes, the more the
results are determined by deeper tissue volumes. Even if
all the electrodes are skin surface electrodes, the spectrum
is, in principle, not influenced by skin impedance or
electrode polarization impedance.

For many, it is a surprise that the immittance mea-
sured will be the same if the CC and PU electrodes are
interchanged (the reciprocity theorem).

1.2. A 3-Electrode Impedance Spectrum

Figure 3 shows a typical impedance spectrum obtained
with three skin surface electrodes on the underarm (Fig.

M1

M2
M

CC

PU
CC1

CC2

PU1

PU2

Figure 1. Three skin surface electrode systems on an underarm.
Functions: M¼measuring and current carrying, CC¼ current
carrying, PU¼ signal pick-up.

1
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1, middle). Notice the much higher impedance levels than
found with the 4-electrode system. The measured zone is
under M and comprises electrode polarization, skin im-
pedance, and deeper layer impedance, all physically in
series. The electrode polarization impedance is a source of
error; electrode impedance is not tissue impedance. At low
frequencies (o 1000 Hz), the result is dominated by the
high impedance of the human skin with negligible influ-
ence from the polarization impedance of the electrode. At

high frequencies (4 100 kHz), the results are dominated
by deeper layer tissues.

Figure 3 also shows the effect of contact electrolyte
penetration into the initially dry skin (three curves: at the
moment of electrode onset on dry skin, after 1 h, and after
4 h). The electrode polarization contribution can be judged
by studying Fig. 11. Initially, the electrode polarization
impedance has negligible influence on the LF results;
however, at HF, around 20% of the measured impedance
is from the M electrode itself.

Also, the immittance measured will be the same if the
CC and PU electrodes are interchanged (the reciprocity
theorem).

2. FROM MAXWELL TO BIOIMPEDANCE EQUATIONS

The Maxwell equation most relevant to bioimpedance is:

r�H � @D=@t¼J ð1Þ

D¼ eoEþP ð2Þ

where H¼magnetic field strength [A/m], D¼ electric flux
density [coulomb/m2], J¼ current density [A/m2], E¼
electric field strength [V/m], eo¼permittivity of vacuum
[farad (F) /m], and P¼electric polarization, dipole mo-
ment pr. volume [coulomb/m2].

If the magnetic component is ignored, Equation 1 is
reduced to:

@D=@t¼ � J ð3Þ

Equations 1–3 are extremely robust and also valid under
nonhomogeneous, nonlinear, and anisotropic conditions.
They relate the time and space derivatives at a point to
the current density at that point.

Impedance and permittivity in their simplest forms are
based on a basic capacitor model (Fig. 4) and the introduc-
tion of some restrictions:

a) Use of sufficiently small voltage amplitude v across
the material so the system is linear. b) Use of sinusoidal
functions so that with complex notation a derivative (e.g.,
@E/@t) is simply the product joE (j is the imaginary unit
and o the angular frequency). c) Use of D¼ eE (space
vectors), where the permittivity e¼ ereo, which implies
that D, P, and E all have the same direction, and there-
fore, that the dielectric is considered isotropic. d) No fringe
effects in the capacitor model of Fig. 4.
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Figure 2. Typical impedance spectrum obtained with four equal
electrodes attached to the skin of the underarm as shown on Fig. 1
(right). All electrodes are pregelled ECG-electrodes with skin gel-
wetted area 3 cm2. Distance between electrode centers: 4 cm.
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Figure 3. Typical impedance spectrum obtained with the 3-
electrode system on the underarm as shown on Fig. 1 (middle).
The parameters are: at the time of electrode onset on dry skin,
after 1 h, and after 4 h of contact. Figure 4. The basic capacitor model.
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Under these conditions, a lossy dielectric can be char-
acterized by a complex dielectric constant e¼ e

0

� je
00

or a
complex conductivity r¼s0 þ js00 [S/m], then s0 ¼oe00 (2).
Let us apply Equation 3 on the capacitor model where the
metal area is A and the dielectric thickness is L. However,
Equation 3 is in differential form, and the interface
between the metal and the dielectric represents a discon-
tinuity. Gauss law as an integral form must therefore be
used, and we imagine a thin volume straddling an area of
the interface. According to Gauss law, the outward flux of
D from this volume is equal to the enclosed free charge
density on the surface of the metal. With an applied
voltage v, it can be shown that D¼ ve/L. By using Equation
3, we then have @D/@t¼ jove/L¼J, and i¼ joveA/L¼ vjoC.

We now leave the dielectric and take a look at the
external circuit where the current i and the voltage v
(time vectors) are measured and the immittance deter-
mined. The admittance is Y¼i/v [siemens, S]. With no
losses in the capacitor, i and v will be phase-shifted by 901
(the quadrature part). The conductance is G¼s0A/L [S],
and the basic equation of bioimpedance is then (time
vectors):

Y ¼Gþ joC ð4Þ

Three important points must be made here:
First, Equation 4 shows that the basic impedance

model actually is an admittance model. The conductive
and capacitive (quadrature) parts are physically in paral-
lel in the model of Fig. 4.

Second, the model of Fig. 4 is predominantly a dielectric
model with dry samples. In bioimpedance theory, the
materials are considered to be wet, with double layer
and polarization effects at the metal surfaces. Errors are
introduced, which, however, can be reduced by introdu-
cing 3- or 4-electrode systems (Fig. 1). Accordingly, in
dielectric theory, the dielectric is considered as an insu-
lator with dielectric losses; in bioimpedance theory, the
material is considered as a conductor with capacitive
properties. Dry samples can easily be measured with a
2-electrode system. Wet, ionic samples are prone to errors
and special precautions must be taken.

Third, Equations 1–3 are valid at a point. With a
homogeneous and isotropic material in Fig. 4, they have
the same values all over the sample. With inhomogeneous
and anisotropic materials, the capacitor model implies
values averaged over the volume. Then, under linear
(small signal) conditions, Equation 4 is still correct, but
the measured values are difficult to interpret. The capa-
citor is basically an in vitro model with a biomaterial
placed in the measuring chamber. The average anisotropy
can be measured by repositioning the sample in the
capacitor. In vivo measurements, as shown in Fig. 1,
must be analyzed from sensitivity fields, as shown in the
next chapter.

From Equation 3, the following relationship is easily
deduced (space vectors):

J¼ sE: ð5Þ

Equation 5 is not valid in anisotropic materials if s is a

scalar. Tissue, as a rule, is anisotropic. Plonsey and Barr
(5) discussed some important complications posed by
tissue anisotropy and also emphasized the necessity of
introducing the concept of the bidomain. A bidomain
model is useful for cardiac tissue, where the cells are
connected by two different types of junctions: tight junc-
tions and gap junctions where the interiors of the cells are
directly connected. The intracellular space is one domain
and the interstitial space the other domain.

3. GEOMETRY, SENSITIVITY AND RECIPROCITY

Resistivity r [O �m] and conductivity s [S/m] are material
constants and can be extended to their complex analogues:
impedivity [O �m] and admittivity [S/m]. The resistance of
a cylinder volume with length L, cross-sectional area A,
and uniform resistivity r is:

R¼ rL=A: ð6Þ

Equation 6 shows how bioimpedance can be used for
volume measurements (plethysmography). Notice, how-
ever, that, for example, a resistance increase can be
caused either by an increased tissue length, a reduced
cross-sectional area, or an increased resistivity. Tissue
dielectric and immittivity data are listed by Duck (13).

Figure 5 illustrates typical resistance values for body
segments (2), valid without skin contribution and without
current constrictional effects caused by small electrodes.
By using the term ‘‘resistance,’’ we indicate that they are
not very frequency-dependent. Notice the low resistance of

320
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Figure 5. Typical body segment resistance values. From (2), by
permission.
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the thorax (13 O) and the high resistance of one finger (500
O).

Figure 6 shows the effect of a constrictional zone caused
by one small electrode. Such an electrode system is called
monopolar because most of the measuring results are a
result of the impedance of the small electrode proximity
zone.

3.1. Sensitivity Field of an Electrode System

Intuitively, it is easy to believe that if a small tissue
volume changes immittivity, the influence on the mea-
surement result is larger the nearer that tissue volume is
to the electrodes, which is indeed the case and is illu-
strated by an equation based on the work of Geselowitz
(14):

R¼

Z

V

rJCC � Jrecidv; ð7Þ

where R is the transfer resistance [O] measured by a 4-
electrode system; r is the local resistivity in the small
volume dv (if r is complex, the integral is the transfer
impedance Z); JCC [1/m2] is the local current density space
vector in dv caused by the CC electrodes carrying a unity
current; and Jreci [1/m2] is the local current density space
vector in dv caused by the PU electrodes if they also
carried a unity current (reciprocal excitation).

The product JCC �Jreci is the local dot vector product,
which may be called the local sensitivity S [1/m4] of the
electrode system:

S¼JCC � Jreci: ð8Þ

Unity current is used so that sensitivity is a purely
geometrical parameter not dependent on any actual cur-
rent level. S is a scalar with positive or negative values in
different parts of the tissue; the spatial distribution of S is
the sensitivity field.

The implications of Equation 7 are important, and at
first sight counter intuitive: In a 4-electrode system, both
electrode pairs determine the sensitivity, not just the PU
electrodes as one may intuitively believe. There will be
zones of negative sensitivity in the tissue volume between
the PU and CC electrodes. The zones will be dependent on,
for example, the distance between the PU and CC electro-
des. The PU and CC current density fields enter Equation

7 in the same way, and the interchange of the PU and CC
electrodes do not change the value of R. Equation 7 is
therefore based on the reciprocity theorem (14).

In a monopolar or bipolar electrode system, Equation 7
simplifies to

R¼

Z

V

rJ2dv S¼J2; ð9Þ

where J [1/m2] is the local current density caused by a
unity current passed through the electrode pair.

The analysis of the sensitivity field of an electrode
system is of vital importance for the interpretation of
measured immittance. Figure 7 (top) illustrates, for in-
stance, the effect of electrode dimensions in a bipolar
electrode system. As the gap between the electrodes
narrows, the local sensitivity in the gap increases accord-
ing to S¼J2. However, the volume of the gap zone also
becomes smaller, and the overall contribution to the
integral of Equation 7 is not necessarily dominating. If
local changes (e.g., from a pulsating blood artery) is to be
picked up, the artery should be placed in such a high-
sensitivity zone.

Figure 7 (bottom) illustrates the effect of electrode-
electrode center distance in a bipolar system. As distance
is increased, the sensitivity in deeper layers will increase
but still be small. However, large volumes in the deeper
layers will then have a noticeable effect, as small volumes
proximal to the electrodes also have.

segmental zone:

 R = ρ L/A
segmental

zone

constrictional
zone

Figure 6. Left: Monopolar system with one electrode
much smaller than the other. Increased resistance
from the constrictional current zone with increased
current density. Right: Segment resistance with uni-
form current density, large bipolar electrodes. From
(2), by permission.

Figure 7. The measuring depth as a function of electrode
dimensions (top) and electrode spacing (bottom). From (2), by
permission.
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4. ELECTRICAL MODELS

Bioimpedance is a measure of the passive properties of
tissue, and, as a starting point, we state that tissue has
resistive and capacitive properties showing relaxation,
but not resonance, phenomena. As shown by Equation 4,
admittance is

Y¼Gþ joCp

j¼ arc tanðoCp=GÞ

jYj2¼G2þ ðoCpÞ
2; ð10Þ

where j is the phase angle indicating to what extent the
voltage is time-delayed, G is the parallel conductance [S],
and Cp the parallel capacitance [F].

The term oCp is the capacitive susceptance.
Impedance is the inverse of admittance (Z¼ 1/Y); the

equations are:

Z¼R� j=oCs

j¼ arc tanð�1=oRCsÞ

jZj2¼R2þð1=oCsÞ
2: ð11Þ

The term � 1/oCs is the capacitive reactance.
The values of the series (Rs, Cs) components values are

not equal to the parallel (1/G, Cp) values:

Z¼Rs � j=oCs¼G=jYj2 � joCp=jYj
2: ð12Þ

Equation 12 illustrates the serious problem of choosing,
for example, an impedance model if the components are
physically in parallel: Rs and Cs are both frequency-
dependent when G and Cp are not. Implicit in these
equations is the notion that impedance is a series circuit
of a resistor and a capacitor, and admittance is a parallel
circuit of a resistor and a capacitor. Measurement results
must be given according to one of these models. A model
must be chosen, no computer system should make that
choice. An important basis for a good choice of model is
deep knowledge about the system to be modeled. An
electrical model is an electric circuit constituting a sub-
stitute for the real system under investigation, as an
equivalent circuit.

One ideal resistor and one ideal capacitor can represent
the measuring results on one frequency, but can hardly be
expected to mimic the whole immittance spectrum actu-
ally found with tissue. Usually, a second resistor is added
to the equivalent circuit, and one simple and often sur-

prisingly effective addition is also to replace the capacitor
C by a more general CPE (Constant Phase Element). A
CPE is not a physical device but a mathematical model,
you cannot buy a CPE as you buy a resistor (j¼ 01) or a
capacitor (j¼ 901). A CPE can have any constant phase
angle value between 01 and 901, and mathematically, it is
a very simple device (2). Figure 8 shows a popular
equivalent circuit in two variants.

One such circuit defines one dispersion (15), character-
ized by two levels at HF and LF, with a transition zone
where the impedance is complex. Both at HF (Z¼RN) and
at LF (Z¼Rþ 1/Gvar), the impedance Z is purely resistive,
determined by the two ideal resistors. The circuit of Fig. 8
(left) is with three ideal, frequency-independent compo-
nents, often referred to as the Debye case, and the im-
pedance is:

Z¼R1þ
1

GvarþGvarjot
t¼C=Gvar:

The diagram to the right in Fig. 8 is with the same two
ideal resistors, but the capacitor has been replaced by a
CPE (2). The equivalent circuit of a CPE consists of a
resistor and a capacitor, both frequency-dependent so that
the phase becomes frequency-independent.

Z¼R1þ
1

GvarþG1ðjotÞ
a

ja¼ cosðap=2Þþ j sinðap=2Þ ð13Þ

In Equation 13, the CPE admittance is G1(jot)a; and t may
be regarded as a mean time constant of a tissue volume
with a distribution of different local time constants. t may
also be regarded just as a frequency scaling factor; ot is
dimensionless and G1 is the admittance value at the
characteristic angular frequency when ot¼ 1. a is related
both to the constant phase j of the CPE according to ja and
j¼ a � 901 and to the frequency exponent in the term oa.
This double influence of a presupposes that the system is
Fricke-compatible. According to Fricke’s law, the phase
angle j and the frequency exponent m are related in many
electrolytic systems so that j¼m � 901. In such cases, m is
replaced by a (2,16).

A less general version of Equation 13 was given by Cole
(17):

Z¼R1þ
DR

1þ ðjotÞa
¼R1þ

1

DGþDGðjotÞa
: ð14Þ

The Cole model does not have an independent conduc-
tance Gvar in parallel with the CPE; DG controls both the
parallel ideal conductance and the CPE, which implies

R∞ R∞
Gvar Gvar

C
CPE

Figure 8. Two versions of a popular equiva-
lent circuit.
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that the characteristic frequency is independent of DG, in
the same way that t¼C/Gvar in Equation 11 would be
constant if both C and Gvar varied with the same factor.
The lack of an independent conductance variable limits
the application of the Cole equation (18). All of Equations
12–14 are represented by circular arc loci if the impedance
is plotted in the complex plane, but one of them must be
chosen.

Instead of Bode plots, a plot in the complex Argand or
Wessel (2) plane may be of value for the interpretation of
the results. Figure 9 shows the data of Fig. 2 as a Z and a
Yplot. The two dispersions are clearly seen as more or less
perfect circular arcs. The LF dispersion is called the a-
dispersion, and the HF dispersion is called the b-disper-
sion (15). b-dispersion is caused by cell membranes and
can be modeled with the Maxwell–Wagner structural
polarization theory (15,19). The origin of the a-dispersion
is more unclear.

Figure 8 is a model well-suited for skin impedance: The
RN is the deeper tissue series resistance and the parallel
combination represents the stratum corneum with inde-
pendent sweat duct conductance in parallel. Figure 10
shows another popular model better suited for living
tissue and cell suspensions. The parallel conductance G0

is the extracellular liquid, the capacitance is the cell
membranes, and the R is the intracellular contributions.

5. ELECTRODES AND INSTRUMENTATION

The electrode is the site of charge carrier transfer, from
electrons to ions or vice versa (20–22). The electrode
proper is the contact zone between the electrode metal
(electronic conduction) and the electrolyte (ionic conduc-
tion). As ionic current implies transport of substance, the
electrolytic zone near the metal surface may be depleted or

filled with electrolyte species. A double layer will be
formed in the electrolyte at the electrode surface. This
double layer represents an energy barrier with capacitive
properties. Both processes will contribute to electrode
polarization immittance. Figure 11 shows the impedance
spectrum of a commercial, pregelled ECG electrode of the
type used for obtaining the results in Figs. 2 and 3.

5.1. Electrode Designs

Skin surface electrodes are usually made with a certain
distance between the metal part and the skin [Fig. 12
(top)]. The enclosed volume is filled with contact electro-
lyte, often in the form of a gel contained in a sponge. The
stronger the contact electrolyte, the more rapid the pene-
tration into the skin. There are two surface areas of
concern in a skin surface electrode: The area of contact
between the metal and the electrolyte determines the
polarization impedance; the electrolyte wetted area of
the skin (the effective electrode area, EEA) determines
the skin impedance.

Figure 12 (bottom) shows needle electrodes for invasive
measurements. Some types are insulated out to the tip;
others have a shining metal contact along the needle
shaft. Some are of a coaxial type with a thin center lead
isolated from the metal shaft.

R

G0

C

Figure 10. Tissue or suspension equivalent circuit.
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With modern technology, it is easy to fabricate micro-
electrodes with small dots or strips with dimensions in the
micrometer range that are well-suited for single-cell dis-
crimination.

5.2. Instrumentation and Software

Bridges achieve high precision. The frequency range is
limited (23), although modern self-balanced bridge de-

signs have extended it below 10 Hz. Now, lock-in ampli-
fiers are the preferred instrumentation for bioimpedance
measurements (2). The lock-in amplifier needs a synchro-
nizing signal from the signal oscillator for its internal
synchronous rectifier. The output of the lock-in amplifier
is a signal not only dependent on input signal amplitude,
but also phase. A two-channel lock-in amplifier has two
rectifiers synchronous with the in-phase and quadrature
oscillator signals. With such an instrument, it is possible
to measure complex immittance directly. Examples of
commercially available instruments are the SR model
series from Stanford Research Systems, the HP4194A,
and the Solartron 1260/1294 system with an extended LF
coverage (10 mHz–32 MHz). Bioimpedance is measured
with small currents so that the system is linear: An
applied sine waveform current results in a sine pick-up
signal. A stimulating electrode, on the other hand, is used
with large currents in the nonlinear region (7), and the
impedance concept for such systems must be used with
care.

Software for Bode plots and complex plane analysis are
commercially available; one example is the Scribner
ZView package. This package is well-suited for circular
arc fits and equivalent circuit analysis.

5.3. Safety

In a 2- and 3-electrode system, it is usually possible to
operate with current levels in the microampere range,
corresponding to applied voltages around 10 mV rms. For
most applications and direct cardiac, these levels may be
safe (24,25).

With 4-electrode systems, the measured voltage for a
given current is smaller, and for a given signal-to-noise
ratio, the current must be higher, often in the lower mA
range. For measuring frequencies below 10 kHz, this is
unacceptable for direct cardiac applications. LF mA cur-
rents may also result in current perception by neuromus-
cular excitation in the skin or deeper tissue. Dependent on
the current path, these LF current levels are not necessa-
rily dangerous, but are unacceptable for routine applica-
tions all the same.

6. SELECTED APPLICATIONS

6.1. Laboratory-on-a-Chip

With microelectrodes in a small sample volume of a cell
suspension, it is possible to manipulate, select, and char-
acterize cells by rotation, translocation, and pearl chain
formation (26). Some of these processes are monitored by
bioimpedance measurements.

6.2. Cell Micromotion Detection

A monopolar microelectrode is convenient to study cell
attachment to a surface. Many cell types need an attach-
ment to flourish, and it can be shown that measured
impedance is more dominated by the electrode surface
the smaller it is. Cell micromotion can be followed with nm
resolution on the electrode surface (27).
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Figure 11. Electrode polarization impedance, one pregelled ECG
commercial electrode of the type used in Figs. 2 and 3. The
positive phase at HF is caused by the self-inductance of the
electrode wire.
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6.3. Cell Suspensions

The Coulter counter counts single cells and is used in
hospitals all over the world. The principle is based on a cell
suspension where the cells and the liquid have different
impedivities. The suspension is made to flow through a
capillary, and the capillary impedance is measured. In
addition to rapid cell counting, it is possible to character-
ize each cell on passing (28).

6.4. Body Composition

Bioimpedance is dependent on the morphology and im-
pedivity of the organs, and with large electrode distances,
it is possible to measure segment or total body water,
extra- and intracellular fluid balance, muscle mass, and
fat mass. Application areas are as diversified as sports
medicine, nutritional assessment, and fluid balance in
renal dialysis and transplantation. Body composition in-
struments represent a growing market. Many of them are
single-frequency instruments, and with the electrode sys-
tems used, it is necessary to analyze what they actually
measure (29).

6.5. Impedance Plethysmography

See that entry in this encyclopedia.

6.6. Impedance Cardiography (ICG) and Cardiac Output

A tetrapolar system is used with two band electrodes
around the neck, one band electrode corresponding to
the apex of the heart, and the fourth further in caudal
direction A more practical system uses eight spot electro-
des arranged as four double electrodes, each with one PU
and one CC electrode. The amplitude of the impedance
change DZ as a function of the heartbeat is about 0.5% of
the baseline value. The DZ waveform is similar to the
aorta blood pressure curve. The first time derivative dZ/dt
is called the impedance cardiographic curve (ICG). By
adding information about patient age, sex, and weight, it
is possible to estimate the heart stroke volume and cardiac
output. The resistivity of blood is flow-dependent (11), and
as long as the origin (heart-, aorta-, lung-filling/emptying)
of the signal is unclear, the cardiac output transducing
mechanism will also be obscure. Sensitivity field analysis
may improve this status (30).

6.7. Skin Moisture

The impedance of the stratum corneum is dependent on its
water content. By measuring the skin susceptance, it is
possible to avoid the disturbance of the sweat duct parallel
conductance (31), and hence assess the hydration state of
the stratum corneum. Low-excitation frequency is needed
to avoid contribution from deeper, viable skin layers.

6.8. Skin Fingerprint

Electronic fingerprint systems will, in the near future,
eliminate the need for keys, pincodes, and access cards in
a number of daily-life products. With a microelectrode
matrix or array, it is possible to map the fingerprint
electrically with high precision using bioimpedance mea-
surements. Live finger detection is also feasible to ensure
that the system is not fooled by a fake finger model or a
dead finger (32).

6.9. Impedance Tomography

By applying many electrodes on the surface of a body, it is
possible to map the distribution of immittivity in the
volume under the electrodes (33–35). One approach is to
use, for example, 16 electrodes, excite one pair and
arrange a multichannel measurement of the transfer
impedance in all the other unexcited pairs (Fig. 13). By
letting all pairs be excited in succession, one complete
measurement is performed. By choosing a high measuring
frequency of, for example, 50 kHz, it is possible to sample
data for one complete image in less than one tenth of a
second, and live images are possible. The sensitivity in
Equation 9 clearly shows that it is more difficult to obtain
sharp spatial resolution the larger the depth from the skin
surface. In practice, the resolution is on the order of
centimeters; therefore, other advantages are pursued
(e.g., the instrumentation robustness and the simplicity
of the sensors).

6.10. Monitoring Tissue Ischemia and Death

Large changes in tissue impedance occur during ischemia
(36,37), tissue death, and the first hours afterward (2).
The changes are related to changed distribution of intra-
cellular and extracellular liquids, variations in the gap
junctions between the cells, and, in the end, the break-
down of membrane structures.
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Figure 13. Principle of a tomography setup.
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7. FUTURE TRENDS

Basic scientific topics: immittivity of the smaller tissue
components, sensitivity field theory, impedance spectro-
scopy and tissue characterization, nonlinear tissue prop-
erties, and single-cell manipulation.

Instrumentation: ASIC (Application Specific Integrated
Circuit) design as a new basis for small and low-cost
instrumentation, also for single-use applications. Teleme-
try technology to improve signal pick-up and reduce noise
and influence from common-mode signals.

Applications: microelectrode technology; single-cell
and microbe monitoring; electroporation; electrokinetics
(e.g., electrorotation); tissue characterization; monitoring
of tissue ablation, tissue/organ state, and death/rejection
processes.
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1. INTRODUCTION

In the past two decades we have witnessed revolutionary
changes in biomedical research and biotechnology and an
explosive growth of biomedical data. High throughput
technologies developed in automated DNA sequencing,
functional genomics, proteomics, and metabolomics enable
us to produce such high volume and complex data that the
data analysis becomes a big challenge. Consequently, a
promising new field, Bioinformatics has emerged and is
growing rapidly. Combining biological studies with Com-
puter Science, Mathematics and Statistics, Bioinformatics
develops methods, solutions, and software to discover pat-
terns, generate models, and gain insight knowledge of
complex biological systems.

Before we discuss further of the field, let us briefly re-
view the basic concepts in molecular biology, which are the
foundations for bioinformatics studies. The genetic infor-
mation is coded in DNA sequences. The physical form of a
gene is a fragment of DNA. A genome is the complete set of
DNA sequences that encode all the genetic information for
an organism, which is often organized into one or more
chromosomes. The genetic information is decoded through
complex molecular machinery inside a cell composed of
two major parts: transcription and translation, to produce
functional protein and RNA products. These molecular
genetic processes can be summarized precisely by the
Central Dogma shown in Fig. 1. The proteins and active
RNA molecules combined with other large and small bio-
chemical molecules, organic and inorganic compounds
form the complex dynamic network systems that main-
tain the living status of a cell. Proteins form complex 3-D
structures that carry out functions. The 3-D structure of a
protein is determined by the primary protein sequence
and the local environment. The protein sequence is de-
coded from the DNA sequence of a gene through the ge-
netic codes as shown in Table 1. These codes have been
shown to be universal among all living forms on earth.

The high throughput data can be generated at many
different levels in the biological system. The genomics
data are generated from the genome sequencing that de-
ciphers the complete DNA sequences of all the genetic in-
formation in an organism. We can measure the mRNA

levels using microarray technology to monitor the gene
expression of all the genes in a genome known as tran-
scriptome. Proteome is the complete set of proteins in a
cell at a certain stage, which can be measured by high
throughput 2-D gel electrophoresis and Mass Spectrome-
try. We also can monitor all the metabolic compounds in a
cell known as metabolome in a high throughput fashion.
Many new terms ending with ‘‘ome’’ can be viewed as the
complete set of entities in a cell. For example, the ‘‘int-
eractome’’ refers to the complete set of protein-protein in-
teractions in a cell.

The theory of evolution is also a fundamental base for
many aspects of Bioinformatics, especially on sequence
and phylogenetic analyses. According to the Darwin’s the-
ory of evolution, mutation and natural selection is the
driving force during the evolution. In 1980s, the neutral
theory of molecular evolution was proposed by Kimura (1)
based on the observation that the mutation rates were not
even on different parts of genomes. The places that change
rapidly might not be under the natural selection. The as-
sumptions on how genes are changing have profound in-
fluence on the analysis of biological sequences.

Bioinformatics is needed at all levels of high through-
put systematic studies to facilitate the data analysis, min-
ing, management, and visualization. But more
importantly, the major task is to integrate data from dif-
ferent levels and prior biological knowledge to achieve
system level understanding of biological phenomena.
Since Bioinformatics touches on many areas of biological
studies, it is impossible to cover every aspect in a short
chapter. In this article, the authors will provide a general
overview of the field and focus on several key areas in-
cluding: sequence analysis, phylogenetic analysis, protein
structure, genome analysis, microarray analysis, and net-
work analysis.

Sequence analysis often refers to sequence alignment
and pattern searching in both DNA and protein se-
quences. This area can be considered as the ‘‘classical’’
Bioinformatics, which can be dated back to 1960s, long
before the word ‘‘Bioinformatics’’ appeared. It deals with
the problems such as how to make an optimal alignment
between two sequences; how to search sequence databases
quickly with an unknown sequence. Phylogenetic analysis
is closely related to sequence alignment. The idea is to use
DNA or protein sequences comparison to infer evolution
history. The first step in this analysis is to perform mul-
tiple sequence alignment. Then a phylogenetic tree is built
based on the multiple alignments. The protein structure
analysis involves the prediction of protein secondary and
tertiary structures from the primary sequences. So far the
analyses focus on individual sequences or handful of se-
quences. The next three areas are involved in system wide
analysis. Genome analysis mainly deals with the sequenc-
ing of a complete or partial genome. The problems include
genome assembly, gene structure prediction, gene func-
tion annotation, and so on. Many techniques of sequence
analysis are used in genome analysis, but many new
methods were developed for the unique problems. Micro-
array technologies provide an opportunity for biologist to
study the gene expression at a system level. The problems
faced in the analysis are completely different from se-
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Figure 1. Central dogma of molecular biology.
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quence analysis. Many statistical and data mining tech-
niques are applied in the field. Network analysis is an-
other system level study of biological system. Biological
networks can be divided into three categories: metabolic
network, protein-protein interaction network, and genetic
network. The questions in this area include network mod-
eling, network inference from high throughput data, such
as microarray, and network properties study. In the fol-
lowing several sections, we will make a more in-depth dis-
cussion of each area.

2. SEQUENCE ALIGNMENT

2.1. Pair-wise Sequence Alignment

Sequence alignment can be described by the following
problem. Given two strings of text, X and Y, (that may be
DNA or amino acid sequences) find the optimal way of in-
serting dashes into the two sequences so as to maximize a
given scoring function between them. The scoring function
depends on both the length of the regions of consecutive
dashes and on the pairs of characters that are in the same
position when gaps have been inserted. The following ex-
ample from Abbas and Holmes (2) illustrates the idea of
sequence alignment for two strings of text. Consider the
two sequences, COUNTING, and NTIG shown in Fig. 2a.
Figures 2b–d, show possible alignments obtained by in-
serting gaps (dashes) at different positions in one of the
sequences. Figure 2d shows the alignment with the high-
est number of matching elements. The ‘‘optimal align-
ment’’ between two sequences depends on the scoring
function that is used. As we shall see, an optimal sequence
alignment for a given scoring function may not be unique.

Now we have discussed what is meant by an optimal
sequence alignment, we need to explain the motivation for
doing it. Sequence alignment algorithms can detect mu-
tations in the genome that lead to genetic disease, and also

provide a similarity score, which can be used to determine
the probability that the sequences are evolutionarily re-
lated. Knowledge of evolutionary relation between a newly
identified protein sequence and a family of protein se-
quences in a database may provide the first clues about its
three-dimensional structure and chemical function. Fur-
thermore, by aligning families of proteins that have the
same function (and may have very different sequences) we
can observe a common subsequence of amino acids that is
key to its particular function. These subsequences are
termed protein motifs. Sequence alignment is also a first
step in constructing phylogenetic trees that relate biolog-
ical families of species.

A dynamic programming approach to sequence align-
ment was proposed by Needleman and Wunsch (3). The
idea behind the dynamic programming approach can be
explained using the two sequences, CCGAT and CA-AT, of
Fig. 3a. Suppose we have an optimal alignment for the two
sequences and an additive scoring system for their align-
ment. If we break this alignment into two parts (Fig. 3b),
we have two alignments: the left is the alignment of the
two sequences CCGA and CA-A, and the right is the align-
ment of the last elements T-T. If the scoring system is ad-
ditive, then the score of the alignment of Fig. 3b is the sum
of the scores of the four base-alignment on the left (CCGA
and CA-A) plus the score of the alignment of the pair T-T
on the right. If the alignment in Fig. 3a is optimal then the
four-base alignment in the left hand side of Fig. 3b must
also be optimal. If this were not the case (for example if a
better alignment would be obtained by aligning A with G)
then the optimal alignment of Fig. 3c would lead to a
higher score than the alignment shown in Fig. 3a. The
optimal alignment ending at any stage is therefore equal
to the total (cumulative) score of the optimal alignment at
the previous stage plus the score assigned to the aligned
elements at that current stage.

Table 1. The Genetic Code

Second Position
First Position T C A G Third Position

T TTT Phe [F] TCT Ser [S] TAT Tyr [Y] TGT Cys [C] T
TTC Phe [F] TCA Ser [S] TAC Tyr [Y] TGC Cys [C] C
TTA Leu [L] TCG Ser [S] TAA Stop [end] TGA Stop [end] A
TTG Leu [L] TCC Ser [S] TAG Stop [end] TGG Trp [W] G

C CTT Leu [L] CCT Pro [P] CAT His [H] CGT Arg [R] T
CTC Leu [L] CCC Pro [P] CAC His [H] CGC Arg [R] C
CTA Leu [L] CCA Pro [P] CAA Gln [Q] CGA Arg [R] A
CTG Leu [L] CCG Pro [P] CAG Gln [Q] CGG Arg [R] G

A ATT Ile [I] ACT Thr [T] AAT Asn [N] AGT Ser [S] T
ATC Ile[I] ACC Thr [T] AAC Asn [N] AGC Ser [S] C
ATA Ile [I] ACA Thr [T] AAA Lys [K] AGA Arg [R] A
ATG Met [M] ACG Thr [T] AAG Lys [K] AGG Arg [R] G

G GTT Val [V] GCT Ala [A] GAT Asp [D] GGT Gly [G] T
GTC Val [V] GCC Ala [A] GAC Asp [D] GGC Gly [G] C
GTA Val [V] GCA Ala [A] GAA Glu [E] GGA Gly [G] A
GTG Val [V] GCG Ala [A] GAG Glu [E] GGG Gly [G] G
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The optimal alignment of two sequences ends with the
last two symbols aligned, the last symbol of one sequence
aligned to a gap, or the last symbol of the other sequence
aligned to a gap. In our analysis xi refers to the ith symbol
in sequence 1 and yj refers to the jth symbol in sequence 2
before any alignment has been made. We will use the
symbol S(i, j) to refer to the cumulative score of the align-
ment up until symbols xi and yj, and the symbol sðxi; yjÞ to
refer to the score assigned to matching elements xi and yj.
We will use d to refer to the cost associated with intro-
ducing a gap.

1. If the current stage of the alignment matches two
symbols, xi and yj, then the score, S(i, j), is equal to
the previous score, Sði� 1; j� 1Þ, plus the score as-
signed to aligning the two symbols, sðxi; yjÞ.

2. If the current match is between symbol xi in se-
quence 1 and a gap in sequence 2 then the new score
is equal to the score up until symbol xi�1 and the
same symbol yj, Sði� 1; jÞ, plus the penalty associ-
ated with introducing a gap, �d

3. If the current match is between symbol yj in se-
quence 2 and a gap in sequence 1 then the new score
is equal to the previous score up until symbol yj�1
and the same symbol xi, Sði; j� 1Þ, plus the gap
penalty �d

The optimal cumulative score at symbols xi and yj is:

Sði; jÞ¼ max

Sði� 1; j� 1Þþ sðxi; yjÞ

Sði� 1; jÞ � d

Sði; j� 1Þ � d:

8

>

>

<

>

>
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The previous equation determines the new elements at
each stage in the alignment by successive iterations from
the previous stages. The maximum at any stage may not
be unique. The optimal sequence alignment (s) is the one
that provides the highest score. This is usually performed
using a matrix representation, where the cells in the ma-

trix are assigned an optimal score, and the optimal align-
ment is determined by a process called trace back (4,5).

The optimal alignment between two sequences depends
on the scoring function that is used. This brings the need
for a score that is biologically significant and relevant to
the phenomenon being analyzed. Substitution matrices,
present one method of achieving this using a ‘‘log-odds’’
scoring system. It lists the likelihood of change from one
amino acid or nucleotide to another in homologous se-
quences during evolution. One of the first substitution
matrices used to score amino acid sequences was devel-
oped by Dayhoff et al (6) and called Percent Accepted Mu-
tation (PAM) Matrix, which was derived from a relatively
small set of closely related proteins. Other matrices such
as the BLOSUM50 matrix (7) were also developed and use
databases of more distantly related proteins.

The Needleman- Wunsch (N-W) algorithm and its vari-
ation (4) provide the best global alignment for two given
sequences. Smith and Waterman (8) presented another
dynamic programming algorithm that deals with finding
the best local alignment for smaller subsequences of two
given sequences rather than the best global alignment of
the two sequences. The local alignment algorithm identi-
fies a pair of subsegments, one from each of the given se-
quences, such that there is no other pair of subsegments
with greater similarity.

2.2. Heuristic Alignment Methods

Heuristic search methods for sequence alignment have
gained popularity and extensive use in practice because of
the complexity and large number of calculations in the
dynamic programming approach. Heuristic approaches
search for local alignments of subsegments and use these
alignments as ‘‘seeds’’ in which to extend out to longer se-
quences. The most widely used heuristic search method
available today is BLAST (Basic Local Alignment Search
Tool) by Altschul et al (9). BLAST alignments define a
measure of similarity called MSP (Maximal Segment Pair)
as the highest scoring pair of identical length subseg-
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Sequence 2
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Figure 2. Possible alignments of two sequences.
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Figure 3. Overview of the dynamic program-
ming approach.
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ments from two sequences. The lengths of the subseg-
ments are chosen to maximize the MSP score.

2.3. Multiple Sequence Alignments

Multiple sequence alignments are alignments of more
than two sequences. The inclusion of additional sequences
can improve the accuracy of the alignment, find protein
motifs, identify related protein sequences in a database,
and predict protein secondary structure. Multiple se-
quence alignments are also the first step in constructing
phylogenetic trees.

The most common approach for multiple alignments is
progressive alignment, which involves choosing two se-
quences and performing a pairwise alignment of the first
to the second. The third sequence is then aligned to the
first and the process is repeated until all the sequences are
aligned. The score of the multiple alignment is the sum of
scores of the pairwise alignments. Pairwise dynamic pro-
gramming can be generalized to perform multiple align-
ments using the progressive alignment approach;
however, it is computationally impractical even when
only a few sequences are involved (10). The sensitivity of
progressive alignment was improved for divergent protein
sequences using CLUSTAL-W (11), available at (http://
clustalw.genome.ad.jp/).

Many other approaches to sequence alignment have
been proposed in the literature. For example, a Bayesian
approach was suggested for adaptive sequence alignments
(12,13), (Zhu et al 1998). Another approach to sequence
alignment that has found great success is hidden Markov
models. We will refer to this approach in more detail in the
section on genome annotation. The data that is now avail-
able from the human genome project has suggested the
need for aligning whole genome sequences where large-
scale changes can be studied as opposed to single-gene in-
sertions, deletions, and nucleotide substitutions. MuM-
Mer (14) follows this direction and performs alignments
and comparisons of very large sequences.

3. PHYLOGENETIC TREES

Biologists have long built trees to classify species based on
morphological data. The main objectives of phylogenetic
tree studies are (1) to reconstruct the genealogical ties be-
tween organisms and (2) to estimate the time of diver-
gence between organisms since they last shared a common
ancestor. With the explosion of genetic data in the last few
years, molecular based phylogenetic studies have been
used in many applications such as the study of gene evo-

lution, population subdivisions, analysis of mating sys-
tems, paternity testing, environmental surveillance, and
the origins of diseases that have transferred species.

From a mathematical point of view, a phylogenetic tree
is a rooted binary tree with labeled leaves. A tree is binary
if each vertex has either one or three neighbors. A tree is
rooted if a node, R, has been selected and termed the root.
A root represents an ancestral sequence from which all
other nodes descend. Two important aspects of a phyloge-
netic tree are its topology and branch length. The topology
refers to the branching pattern of the tree and the branch
length is the ‘‘evolutionary’’ time between the splitting
events. Figure 4a shows a rooted binary tree with six
leaves. Figure 4b shows all possible distinct rooted top-
ologies for a tree with 3 leaves.

The data that is used to construct trees is usually in the
form of contemporary sequences and is located at the
leaves. For this reason trees are represented with all their
leaves ‘‘on the ground level’’ rather than at different levels.

The tree-building analysis consists of two main steps.
The first step, estimation, uses the data matrix to produce
a tree, ~T, that estimates the unknown tree, T. The second
step provides a confidence statement about the estimator
~T. This is often performed by bootstrapping methods.

Tree-building techniques can generally be classified
into one of four types: distance-based methods, parsimony
methods, maximum likelihood methods, and Bayesian
methods. For a detailed discussion of each of these meth-
ods see Li (15). Now we will give a brief overview of each of
the tree-building methods, more details of which can be
found in Abbas and Holmes (2).

Distance-Based methods first calculate an ‘‘evolution-
ary distance’’, dxy, between each two sequences X and Y in
a multiple sequence alignment. The pairwise distance for
N sequences results in a distance matrix of dimension N
� N, which is symmetric about its diagonal if the distance
dxy is symmetric. One of the widely used distance-based
methods of phylogenetic tree construction the Jukes-Can-
tor model (16) that provides an estimate of the evolution-
ary distance between X and Y as

dxy¼

�
3

4
log 1�

4

3
1�

#AA

K
þ

#CC

K
þ

#GG

K
þ

#TT

K

� �� �� �

;

where K denotes the number of characters (columns) in
the dataset, and #AA denotes the number of times a letter
A in sequence X is matched with a letter A in sequence Y.
Once the distance matrix is calculated, the phylogenetic
tree is estimated using a clustering technique. Clustering

R

A B C D E F

R

1 2 3

R

2 1 3

R

1 2 3
Figure 4. (a) Rooted tree with six leaves. (b)
All possible topologies for three leaves.
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is the task of segmenting the sequences into a number of
homogeneous subgroups or clusters. The most commonly
applied clustering methods are the unweighted pair group
method with arithmetic mean (UPGMA), and the neigh-
bor-joining method (17).

The Parsimony Method for constructing phylogenetic
trees is based on the assumption that ‘‘evolution is parsi-
monious’’ which means that there should be no more evo-
lutionary steps than necessary. As a result, the
phylogenetic tree that is selected is the one with the min-
imum number of substitutions between ancestor and de-
scendants. Maximum likelihood methods select the tree
that has the highest probability of producing the observed
data. Under this model the likelihood for each possible
tree is separately computed for each sequence (row) in the
data set. This requires computing the likelihood of all the
possible trees and so the method is computationally ex-
pensive and requires efficient search procedures. For more
details see Felsenstein (18). The Bayesian estimation
methods start the tree construction with a very wide prior
distribution on the space of all trees. The approach then
uses Gibbs sampling and Monte Carlo Markov Chains to
compute a posterior probability distribution on the tree
conditioned on the dataset. To facilitate this task, Huel-
senbeck and Ronquist (19) developed a software package
called Mr. Bayes to perform Bayesian inference of phylo-
genetic trees using use MCMC simulation.

Tree-building methods can be compared using several
criteria such as accuracy, consistency, efficiency, and ro-
bustness. To clarify some of these issues, we refer the
reader to Holmes (20) where a geometric analysis of the
problem is provided and these issues are further dis-
cussed. The second part of the tree-building analysis is
concerned with how ‘‘close’’ we believe the estimated tree
is to the true tree. Felsenstein (21) suggested the use of the
bootstrap to answer this question of how much confidence
should we have in the estimated trees. Another method
builds on a probability distribution on the space of all
trees. The difficult part of this problem is that there are
exponentially many possible trees. A nonparametric ap-
proach using a multinomial probability model on the
whole set of trees would not be feasible as the number of
trees is (2N-3)!!. The Bayesian approach defines paramet-
ric priors on the space of trees, and then computes the
posterior distribution on the same subset of the set of all
trees. This analysis enables confidence statements in a
Bayesian sense (22).

4. PROTEIN FOLDING, SIMULATION, AND STRUCTURE
PREDICTION

The structure of a protein greatly influences its function.
Knowledge of protein structure and function can help de-
termine the chemical structure of drugs needed to reverse
the symptoms that arise due to its malfunction. The bonds
in a molecular structure contribute to its overall potential
energy. We shall neglect all quantum mechanical effects in
the following discussion and consider only the elements
that contribute largely to the potential energy of a struc-
ture (as suggested by (23)).

1. Pair Bonds: This is a bond that exists between at-
oms physically connected by a bond and separated
by a distance b. It is like a spring action where en-
ergy is stored above and below an equilibrium dis-
tance, b0. The energy associated with this bond is
UðbÞ¼ 1

2Kbðb� boÞ
2, where b0 can be determined

from the X-ray of the crystal structure showing the
electron density maps, and Kb can be determined
from spectroscopy.

2. Bond Angles: This bond exists when an angular
deviation from an equilibrium angle, yo, occurs be-
tween three atoms. The bond angle energy associ-
ated with the triplet is UðyÞ¼ 1

2Kyðy� y0Þ2.
3. Torsion Angles: This bond exists when a torsion

angle, f, exists between the first and fourth atoms
on the axis of the second and third atoms. The en-
ergy associated with this bond is
UðfÞ¼Kfð1� cosðnfþ dÞÞ, where d is an initial tor-
sion angle.

4. Non-bonded pairs: Bonds also exist between at-
oms that are not physically connected in the struc-
ture. These bonds include

a. Van der Waal forces, which exist between non-
bonded pairs and contribute to energy,
UðrÞ¼ e½ðr0r Þ

12
� 2ðr0r Þ

6
�, r0 is an equilibrium dis-

tance and e a constant.
b. Electrostatic Interactions, which contribute to an

energy of UðrÞ¼ a qiqj
r , and

c. Hydrogen bonds, which result from Van Der Wa-
als forces and the geometry of the system, and
contribute to the potential energy of the struc-
ture.

The total potential energy function of a given structure
can thus be determined by the knowledge of the precise
position of each atom. The three main techniques that are
used for protein structure prediction: homology (compar-
ative modeling), fold recognition and threading, and Ab
initio folding.

4.1. Homology or Comparative Modeling

Comparative modeling techniques predict the structure of
a given protein sequence based on its alignment to one or
more protein sequences of known structure in a protein
database. The approach uses sequence alignment tech-
niques to establish a correspondence between the known
structure ‘‘template’’ and the unknown structure. Protein
structures are archived for public use in an Internet-ac-
cessible database known as the Protein Data Bank.
http://www.rcsb.org/pdb/ (24).

4.2. Fold Recognition and Threading

When the two sequences exhibit less similarity, the pro-
cess of recognizing which folding template to use is more
difficult. The first step in this case is to choose a structure
from a library of templates in the protein databank. This
is called fold recognition. The second step ‘‘threads’’ the
given protein sequence into the chosen template. Several
computer software programs are available for protein
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structure prediction using the fold recognition and thread-
ing technique such as PROSPECT (25).

4.3. Ab Initio (New Fold) Prediction

If no similarities exist with any of the sequences in the
database, the ab initio prediction method is used. This
method is one of the earliest structure prediction methods,
and uses energy interaction principles to predict the pro-
tein structure (23,26,27). Some of these methods include
optimization where the objective is to find a minimum-en-
ergy structure (a local minimum in the energy landscape
has zero forces acting on the atoms and is therefore an
equilibrium state).

Another type of analysis uses Molecular dynamics uses
equations of motion to trace the position of each atom
during folding of the protein (28). A single structure is
used as a starting point for these calculations. The force
acting on each atom is the negative of the gradient of the
potential energy at that position. Accelerations, ai, are re-
lated through masses, mi, to forces, Fi, via Netwon’s sec-
ond law ðFi¼miaiÞ. At each time step, new positions and
velocities of each of the atoms are determined by solving
equations of motion using the old positions, old velocities,
and old accelerations. Beeman (29) showed that new
atomic positions and velocities could be determined by
the following equations of motion

xðtþDtÞ¼ xðtÞþ vðtÞDtþ ½4aðtÞ � aðtþDtÞ�
ðDtÞ2

6
;

vðtþDtÞ¼ vðtÞþ ½2aðtþDtÞþ 5aðtÞ � aðt� DtÞ�
Dt
6
;

where x(t)¼position of the atom at time, t, v(t)¼ velocity
of the atom at time, t, a(t)¼ acceleration at time, t, and Dt
¼ time step in the order of 10� 15 seconds for the simula-
tion to be accurate.

In 1994, the first large-scale experiment to assess pro-
tein structure prediction methods was conducted. This ex-
periment is known as CASP (Critical Assessment of
techniques for protein Structure Prediction). The results
of this experiment were published in a special issue of
Proteins (1995). Further experiments were developed to
evaluate the fully automatic web servers for fold recogni-
tion. These experiments are known as CAFASP (Critical
Assessment of Fully Automated Structure Prediction). For
a discussion on the limitations, challenges, and likely fu-
ture developments on the evaluation of the field of protein
folding and structure prediction, we refer the reader to
(30).

5. GENOME ANALYSIS

Analysis of completely sequenced genomes has been one of
the major driving forces for the development of bioin-
formatics field. The major challenges in this area include
genome assembly, gene prediction, function annotation,
promoter region prediction, identification of single nucle-
otide polymorphism (SNP), and comparative genomics of
conserved regions. For a genome project, one must ask

several fundamental questions: how can we put the whole
genome together from many small pieces of sequences?
where are the genes located on a chromosome? and what
are other features we can extract from the completed ge-
nomes?

5.1. Genome Assembly

The first problem is pertaining to the genome mapping
and sequence assembly. During the sequencing process,
large DNA molecules with millions of base pairs, such as a
human chromosome, are broken into smaller fragments
(B100kb) and cloned into vector such as bacterial artifi-
cial chromosome (BAC). These BAC clones can be tiled to-
gether by physical mapping techniques. Individual BACs
can be further broken down into smaller random frag-
ments of 1-2 kb. These fragments are sequenced and as-
sembled based on overlapping fragments. With more
fragments sequenced, there will be enough overlaps to
cover most of the sequence. This method is often referred
as ‘‘shotgun sequencing’’. Computer tools were developed
to assemble the small random fragments into large contigs
based on the overlapping ends among the fragments using
similar algorithms as the ones used in the basic sequence
alignment. The widely used ones include PHRAP/Consed
(31,32) and CAP3 (33). Most of prokaryotic genomes can be
sequenced directly by the ‘‘shotgun sequencing’’ strategy
with special techniques for gap closure. For large ge-
nomes, such as human genome, there are two strategies.
One is to assemble large contigs first and then tile to-
gether the contigs based on the physical map to form the
complete chromosome (34) Another strategy is called
Whole Genome Shotgun Sequencing (WGS) strategy,
which assemble the genome directly from the ‘‘shotgun
sequencing’’ data in combination with mapping informa-
tion (35). WGS is a faster strategy to finish a large ge-
nome, but the challenge of WGS is how to deal with the
large number of repetitive sequences in a genome. Never-
theless, WGS has been successfully used in completing the
Drosophila and human genomes (36,37).

5.2. Genome Annotation

The second problem is related to deciphering the informa-
tion coded in a genome, which is often called genome an-
notation. The process includes the prediction of gene
structures and other features on a chromosome and the
function annotation of the genes. There are two basic
types of genes in a genome: RNA genes and protein en-
coding genes. RNA genes produce active RNA molecules
such as ribosomal RNA, tRNA, small RNA. Majority of
genes in a genome are protein encoding genes. Therefore,
the big challenge is how to find the protein encoding re-
gion in a genome. The simplest way to search for a protein
encoding region is to search for open reading frames
(ORF), which is a contiguous set of codons between two
stop codons. There are six possible reading frames for a
given DNA sequence. Three of them start at the first, sec-
ond, and third base. The other three reading frames are at
the complementary strand. The longest ORFs between the
start codon and the stop codon in the same reading frame
provide good, but not sufficient evidence of a protein en-
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coding region. Gene prediction is generally easier and
more accurate in prokaryotic than eukaryotic organisms
due to the intron/exon structure in eukaryote genes. In
prokaryotic organisms (bacteria and archaea), the trans-
lation and transcription are highly coupled. The protein is
synthesized from the RNA even before the transcription of
the gene is finished. The coding region spans the whole
RNAwithout interruption. On the other hand, in eukaryo-
tic organisms, transcription is more complicated. After the
initial RNA product is generated from the gene, it goes
through a process called splicing to get rid of non-coding
regions (intron) and concatenate the coding regions (exon)
together. Computational methods of gene prediction based
on Hidden Markov Model (HMM) have been quite suc-
cessful, especially in prokaryote genome. These methods
involve training a gene model to recognize genes in a par-
ticular organism. Because of the variations in codon us-
age, a model must be trained for each new genome. In
prokaryote genome, genes are packed densely with rela-
tively short intergenic sequences. The model reads
through a sequence with unknown gene composition and
find the regions flanked by start and stop codons. The co-
don composition of a gene is different from that of an in-
tergenic region and can be used as a discriminator for gene
prediction. Several software tools, such as GeneMark (38)
and Glimmer (14) are widely used HMM methods in pro-
karyotic genome annotation. Similar ideas are also ap-
plied to eukaryote gene prediction. Because of the intron/
exon structure, the model is much more complex with
more attention on the boundary of intron and exon. Pro-
grams such as GeneScan (39) and GenomeScan (40) are
HMM methods for eukaryote gene prediction. Neural net-
work based methods have also been applied in eukaryote
gene prediction, such as Grial (41). Additional information
for gene prediction can be found using expressed sequence
tags (ESTs), which are the sequences from cDNA libraries.
Because cDNA is derived from mRNA, a match to an EST
is a good indication that the genomic region encodes a
gene. Functional annotation of the predicted genes is an-
other major task in genome annotation. This process can
be also viewed as gene classification with different func-
tional classification systems such as Enzyme Commission
Numbers (EC number) system, protein families, metabolic
pathways, and Gene Ontology. The simplest way is to infer
annotation from the sequence similarity to a known gene,
e.g. BLAST search against a well-annotated protein da-
tabase such as SWISS-PROT. A better way can be a search
against protein family databases (e.g. Pfam (42)), which
are built based on profile HMMs. The widely used HMM
alignment tools include HMMER (43) and SAM (44). All
automated annotation methods can produce mistakes.
More accurate and precise annotation requires experi-
mental verification and combination of information from
different sources.

Besides the gene structures, other features such as
promoters can be better analyzed with a finished genome.
In prokaryotic organisms, genes involved in the same
pathway are often organized in an operon structure, in
which the genes contiguous on the chromosome and tran-
scribed together. Finding operons in a finished genome
provides information on the gene regulation. For eukaryo-

tic organisms, the completed genomes provide upstream
sequences for promoter region search and prediction. Pro-
moter region prediction and detection has been a very
challenging bioinformatics problem. The promoter regions
are the binding sites for transcription factors (TF). Pro-
moter prediction is to discover the sequence patterns
which are specific for TF binding. Different motif finding
algorithms have been applied including scoring matrix
method (45), Gibbs sampling (46), and Multiple EM for
Motif Elicitation (MEME) (47). The results are not quite
satisfactory. Recent studies using comparative genomics
methods on the problem have produced some promising
results and demonstrated that the promoters are con-
served among closely related species (48). In addition, mi-
croarray studies can provide additional information for
promoter discoveries (see, the section 6).

5.3. Comparative Genomics

With more and more genomes being completely se-
quenced, comparative analysis becomes increasingly valu-
able and provides more insights of genome organization
and evolution. One comparative analysis is based on the
orthologous genes, called clusters of orthologous groups
(COG) (49). Two genes from two different organisms are
considered orthologous genes if they are believed to come
from a common ancestor gene. Another term, paralogous
genes, refers to genes in one organism and related to each
other by gene duplication events. In COG, proteins from
all completed genomes are compared. All matching pro-
teins in all the organisms are identified and grouped into
orthologous groups by speciation and gene duplication
events. Related orthologous groups are then clustered to
form a COG that includes both orthologs and paralogs.
These clusters correspond to classes of functions. Another
type of comparative analysis is based on the alignment of
the genomes and studies the gene orders and chromoso-
mal rearrangements. A set of orthologous genes that show
the same gene order along the chromosomes in two closely
related species is called a synteny group. The correspond-
ing region of the chromosomes is called synteny blocks
(50). In closely related species, such as mammalian spe-
cies, the gene orders in synteny regions are generally con-
served with many rearrangements. The chromosomal
rearrangements include inversion, translocation, fusion
and fission. By comparing completely sequenced genomes,
for example, human and mouse genomes, we can reveal
the rearrangement events. One challenging problem is to
reconstruct the ancestral genome from the multiple ge-
nome comparisons and estimate the number and types of
the rearrangements (51). Detailed comparisons of ge-
nomes often reveal not only the differences between spe-
cies but much more insight of evolution and function and
regulation of genes. Recent publication of chimpanzee ge-
nome and its comparison to human genome shows approx-
imately thirty-five million single-nucleotide changes, five
million insertion/deletion events, and various chromoso-
mal rearrangements (52).
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6. MICROARRAY ANALYSIS

Microarray technologies allow biologists to monitor ge-
nome-wide patterns of gene expression in a high through-
put fashion. Gene expression refers to the process of
transcription. Gene expression for a particular gene can
be measured as the fluctuation of the amount of messen-
ger RNA produced from the transcription process of that
gene in different conditions or samples.

DNA microarrays are typically composed of thousands
of DNA sequences, called probes, fixed to a glass or silicon
substrate. The DNA sequences can be long (500–1500bp)
cDNA sequences or shorter (25–70mer) oligonucleotide
sequences. The probes can be deposited with a pin or pi-
ezoelectric spray on a glass slide, known as spotted array
technology. Oligonucleotide sequences can also be synthe-
sized in situ on a silicon chip by photolithographic tech-
nology (i.e., Affymetrix GeneChip). Relative quantitative
detection of gene expression can be carried out between
two samples on one array (spotted array) or by single
samples comparing multiple arrays (Affymetrix Gene-
Chip). In spotted array experiments, samples from two
sources are labeled with different fluorescent molecules
(Cy3 and Cy5) and hybridized together on the same array.
The relative fluorescence between each dye on each spot is
then recorded and a composite image may be produced.
The relative intensities of each channel represent the rel-
ative abundance of the RNA or DNA product in each of the
two samples. In Affymetrix GeneChip experiments, each
sample is labeled with the same dye and hybridized to
different arrays. The absolute fluorescent values of each
spot may then be scaled and compared with the same spot
across arrays. Figure 5 gives an example of a composite
image from one spotted array.

Microarray analyses usually include several steps: im-
age analysis and data extraction, data quantification and

normalization, identification of differentially expressed
genes, and knowledge discovery by data mining tech-
niques such as clustering and classification. Image anal-
ysis and data extraction is fully automated and mainly
carried out using a commercial software package or a free-
ware depending on the technology platforms. For example,
Affymetrix developed a standard data processing proce-
dures and software for its GeneChips (for detailed infor-
mation http://www.affymetrix.com); GenePix is widely
used image analysis software for spotted arrays. For the
rest of steps, the detailed procedures may vary depending
on the experiment design and goals. We will discuss some
of the procedures below.

6.1. Statistical Analysis

The purpose of normalization is to adjust for systematic
variations, primarily for labeling and hybridization effi-
ciency, so that we can discover true biological variations as
defined by the microarray experiment (53,54). For exam-
ple, as shown in the self-hybridization scatter plot (Fig. 6)
for a two-dye spotted array, variations (dye bias) between
dyes is obvious and related to spot intensities. To correct,
the dye bias, one can apply the following model:

log2ðR=GÞ� > log2ðR=GÞ � cðAÞ;

where R and G are the intensities of the dyes; A is the
signal strength (log2(R*G)/2); M is the logarithm ratio
(log2(R/G)); c(A) is the locally weighted polynomial regres-
sion (LOWESS) fit to the MA plot (55,56).

After correction of systematic variations, we want to
determine which genes are significantly changed during
the experiment and to assign appropriately adjusted p-
values to the genes. For each gene, we wish to test the null
hypothesis that the gene is not differentially expressed. P-
value is the probability of finding a result by chance. If P-

Figure 5. An image from a spotted array after laser scanning.
Each spot on the image represents a gene and the intensity of a
spot reflects the gene expression.
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Figure 6. Self-hybridization scatter plot. Y-axis is the intensity
from one dye; X-axis is the intensity from the other dye. Each spot
is a gene.
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value is less than a cut-off (e.g., 0.05), one would reject the
null hypothesis and state that the gene is differentially
expressed (57). Analysis of variance (ANOVA) is usually
used to model the factors for a particular experiment. For
example,

logðmijkÞ¼ mþAiþDjþVkþ eijk;

where mijk is the ratio of intensities from the two dye-la-
belled samples for a gene; m is the mean of ratios from all
replicates; A is the effect of different arrays; D is the dye
effects; V is the treatment effects (58). Through F-test, we
will determine if the gene exhibits differential expression
between any Vk. For a typical microarray, there are thou-
sands of genes. We need to perform thousands of tests in
an experiment at the same time, which introduce the sta-
tistical problem of multiple testing and adjustment of p-
value. Many methods exist for such as purpose including
Bonferroni adjustment and False discovery rate (FDR)
(59).

For Affymetrix GeneChips analysis, even though the
basic steps are the same as spotted microarrays, because
of the difference in technology, different statistical meth-
ods were developed. Besides the statistical methods pro-
vided by Affymetrix, several popular methods are
packaged into software such as dChip (60) and RMA (53)
in Bioconductor (http://www.bioconductor.org). With ra-
pid accumulation of microarray data, one challenging
problem is how to compare microarray data across differ-
ent technology platforms. Some recent studies on data
agreements have provided some guidance (61–63).

6.2. Clustering and Classification

Once obtained from the statistical test a list of significant
genes, we would apply different data mining techniques to
find interesting patterns. At this step the microarray data
set is organized as a matrix. Each column represents a
condition; each row represents a gene. An entry is the ex-
pression level of the gene under the corresponding condi-
tion. If a set of genes exhibit the similar fluctuation under
all of the conditions, it may indicate that these genes are
co-regulated. One way to discover the co-regulated genes
is to cluster genes with similar fluctuation patterns using
various clustering algorithm. Hierarchical clustering was
the first clustering method applied to the problem (64).
The result of hierarchical clustering forms a two-dimen-
sional dendrogram as shown in Fig. 7. The measurement
used in the clustering process can be either a similarity
such as Pearson’s correlation coefficient or a distance such
as Euclidian distance.

Many different clustering methods have been applied
later on, such as, k-means (65), self-organizing map (66),
and support vector machine (67). Another type of micro-
array study involves classification techniques. For exam-
ple, we can use the gene expression profile to classify
cancer types. Golub et al (68) first reported using classi-
fication techniques to classify two different types of leu-
kemia as shown in Fig. 8. Many commercial software
packages, e.g., GeneSpring and Spotfire, offer the use of
these algorithms for microarray analyses.

7. COMPUTATIONAL MODELING AND ANALYSIS OF
BIOLOGICAL NETWORKS

Biological system is a complex system involving hundreds
of thousands of elements. The interaction among the ele-
ments forms an extremely complex networks. With the
development of high throughput technologies in func-
tional genomics, proteomics, and metabolomics, one can
start looking into the system level mechanisms governing
the interactions and properties of biological networks.
Network modeling has been used extensively in social
and economical fields for many years (69). Many methods
can be applied to biological network studies.

The cellular system involves complex interactions be-
tween proteins, DNA, RNA, and smaller molecules and
can be categorized in three broad subsystem, metabolic
networks or pathway, protein networks, and genetic or
gene regulatory networks. Metabolic networks represent
the enzymatic processes within the cell, which provide
energy and building blocks for cells. It is formed by the
combination of a substrate with an enzyme in a bi-
osynthesis or degradation reaction. Considerable informa-
tion about metabolic reactions has been accumulated
through many years and are organized into large da-
tabases, such as KEGG (70), EcoCyc (71) and WIT (72).
Protein networks refer to the signaling networks where
the basic reaction is between two proteins. Protein-protein
interactions can be determined systematically using tech-
niques such as yeast two-hybrid system (73) or derived
from the text mining of literatures (74). Genetic networks
or regulatory networks refer to the functional inference of
direct causal gene interactions (75). One can conceptualize
gene expression as a genetic feedback networks. The net-
works can be inferred from the gene expression data gen-
erated from microarray or proteomics studies in
combination with computation modeling.

Metabolic networks are typically represented as a
graph with vertex being all the compounds (substrates)
and the edges being reactions linking the substrates. With
such representation, one can study the general properties
of the metabolic networks. It has been shown that meta-
bolic networks exhibit typical property of small world or
scale-free network (76,77). The distribution of compound
connectivity follows a power law as shown in Fig. 9. There
are nodes serving as hubs in the networks. Such property
makes the networks quite robust to random deletion of
nodes, but vulnerable to selected deletion of nodes. For
example, deletion of hub nodes will cause the network col-
lapse very quickly. A recent study also shows that the
metabolic networks are organized in modules based on the
connectivity, which are correlated with functional classi-
fication (78).

Flux analysis is another important aspect in metabolic
network study. Building on the stoichiometric network
analysis, which only uses the well-characterized network
topology, the concept of elementary flux modes was intro-
duced (79,80). An elementary mode is a minimal set of
enzymes that could operate at steady state, with the en-
zymes weighted by the relative flux they need to carry out
the mode to function. The total number of elementary
modes for given conditions has been used as a quantitative
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A  Cholesterol Biosynthesis

B  Cell Cycle
C  Immediate Early Response

D  Signaling and Angiogenesis

E  Wound Healing and Tissue Remodeling

Time

Figure 7. Hierarchical clustering of microarry data.
Rows are genes. Columns are RNA samples at differ-
ent time points. Values are the signals (expression
levels), which are represented by the color spectrum.
Green represents down-regulation while red repre-
sents up-regulation. The color bars beside the dendro-
gram show the clusters of genes which exhibit similar
expression profiles (patterns). The bars are labeled
with letters and description of possible biological pro-
cesses involving the genes in the clusters. (Reprinted
from Eisen et al, (64)).

C-myb (U22376)
Proteasome iota (X59417)
MB-I (U05259)
Cyclin D3 (M92287)
Myosin light chain (M31211)
RbAp48 (X74262)
SNF2 (D26156)
HkrT-1 (S50223)
E2A (M31523)
Inducible protein (L47738)
Dynein light chain (U32944)
Topoisomerase II β (Z15115)
IRF2 (X15949)
TFIIEβ (X63469)
Acyl-Coenzyme A dehydrogenase (M91432)
SNF2 (U29175)
(Ca2+)-ATPase (Z69881)
SRP9 (U20998)
MCM3 (D38073)
Deoxyhypusine synthase (U26266)
Op 18 (M31303)
Rabaptin-5 (Y08612)
Heterochromatin protein p25 (U35451)
IL-7 receptor (M29696)
Adenosine deaminase (M13792)

Fumarylacetoacetate (M55150)
Zyxin (X95735)
LTC4 synthase (U50136)
LYN (M16038)
HoxA9 (U82759)
CD33 (M23197)
Adipsin (M84526)
Leptin receptor (Y12670)
Cystatin C (M27891)
Proteoglycan 1 (X17042)
IL-8 precursor (Y00787)
Azurocidin (M96326)
p62 (U46751)
CyP3 (M80254)
MCLI (L08246)
ATPase (M62762)
IL-8 (M28130)
Cathepsin D (M63138)
Lectin (M57710)
MAD-3 (M69043)
CDI 1c (M81695)
Ebp72 (X85116)
Lysozyme (M19045)
Properdin (M83652)
Catalase (X04085)

−3 −2.5 −1.5 −0.5 0

Normalized expressionLow High

0.5 1 1.5 2 2.5 3−2 −1
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Figure 8. An example of microarray classifi-
cation. Genes distinguishing acute myeloid
leukemia (AML) and acute lymphoblastic leu-
kemia (ALL). The 50 genes most highly corre-
lated with the ALL-AML class distinction are
shown. Each row corresponds to a gene, with
the columns corresponding to expression lev-
els in different samples. Expression levels for
each gene are normalized across the samples
such that the mean is 0 and the SD is 1. Ex-
pression levels greater than the mean are
shaded in red, and those below the mean are
shaded in blue. The scale indicates SDs above
or below the mean. The top panel shows genes
highly expressed in ALL, the bottom panel
shows genes more highly expressed in AML.
(Reprinted from Golub et al, (68)).
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measure of network flexibility and as an estimate of fault-
tolerance (81,82).

A system approach to model regulatory networks is es-
sential to understand their dynamics. Recently several
high-level models have been proposed for the regulatory
network including Boolean models, continuous systems of
coupled differential equations, and probabilistic model.
Boolean networks assume that a protein or a gene can be
in one of two states, active or inactive, represented by 1 or
0. This binary state varies in time and depends on the
state of the other genes and proteins in the network
through a discrete equation:

Xiðtþ 1Þ¼Fi½XiðtÞ; . . . ;XNðtÞ�:

Thus the function Fi is a Boolean function for the update of
the ith element as a function of the state of the network at
time t (75). Figure 10 gives a simple example.

Gene expression patterns contain much of the state in-
formation of the genetic network and can be measured
experimentally. We are facing the challenge of inferring or
reverse engineering the internal structure of this genetic
network from measurements of its output. Genes with
similar temporal expression patterns may share common
genetic control processes and may therefore be related
functionally. Clustering gene expression patterns accord-
ing to a similarity or distance measure is the first step to-
ward constructing a wiring diagram for a genetic network
(84).

Differential equations can be an alternative model to
the Boolean network and applied when the state variables
X are continuous and satisfy a system of differential equa-
tions of the form

dXi

dt
¼Fi½X1ðtÞ; . . . ;XNðtÞ; IðtÞ�;

where the vector I(t) represents some external input into
the system. The variables Xi can be interpreted as repre-
senting concentrations of proteins or mRNAs. Such model
has been used to model biochemical reactions in the met-
abolic pathways and gene regulation (75).

Bayesian networks are provided by the theory of graph-
ical models in statistics. The basic idea is to approximate a
complex multi-dimensional probability distribution using
a product of simpler local probability distributions. Gen-
erally, a Bayesian network model is based on a directed
acyclic graph (DAG) withN nodes. In genetic network, the
nodes may represent genes or proteins and the random
variables Xi levels of activity. The parameters of the model
are the local conditional distributions of each random
variable given the random variables associated with the
parent nodes, whose product yields the joint distribution
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Figure 9. A. In the scale-free network most
nodes have only a few links, but a few nodes,
called hubs (filled circle), have a very large
number of links. B. The network connectivity
can be characterized by the probability, P(k),
that a node has k links. P(k) for a scale-free
network has no well-defined peak, and for
large k it decays as a power-law, P(k)Ek� g,
appearing as a straight line with slope � g on
a log–log plot (Reprinted from Jeong et al,
(76)).
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Figure 10. Target Boolean network for reverse engineering. (a)
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(Reprinted from Liang et al, (83)).
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of all of the random variables:

PðX1; . . . ;XNÞ¼
Y

i

PðXijXj : j 2 N�ðiÞÞ;

where N -(i) denotes all the parents of vertex i. Given a
data set D representing expression levels derived using
DNA microarray experiments; it is possible to use learn-
ing techniques with heuristic approximation methods to
infer the network architecture and parameters. Because
data from microarray experiments are still limited and
insufficient to completely determine a single model, people
have developed heuristics for learning classes of models
rather than single models, for instance, for a set of co-reg-
ulated genes (75) Bayesian networks have been used to
combine heterogeneous data sets and applied recently to
genetic networks using microarray data (85,86).

In this chapter we reviewed some major development
in the field of bioinformatics and introduced some basic
concepts in the field covering six areas: sequence analysis,
phylogenetic analysis, protein structure analysis, genome
analysis, microarray analysis, and network analysis. Due
to the limited space, some topics have been left out. One of
such topics is text mining, which using Natural Language
Processing (NLP) techniques to extract information from
the vast amount of literatures in biological research. Text
mining has become an integral part in bioinformatics.
With the continuing development and maturing of new
technologies in many system level studies, the way that
we conduct biological research is undergoing revolution-
ary change. Systems biology is becoming a major theme
and driving force. The challenges for bioinformatics in the
post-genomics era lie on the integration of data and knowl-
edge from heterogeneous sources and system level model-
ing and simulation providing molecular mechanism for
physiological phenomena.
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1. INTRODUCTION

Recent technological advances and the availability of new
experimental data have led to the emergence of many bi-
ological databases. These databases are distributed, het-
erogeneous, autonomous, and often only accessible via the
Internet. Currently, about 400 biological databases are
available online (1), and the number is growing rapidly.
Only 2 years ago, the same survey (2) listed about half
that many databases. These databases often focus on a
specific subject area, and individually, they only represent
a fraction of all available biological data.

The biological databases cover a wide range of subjects
and data types including gene sequences, gene expression
data, protein structures, protein sequences, and metabolic
pathways. Although these databases are distributed, the
biological data they hold are often semantically interre-
lated. To allow scientists to issue multi-database queries—
queries that simultaneously invoke multiple databases—
support for the integration of these databases is needed
and an integrated view of the data must be available.
Substantial research efforts (3–7) have been devoted to
addressing this research issue. Because of the unique
characteristics of biological data, traditional database in-
tegration methods, which have been developed for busi-
ness data stored in relational databases, may not be
applicable to biological databases. In the business domain,
the databases are often well structured and adhere to a
well-defined schema, whereas in the biological domain,

most databases are unstructured. Furthermore, several
databases store data that are highly heterogeneous. These
characteristics make the traditional query formulization
algorithms, schema mapping algorithms, and query pro-
cessing optimization algorithms nonapplicable.

Although this article focuses mostly on biological da-
tabases, other biomedical databases, such as drug com-
pound databases in the pharmaceutical industries and
patient record databases in the health-care industries face
similar issues.

In the following sections, some of the most popular on-
line biological databases are first described, followed by a
discussion of the challenges associated with the integra-
tion of biological databases. The discussion is intended to
provide a deeper understanding of the limitation of some
current databases and database integration systems. The
section on ‘‘Integration’’ presents an overview of the dif-
ferent integration models and their advantages and dis-
advantages. The following section describes some
currently available commercial and academic integration
systems for biological databases. The purpose of this sec-
tion is to offer an overview of the capabilities, limitations,
and potential usage of these systems. The last section
summarizes state-of-the-art research and the available
technology in the field. It also discusses future trends in
the area of distributed databases.

2. OVERVIEW OF BIOLOGICAL DATABASES

Biological databases have grown in size rapidly during the
past two decades. Scientists use these databases to ex-
change information and to disseminate knowledge (Table
1). They contain valuable information and are essential in
conducting research studies. Most public domain biologi-
cal databases were originally stored in plain text files. As
the size and complexity of the data increased, these da-
tabases migrated to a database management system. Us-
ers can access them by submitting queries to their Web
interfaces or by downloading the entire database, in text

Table 1. Examples of Biological Databases

Database Subject
Content

DNA Protein
Protein
Family

Gene/Protein
Annotation Genome Pathway Bibliography

GenBank General X X X X
EMBL
DDBJ
PIR General X X X X
SWISS-PROT General X X X
Pfam General X X
PubMed/Medline General X
GDB Specific organism (human) X X X X X
MGD Specific organism (mouse) X X X X X X
TAIR Specific organism (Arabidopsis) X X X X
FlyBase Specific organism (Drosohpila) X X X X X
SGD Specific organism (Saccharomyces) X X X X X X
OMIM Specific organism (human) X X
BRENDA Specific protein (enzyme) X X X
MetaCyc Specific pathway (metabolic pathway) X X

1
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format, to a local machine. Direct access to the database
through the database management system is often not al-
lowed. Some of the most popular databases are described
below. These databases are classified into two groups:
general-purpose databases and subject-specific databases.
The latter group tends to include information related to a
specific subject such as the study of a given organism or
the study of a given biological process (e.g., metabolic
pathways). The former group of databases tends to in-
clude a broad range of information that is specific neither
to a given organism nor to a given subject matter. How-
ever, general-purpose databases may sometimes focus on
a specific biological data type such as protein sequences or
nucleotide sequences.

2.1. General-Purpose Databases

Sequence data are an important source of biological
knowledge. This importance was one of the drivers behind
the creation of the International Nucleotide Sequence Da-
tabase Collaboration effort that encompasses three major
nucleotide sequence databases: GenBank (8) at the Na-
tional Center for Biotechnology Information, the Euro-
pean Molecular Biology Laboratory (EMBL) (9), and the
DNA Databank of Japan (DDBJ) (10). These three da-
tabases synchronize their data on a regular basis.

The Protein Information Resource (PIR) (11) database
is an example of a general-purpose database that is orga-
nized around protein information. PIR includes not only
protein sequence data, but also protein family classifica-
tion and protein annotations. The protein entries in PIR
are classified into a hierarchy of protein families that con-
sist of families and superfamilies. In addition to detailed
information on protein sequences, PIR also contains pro-
tein family information such as signature features. As of
April 2003, PIR counts more than one million nonredun-
dant sequences.

Another example of a general-purpose database that
focuses on storing protein sequences and related informa-
tion is SWISS-PROT (12). The sequence data in SWISS-
PROT include translations of DNA sequences from the
EMBL Nucleotide Sequence database, results of protein
sequencing experiments submitted by researchers, and
sequences extracted from PIR. To reduce the amount of
redundancy, slightly variant sequences, such as polymor-
phisms, are identified among the entries in the database
(12). SWISS-PROT also contains human expert annota-
tions of the protein sequence, as well as cross-references to
other databases such as GenBank and the Online Mende-
lian Inheritance in Man (OMIM) (13). As previously men-
tioned, GenBank is a major repository for nucleotide
sequences, and the OMIM database, which will be dis-
cussed later in this section, stores information related to
human genes.

The Protein Data Bank (PDB) (14) is a database that
includes three-dimensional structures of biological macro-
molecules and related information such as synonyms, en-
zyme classification, and source organism. As of April 2003,
there were about 20,747 structures in PDB. New struc-
tures are deposited by scientists in PDB on a continuous
basis.

Pfam (15) is a database that focuses on protein families.
It includes the multiple sequence alignment of proteins in
each family. In addition, Pfam includes hidden Markov
model-based profiles that can be used to identify whether
a new sequence belongs to a given protein family. The
profile for each family is constructed by using a represen-
tative set of protein sequences. This profile is then used to
search for member sequences in other databases. Once the
member sequences for a given family are retrieved, the
hidden Markov model-based profile is used to align all se-
quences in the family. For each family, the database also
includes functional annotation and literature references.

PubMed (16) (previously called Medline) is a biblio-
graphic database covering the fields of biomedicine and
health. The database contains more than 12 million ref-
erences and abstracts (17). This database is widely used,
and it is cross-referenced by many biological databases.

2.2. Subject-Specific Databases

Many subject-specific databases are organism-specific da-
tabases. For example, the Human Genome Data Base
(GDB) (18), Mouse Genome Databases (MGD) (19), The
Arabidopsis Information Resource (TAIR) (20), FlyBase
(21), and Saccharomyces Genome Database (SGD) (22) in-
clude genome information related to human, mouse, Ar-
abidopsis thaliana, fruit fly, and budding yeast,
respectively. The data in these databases consist of, among
others, genome maps (e.g., cytogenetic and physical
maps), phenotype information, and protein structure and
function. For example, TAIR contains expression data ob-
tained from microarray experiment, as well as informa-
tion related to metabolic pathways and enzymes. Most
data are deposited by scientists or extracted from other
databases. Each gene in SGD is associated with related
data such as links to protein and structure information
from other databases and calculated data such as protein
length. Another example of an organism-specific database
is OMIM (13). This database includes expert annotations
of human genes and genetic disorders.

BRENDA (23) is a database that includes information
related to a specific type of protein, namely enzyme. The
information collected in BRENDA is extracted from more
than 40,000 references that cover more than 6000 organ-
isms. The data in BRENDA are organized under seven
main categories: enzyme nomenclature (e.g., EC number,
synonyms), enzyme structure (e.g., molecular weight,
three-dimensional (3-D) structure), enzyme–ligand inter-
actions (e.g., inhibitors, cofactor), functional parameters
(e.g., specific activity, pH range), molecular properties
(e.g., temperature stability, storage stability), organism-
related information (e.g., source tissue, organ), and biblio-
graphic data.

The last example of subject-specific databases that is
discussed in this section is MetaCyc (24). This metabolic
pathway database integrates pathway information from
various literature databases. Specifically, MetaCyc in-
cludes descriptions of pathways, enzymes, and reactions.
This database includes more than 400 pathways and 1000
enzymes for a wide range of organisms.
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2.3. Motivation for Database Integration

The example databases discussed here indicate that the
scientific community can benefit from the integration of
various databases. As mentioned, some databases link
their records to records in other databases. For example,
SWISS-PROT includes cross-references to both GenBank
and OMIM. Also, the subject-specific databases often ex-
tract data from various general-purpose databases to
which they sometimes add annotations. Support for the
integration of these databases can allow scientists to issue
multi-database queries that are beyond the scope of indi-
vidual databases. Furthermore, this integration combined
with more flexible access methods can reduce the need for
subject-specific databases. One example query discussed
in Ref. 25 that was used to motivate the need for integra-
tion of biological databases consists of retrieving ‘‘all mam-
malian gene sequences for proteins identified as being
involved in signal transduction’’ as well as related ‘‘anno-
tations and literature citations.’’ This query may be an-
swered by using the following steps. First, all proteins
involved in signal transduction have to be retrieved from a
pathway database such as KEGG (26). The resulting pro-
teins, along with mammalian organism names, can then
be used to query protein databases (e.g., SWISS-PROT).
The gene sequences and annotations of the proteins gen-
erated in the second step can be obtained from nucleotide
sequence databases (e.g., GenBank). The abstracts of re-
lated citations can be retrieved from PubMed. Additional
annotations can also be found in organism-specific da-
tabases such as OMIM for human and MGD for mouse.
This example illustrates how tedious the process of infor-
mation retrieval can be when the databases are not inte-
grated. Support for an integrated access to the distributed,
heterogeneous, biological databases can greatly facilitate
knowledge extraction. The next section highlights some
challenges facing the integration of these biological da-
tabases.

3. INTEGRATION CHALLENGES

Several challenges face the efficient and meaningful inte-
gration of distributed biological databases. These chal-
lenges can be caused by the inherent characteristics of the
biological data or can be an artifact of the biological da-
tabases in which the data are stored.

3.1. Data Complexity

Some challenging characteristics of the biological data in-
clude the fact that not only is it doubling in size every 2
years (27), but it is complex as well. There are several
types of biological data ranging from sequences to more
complex data such as tertiary structures and network
pathways. Therefore, a unique data representation is not
applicable to all biological data within a given database.
The biological data are often represented by using several
complex data types such as free text, strings, lists, sets,
deeply nested records (28), and graphs (29). For example,
abstracts and annotations may be represented by using
free text. Strings are used to represent sequences. Liter-

ature references may consist of records that include three
fields: title (string), author (list of author names), and
journal (a set of fields including journal title, page num-
bers, volume, number, and year). Metabolic pathways may
be represented by using complex networks, where the
chemical compounds are the nodes of the network and
the edges represent chemical reactions (29). In addition,
the data can be temporal (as in the case of gene expression
time series) (30). The data can also be spatial. Examples of
this case are secondary and tertiary structures of proteins.

Biological data are also semistructured. Semistruc-
tured data, also referred to as unstructured data, are
data whose structure or schema is not explicitly defined
(31). Biological data represented in HTML format are an
example of semistructured data. These data are readable
by humans, but they can be easily processed by a com-
puter. Several online biological databases return results in
HTML format.

The relationships between biological objects can also be
complex. These relationships can be hierarchical, unidi-
rectional, bidirectional, or many-to-many. Examples of the
first type of relationship include the hierarchical classifi-
cation of proteins in families and superfamilies and the
hierarchical taxonomic tree of species (32). A gene that
encodes a protein or a protein that regulates a gene ex-
pression are examples of unidirectional relationships. Bi-
directional relationships are commonly used to depict
protein–protein interactions. Metabolic pathways can
give rise to many-to-many relationships. A given protein
may appear in multiple pathways, and one pathway may
contain multiple proteins. The importance of the explicit
recording of these relationships is highly dependent on the
specific research question that is being addressed. How-
ever, these relationships are often not explicitly included
in the biological databases (27,28).

3.2. Data and Databases Heterogeneity

Heterogeneity is one major challenge for the integration of
multiple biological databases. This heterogeneity is pres-
ent in several contexts (3,5): syntactic, semantic, data
model related, and schematic.

Syntactic heterogeneity originates because different
databases may use synonyms to refer to the same concept
(27). For example, the scientific species name Escherichia
coli can be used by one database, whereas one of its ab-
breviations (E. Coli or E. coli) can be used by another da-
tabase.

Resolving cases in which two synonyms are used to
represent the same concept is less difficult than resolving
cases in which one name may have different meanings in
different contexts (semantic heterogeneity (33)). An exam-
ple of this type of heterogeneity as it relates to the concept
of gene was presented in (4). This example compares the
use of gene in GDB that refers to a ‘‘DNA fragment that
can be transcribed and translated into a protein’’ with its
use in GenBank that refers to a ‘‘DNA region of biological
interest with a name and that carries a genetic trait or
phenotype.’’

The last two types of heterogeneities—data model-re-
lated heterogeneity and schematic heterogeneity—are a
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result of the choices of database management systems
that are used to manage the data.

A data model is an abstraction of the entities (objects)
and their relations in the database. It describes how the
attributes of an entity are structured, the constraints im-
posed on the data, and how the entities (objects) are re-
lated to each other. There are two widely used data
models: the relational model and the object-oriented
model. Under the relational data model, the data are or-
ganized into a table format, where each column of the ta-
ble represents an attribute of an object, and each row
(record) of the table represents an instance of the object. In
each table, one or more attributes are designated as the
primary key that is used to uniquely identify each record.

The object-oriented model is based on concepts that are
similar to ones used in object-oriented programming lan-
guages (34). For example, encapsulation, inheritance, and
polymorphism are also applicable to the object-oriented
data model. Each data object is defined as a class that has
multiple attributes. These attributes can describe features
of the object or can be a reference to other classes. The
object protocol model (OPM) (35) is an example of an ob-
ject-oriented model that is used by GDB (36).

Relational data models have often been deemed to be
inappropriate for the biological domain. For example, in
Ref. 35, it is argued that the relational data model can
force objects to be scattered among multiple tables and
thus lead to large databases. Similar observations were
made in Ref. 37 about pharmacogenomic databases. An
independent study (38) concluded that relational data
models do not easily support hierarchical data types
(e.g., trees, graphs), and they can make structural up-
dates to the database difficult. As discussed in the previ-
ous subsection, hierarchical data types are important in
the biomedical research field. For example, graphs repre-
sent metabolic pathways and proteins may be classified in
a tree structure of families and superfamilies, which
seems to make the case for an object-oriented data model.
However, object-oriented database technology is not as
mature as the relational database technology (34,38).

When databases that use different data models are in-
tegrated, a mechanism that translates the databases to a
common data model is needed. Even if the databases use
the same data model, heterogeneities can still occur at the
schema level depending on how the data are organized (3).
A database schema is a description of the database that is
specified by using a given data model (i.e., relational or
object oriented). In a relational model, the schema consists
of the structure of the tables in the database, the attribute
in these tables, and the relationships among the attributes
within a table and across the tables. Differences in schema
definition lead to schematic heterogeneities. For example,
GDB and TAIR are organism-specific databases that use
the object-oriented data model. However, they represent
their data by using different schema. In the TAIR schema,
‘‘gene,’’ ‘‘polymorphic marker,’’ and ‘‘map’’ are siblings.
However, in the GDB schema, ‘‘gene’’ and ‘‘polymorphic
marker’’ are children of ‘‘genomic segment,’’ which is a
sibling of ‘‘map.’’ This example shows how similar concepts
can be organized differently in different schema.

3.3. Database Accessibility

The accessibility approaches vary among the biological
databases. Almost all community databases provide ac-
cess through a Web interface. Results returned by these
interfaces may be in HTML (e.g., PDB, SWISS-PROT) or
XML (e.g., PIR). Alternatively, some databases may re-
turn the result of a query in plain text files (e.g., one out-
put format option in EMBL is text files). Internally, these
databases may be implemented by using an off-the-shelf
database management system such as Oracle or a custom-
built data search and retrieval software such as ACeDB.
Read and write access to the database for update and
maintenance is performed directly through the database
management system or the custom-built software. Read-
only user access to the database is supported by an appli-
cation interface. In addition to being read only, these in-
terfaces limit access to a set of prespecified queries. This
aspect makes integration difficult because of the limita-
tions imposed on the queries and the fact that the query
result is formatted for human inspection rather than to
support any further automated processing.

3.4. Data Redundancy

The data in various biological databases can be redundant
and conflicting. Redundancy in biological databases orig-
inates as a side effect of the multiple data acquisition sites
as well as the multiple ways in which data are extracted
from one database and stored in another database (38).
There are several major general-purpose databases, and
although these databases may exchange information, at
any given point in time, data in these databases may not
be fully synchronized. Subject-specific databases that ex-
tract information from other databases and add their an-
notations can also be a source of conflict. For example, a
protein family database may contain a description of pro-
teins and their families, which may vary from one da-
tabase to another (39).

4. INTEGRATION

In a database integration system, the databases partici-
pating in the integration are referred to as component da-
tabases. In general, the integration of distributed
databases involves the following steps: transforming the
schema of the component databases to a common data
model, establishing the relationship between the objects
in different databases, decomposing multi-database que-
ries into database-specific subqueries, accessing the com-
ponent databases to retrieve the data, and combining the
result of the subqueries (40). Depending on the integration
method used, one or more of these steps may not be nec-
essary. The complexity, dynamicity, syntactic and seman-
tic heterogeneities of the biological data, and the limited
accessibility, redundancy, and variation in data models
and schema of the biological databases, have made the
integration of biological databases both challenging and
interesting.

Different approaches to the database integration of bi-
ological databases have been proposed. These approaches
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include federated databases, data warehousing, and link
driven. When the component databases are Web da-
tabases, the latter approach is also called hypertext link-
ing or hypertext navigation. One main advantage of
federated databases is that they do not require that com-
ponent databases be physically combined into one da-
tabase (3). Database federation is used to integrate
autonomous, heterogeneous, and distributed databases
(41). This class of integration systems can be further di-
vided into two subclasses: tightly coupled and loosely cou-
pled.

In a tightly coupled federated databases system, a
global data schema is constructed and the queries are ex-
pressed on this unified schema (40). The global schema
integrates all component schema. Therefore, the compo-
nent databases are transparent to the user. TAMBIS (42)
is an example of a tightly coupled federated database.

In a loosely coupled federated database system, there is
no global schema, and the user needs to specify the com-
ponent databases in the query by using a multi-database
query language (41). One disadvantage of loosely coupled
federated databases is that the component databases and
any heterogeneity that may be present among their
schema are not transparent to the user. This approach is
used by BioKleisli (43).

The second type of integration approaches is data ware-
housing. The component databases are mapped to a single
database called the data warehouse. Creating a data ware-
house is a process that consists of two steps (3). First the
schemas of the component databases are mapped onto the
global schema (i.e., the schema of the data warehouse).
Second, data are extracted from the component databases
and used to populate the data warehouse. An example
system that uses this approach is genomics unified scheme
(GUS) (44). Data warehouses have not seen a wide spread
use in the biological domain because they do not scale well
to many databases. Adding a new database to the ware-
house may lead to a redesign and repopulation of the data
warehouse.

The third type of integration approach, link driven, is
currently the most popular in the biological domain. This
approach does not rely on a common data model or a global
schema and is therefore easy to implement. In this ap-
proach, a physical link is created between related records
from different databases. These links can be stored in the
form of index files as in sequence retrieval system (SRS)
(45) or simply in the form of hypertext links as in Entrez
(17). Access to this type of integration system allows the
user to navigate from one database to another using these
predefined static links. The disadvantage of this approach
is that it limits the scope of the queries that can be issued.
The previous two types of integration approaches (i.e.,
federated databases and data warehouses) do not suffer
from such a limitation, but their implementations are
more complex.

In the following subsections, the steps involved in pro-
cessing multi-database queries, namely data model trans-
lation, schema integration, query translation, data
retrieval, and result assembly, are discussed. The role of
each step in the three types of integration approaches

(federated databases, data warehouses, and link driven) is
explained.

4.1. Data Model Translation

Each component database may adopt a different data
model that is used to define its local schema. In most in-
tegration approaches, the local database schema needs to
be translated to the component schema that is based on a
common data model (40). Data model translation is only
needed for federated databases and data warehouses.

As mentioned, the relational data model has serious
limitations when it comes to representing biological data.
The object-oriented model, although less mature, is better
suited for expressing the complex relationships between
biological objects. OPM is an example object-oriented data
model that has been used by GDB and other databases
(46). Once this technology becomes more mature, more
community biological databases are expected to migrate to
the object-oriented model.

4.2. Schema Integration

After a common data model has been selected, the local
schema of the component databases is translated to a
component schema that uses this common data model. For
example, schema transformation from the relational
model to the OPM model and vice versa is described in
Ref. 35. The next step consists of integrating the compo-
nent schema by creating a global schema and mapping the
component schema to the global schema. As stated in Ref.
40, schema integration faces several challenges. First,
syntactic and semantic variations among the related en-
tities in the component databases need to be disambigua-
ted. Second, the relations among the entities need to be
explicitly specified in the global schema. Schema integra-
tion for biological databases requires extensive domain
expertise.

Consider, for example, integrating the TRANSFAC
(http://transfac.gbf.de/TRANSFAC/) and the SWISS-
PROT databases. For the purpose of this example, only a
subset of the content of these two databases will be con-
sidered. Namely, in TRANSFAC, it is possible to retrieve a
list of genes and their transcription factors. Also in
SWISS-PROT, it is possible to retrieve a list of proteins
and the genes that encode these proteins. One query of
interest may be to retrieve all transcription factors, their
coding genes, and the genes regulated by these transcrip-
tion factors. Another query of interest may be to retrieve
the genes that encode proteins and the transcription fac-
tors of these genes. For the first query, the global schema
of choice may consist of transfactor, gene-T, and gene-S,
where transfactor is the attribute obtained by joining the
transfactor attribute from TRANSFAC and the protein at-
tribute from SWISS-PROT. The attributes gene-T and
gene-S are obtained directly from TRANSFAC and
SWISS-PROT, respectively. Gene-T corresponds to the
gene whose transcription factor is transfactor, and gene-
S corresponds to the gene that encodes this transcription
factor. For the second query, a more appropriate global
schema is gene, transfactor-T, and protein-S, where the
attribute gene in this case is result of the joining of the
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attribute gene from TRANSFAC and the attribute gene
from SWISS-PROT. The attributes transfactor-T and pro-
tein-S are from TRANSFAC and SWISS-PROT, respec-
tively. They correspond to the transcription factor of gene
and the protein that is encoded by gene, respectively.

Schema integration is important in tightly coupled fed-
erated databases and data warehousing, but it is usually
not used in the loosely coupled federated databases or in
the link-driven approach.

4.3. Query Translation

Query translation is a sequence of transformation steps
that are applied to a multi-database query when certain
types of integration approaches are used. In a data ware-
house, a multi-database query is issued directly against
the data warehouse. Therefore, query translation is not
necessary. In a loosely coupled federated databases sys-
tem, the multi-database query is expressed by using a
query language that embodies the schema definitions of
the component databases. In this case, the multi-database
query translation is also not needed. The same is true for
the link-driven approach. Query translation is, however, a
major part of tightly coupled federated databases. Tightly
coupled federated databases are often implemented by us-
ing a mediator-wrapper architecture (47). The mediator
accepts multi-database queries that are expressed by us-
ing the global schema. Each multi-database query is
translated into a set of component database-specific sub-
queries (40). These subqueries are expressed by using the
component schema. The wrappers in the mediator-wrap-
per architecture are responsible for retrieving the data
from the component databases. In the process of perform-
ing this task, the wrappers will translate the subquery
expressed on the component schema to a subquery ex-
pressed on the local schema, which can be directly exe-
cuted by the corresponding component database.

4.4. Data Retrieval

Data retrieval is relatively simple in data warehouses and
link-driven integration systems. In the first case, the data
are accessed by using the database management system
(DBMS) that is managing the data warehouse. In the sec-
ond case, the records that need to be retrieved are indi-
cated by a direct link. For federated databases, data are
retrieved from the component databases by using a wrap-
per (also called the data driver). The wrapper construction
for component databases that are directly accessed
through their DBMSs is straightforward. DiscoveryLink
(48) simplifies issues related to data retrieval by requiring
that component databases be accessible through a well-
structured query language and that the returned data be
at a minimum formatted by using a relational table. How-
ever, most biological databases are only accessible through
a Web interface. Wrapper construction for these databases
is a complex task for two reasons. First, theWeb databases
use the query by example approach. That is, a query is
usually constructed by entering values in predefined data
fields rather than by using a query language such as
structural query language (SQL). Second, the returned
Web pages are often human readable and not meant to be

machine readable (i.e., not appropriately tagged for auto-
mated data extraction). Thus, locating and identifying
fields in the result pages is not trivial. The wrapper sys-
tem proposed in W4F (49) can be used to retrieve infor-
mation from both traditional databases as well as Web
databases. W4F consists of three layers: the retrieval
layer, the extraction layer, and the mapping layer. The
retrieval layer is responsible for retrieving HTML pages
from Web data sources. The extraction layer uses prede-
fined parsing rules to extract relevant data from the re-
turned pages. The mapping layer transforms the extracted
information into the target structure to be used by the in-
tegration system.

4.5. Result Assembly

The final step in the integration process is the assembly of
the result returned by the component databases (40). This
step is only necessary for federated databases. In a data
warehouse, the query result is generated in an integrated
form directly from the data warehouse. In the link-driven
approach, the records retrieved from the different da-
tabases are already coupled using links, and in most cases,
data conflicts and data redundancies are addressed in ad-
vance when these links are established. When a federated
databases system is used, the query result returned from
individual wrappers needs to be integrated. This step of-
fers an opportunity for resolving conflicting and redun-
dant data because it is often not possible to resolve these
data inconsistencies until the actual data have been re-
trieved from the component databases (27). Consider the
databases BRENDA (http://www.brenda.uni-koeln.de)
and EMP (http://emp.mcs.anl.gov). BRENDA, as men-
tioned, includes citations that are related to enzymes.
EMP also includes citations that are related to enzymes.
For example, a query on the Enzyme with EC number
1.1.1.1 generated 101 citations from BRENDA and 288 ci-
tations from EMP. These citations include duplicates. If
the two databases are integrated, duplicate citations,
which are query specific, have to be removed, and this
can only be performed during query execution.

Developing efficient techniques to resolve data conflicts
is the subject of active research. One possible approach to
addressing this issue is to associate a confidence level with
each dataset so that when two conflicting records from two
different databases are retrieved, the confidence level can
be used to select one record.

5. DATABASE INTEGRATION SYSTEMS

As mentioned, there are three different types of integra-
tion approaches: link driven, federated databases, and
data warehouses (Table 2). With the exception of GUS,
the data warehouse approach has not been widely adopted
in the biological research field. This section presents a re-
view of some integration systems that are based on the
first two types of integration approaches. The intent is not
to be comprehensive but to offer example systems for each
approach.

Entrez from NCBI uses the link-driven approach. It
integrates, among others, nucleotide sequence data, pro-
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tein sequence data, gene expression data, protein struc-
tures, protein domain information, genome maps, and lit-
erature (17). These component databases are stored by
using the ASN.1 format flat files. These component da-
tabases are derived from other databases. For example, as
described in Ref. 50, structure data are imported from
PDB. Once the data are retrieved from the source da-
tabase, it is validated and converted into the ASN.1 for-
mat. Links between different types of data (e.g., from
sequences to literatures, or from sequences to structures)
are established during this process. The neighbors is a
unique feature of Entrez. They are precomputed, and they
establish links among similar data of the same type, such
as similar sequences, or similar documents (17). For ex-
ample, sequence neighbors are established by using the
BLAST sequence alignment algorithm. The Entrez system
allows only one database to be searched at a time. How-
ever, when a query is issued against a database specified
by the user, the returned result includes the target records
from the specified database as well as links to their related
and neighbor records from the same or other databases
(51).

SRS (45) also uses the link-driven approach. It inte-
grates component databases in flat file format. The inte-
grated data includes, among others, nucleotide sequence,
protein sequence, protein 3-D structure, protein domain
information, and metabolic pathways. More than 100 SRS
servers are installed all over the world. The main server at
the European Bioinformatics Institute integrates more
than 130 databases and 10 applications (e.g., homology
search tools). SRS uses many indices to support the link-
driven approach. In this system, each database record in
any component database is processed separately as a col-
lection of data fields (52). An index is created for each data
field (data field index). This index classifies each record in
the database according to a set of keywords from a con-
trolled vocabulary. Each database will have one index per
data field. A different type of indices (link index) is used to
link individual databases. A link index is created for each
pair of databases that includes cross-references to each
other. These links are bidirectional. Databases that do not
directly reference each other can still be connected by tra-
versing links through intermediate databases. SRS has a
unique approach to addressing syntactic and semantic
heterogeneities. As mentioned, for a given database and
a given data field, each database record is classified by
using keywords from a controlled vocabulary. Therefore,

the set of keywords assigned to similar data fields should
overlap. SRS relies on this overlap to retrieve related re-
cords.

The remainder of this section presents example inte-
gration systems that are based on the federated databases
approach, which can be either loosely coupled or tightly
coupled. BioKleisli uses the loosely coupled federated da-
tabases approach. The CPL-Kleisli (43), the language used
in BioKleisli, can be used to query various databases in-
cluding relational databases, object-oriented databases,
and ASN.1 flat files. The system provides different wrap-
pers for different types of databases. Each wrapper en-
ables data retrieval from one type of database (44). The
results returned by the wrappers are expected to be in a
common data exchange format, which addresses data
model related heterogeneities. The component databases
are not transparent to the user. A multi-database query
includes explicit specifications of the target component
databases. Furthermore, the multi-database query also
includes explicit specifications of subqueries results as-
sembly. The task of resolving syntactic and semantic het-
erogeneities is left to the user, and it is handled on a
query-by-query basis. It is possible to add another layer to
BioKleisli that combines the component schema into a
global schema that will make the component databases
transparent to the user and yield a tightly coupled feder-
ated databases system. This addition was implemented in
K2/Kleisli (44) and TAMBIS. This latter tightly coupled
federated databases system is discussed below.

DiscoveryLink (48) is an example of a tightly coupled
federated databases system. The global schema in Discov-
eryLink uses the relational data model. DiscoveryLink
was designed to integrate heterogeneous databases, par-
ticularly databases from the biological and pharmaceuti-
cal domains. As in the case of BioKleisli, the system
includes various wrappers in which each wrapper enables
data retrieval from one type of database (e.g., relational
databases and flat text files). These wrappers do not in-
clude database-specific information, such as data field
names, and therefore each wrapper can be used in con-
junction with several databases of the same type. The local
schema of each component database is mapped onto the
component schema that is expressed by using the rela-
tional data model. This mapping addresses the data
model-related heterogeneity. Syntactic heterogeneities
can be addressed in DiscoveryLink by defining a transla-
tion table that includes the relationships among the at-

Table 2. Multiple Approaches to the Integration of Biological Databases

Data Warehousing Link-driven Approach Federated Database

Remote data copied to local server Links information between databases Builds a homogenizing layer on top of dif-
ferent sources

* Sufficient for integration of low
number of databases

* Requires a deep understanding of
data schema

* Lacks scalability

* Links are static and often unidirectional
* Links may not exist between related data
* Links limit the scope of queries
* Poor scalability

* Uses semantic relationships of the data
* Supports complex queries
* Low maintenance
* Good scalability
* Complex design

GUS Entrez, SRS BioKleisli, DiscoveryLink, TAMBIS,
BACIIS
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tributes in different databases. Semantic heterogeneities
are not addressed in DiscoveryLink.

To resolve semantic heterogeneity, in particular for
tightly coupled federated databases, ontologies have re-
cently emerged as an efficient framework for capturing
biological knowledge (53,42). Comprehensive reviews on
ontology-based knowledge representation in biological ap-
plications are provided in Refs. 54 and 55. An ontology is a
formal description of the concepts and entities in a given
domain. A core part of the ontology is a vocabulary of
terms and their meaning (54). An ontology is ideally
suited for resolving both syntactic and semantic varia-
tions in the biological domain. Semantic variations can be
resolved by expressing the concepts in an ontology at dif-
ferent degrees of granularity (27). Furthermore, by ex-
pressing the relationships among the various concepts,
the ontology organizes the concepts in a structured way,
thus reducing the number of possible interpretations of
these concepts (54). The ontology can also be comple-
mented with a dictionary of synonyms to resolve syntac-
tic variations.

An example ontology that may see widespread use in
databases is the gene ontology (GO) (56). GO is a con-
trolled vocabulary that consists of three hierarchies de-
scribing molecular function, cellular component, and
biological process. The terms in GO can be used as attri-
butes of gene products by collaborating databases, thus
facilitating uniform query formulation across multiple da-
tabases. Currently, databases such as SWISS-PROT, the
MGD, the Rat Genome Database, and FlyBase (database
for the Drosophila melanogaster), have already adopted
GO or have created terminology indices that are based on
GO terms.

TAMBIS is an integration system that is built on top of
BioKleisli. It extends BioKleisli by also resolving semantic
heterogeneities. In TAMBIS, component database-specific
collection programming language (CPL) queries are
mapped onto a global schema. An ontology is used as the
global schema. This ontology is also used for query con-
struction and query validation. The ontology used in
TAMBIS includes domain knowledge and allows the query
to be expressed by the user without any knowledge of the
underlying component databases.

BACIIS (53) is another example of a tightly coupled
federated databases system, which is based on a mediator-
wrapper architecture. Like TAMBIS, BACIIS uses an on-
tology for a global schema. In BACIIS, the component
schema, which describes each component database, uses
the concepts defined in the ontology. This approach iso-
lates the ontology from the impact of changes to the com-
ponent databases.

6. SUMMARY

The number of biomedical databases has been growing at
a fast pace. These databases represent a valuable resource
that is used by scientists on a daily basis for the discovery
of new knowledge and for the validation of information.
Scientists may have to access several of these databases in
the course of a single study. This task is made difficult be-

cause the databases are heterogeneous, autonomous, and
distributed. Additionally, automated integrated access to
the databases can be a challenge because accessibility is
often only offered through a human-readable rather than
a machine-readable Web interface.

To address these issues, several approaches and sys-
tems have been proposed. These systems either use a fed-
erated, data warehouse, or link-driven approach. They
differ in the way and the level at which they address syn-
tactic, semantic, schematic, and data model-related het-
erogeneities.

Continued research effort in the area is needed to pro-
vide scientists with flexible integration systems that can
answer multi-database queries and make the heterogene-
ities of the component databases transparent to the user.
Specifically, XML standards for the delivery of query re-
sults have to be developed and adopted by the community
databases. These standards can facilitate wrapper induc-
tion (i.e., the automated wrapper creation process). In ad-
dition, the confidence in the quality of the data has to be
explicitly defined in the databases by using a unified met-
ric. Finally, the need for adopting a common ontology or a
controlled vocabulary is critical to the efficient integration
of the distributed biological databases.
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BIOLOGICAL NEURAL CONTROL
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Neural control refers to the manipulation of inputs to par-
ticular structures of the nervous system to cause desirable
output behavior. There are two kinds of neural control
mechanisms, namely, closed loop and open loop. As an ex-
ample of the former, the hypothalamus receives sensory
information from the body to control its temperature. If
the environmental temperature rises, then the hypothal-
amus makes the skin sweat to cool the body. This temper-
ature control is called closed loop, because after the output
behavior is modified, new sensory data are taken to see
whether the output behavior should be increased or re-
duced. Hence, closed-loop neural control depends on feed-
back information about the effects of output behavior. In
contrast, the nervous system can sometimes perform
open-loop control. This form of control does not rely on
feedback to correct erroneous outputs, and thus, the ner-
vous system must rely on knowledge of system behavior to
compute its output. Therefore, open-loop neural control
requires accurate models of the system. Although such
control can be less precise, it has the advantage of speed,
because it does not require feedback for computations.
One example of open-loop neural control occurs in the first
100 ms of the eye trying to do smooth pursuit of a target in
the visual field. This period of pursuit is open loop, be-
cause no visual feedback is available because of the delays
in the visual system. Thereafter, visual feedback (and
other sources of information) is available to close the
loop, which improves performance.

The first section shows that open-loop and, especially,
closed-loop mechanisms of control are pervasive in the
nervous system. Then, the section on general principles of
neural control distills these examples into a small set of
theoretical principles. These principles are applicable to
both biological and artificial forms of neural control, which
is important because in many modern circles, neural con-
trol refers only to applications with artificial neural net-
works. Although this article focuses on biological aspects
of neural control, the principles learned in the general-
principles section straddle the boundary to artificial ap-
plications. Finally, the last four sections illustrate these
principles in computational detail for four different neural
systems.

1. CONTROL MECHANISMS IN THE NERVOUS SYSTEM

In this section, we illustrate closed-loop and open-loop
control mechanisms in the nervous system. We do it
through a few examples, but many others exist, such as
mechanisms for development of sensory and motor func-
tions (1), and for attention and context in sensory systems
(2). However, for the sake of brevity, we will focus here on
seven examples:

1. Action potentials. Action potentials are all-or-none
voltage events that transmit information between
distant neurons. The firing of an action potential is
controlled in closed loops by negative and positive
feedback. All cells have a resting potential (polar-
ization in their membrane). However, only neurons
and muscle cells can fire or signal through action
potentials. The resting potential in the membrane of
the cell is maintained by Naþ , Kþ , and Cl� chan-
nels (membrane proteins), and by a Naþ and Kþ

pump (an energy-consuming protein). When depo-
larization occurs (the intracellular potential be-
comes more positive), Naþ channels open, which
allows an inward current into the cell. This current
produces more depolarization, which causes even
more channels to open and, thus, more inward cur-
rent to flow. This positive feedback cycle is what
makes the membrane potential reach the action-po-
tential peak. In turn, the delayed opening of Kþ

channels mediates a negative feedback. Their effec-
tive closed-loop control is shown in Fig. 1. The out-
ward current that takes place when Kþ channels
open makes the cell repolarize and the action poten-
tial end (2).

2. Sensory Adaptation. This is an example of a closed-
loop control. In an important case of this example,
the gain of sensory systems adapts according to the
mean intensity of the input signals (3). Other known
cases include adaptation of spatial and temporal
properties of sensory processing (4). Sensory neu-
rons have different adaptation rates and respond
differently depending on their function. Slowly
adapting neurons respond to prolonged and constant
stimuli. These types of neuron respond strongly at
the initiation of the stimulus, but if the stimulus is
continued, then they reduce the amount of response
and maintain a steady state until the stimulus is
stopped. This decrease in response is called adapta-

Na+

channels

K+

channels

Membrane
voltage

gNa+

increases

gK+

increases

Depolarizing
current

Synaptic
input

Repolarizing
current

+

−
Action

potential

Figure 1. Positive and negative feedbacks mediate action poten-
tials in neurons. Red and blue lines represent positive and neg-
ative effects, respectively. An excitatory (synaptic) input causes
the membrane voltage to become more positive, which causes Na
þ channels to open, increasing the Naþ conductance (gNa), which
in turn, because there is an excess of Naþ in the extracellular
space, depolarizes the neuron. The depolarization of the mem-
brane potential has the opposite effect through Kþ channels.
They open (with a delay), increasing Kþ conductance (gK), but
because there is an excess of Kþ in the intracellular space, the K
þ current is outward.
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tion. In contrast, rapidly adapting neurons sense
things like velocity and acceleration of the stimulus.
These neurons respond at the beginning and at the
end of the stimulus, but they cease to respond dur-
ing a constant stimulus.

The receptors in the visual system provide an il-
lustration of how gain control occurs, by adapting
slowly to conditions of dark or light. The response of
the photoreceptors is determined by the intensity of
the input light. Light triggers an enzymatic cascade,
which causes the level of cyclic guanosine mono-
phosphate (cGMP) to fall. When this process hap-
pens, cGMP-gated channels in the photoreceptor’s
membrane close, which stops the influx of both Naþ

and Ca2þ . The photoreceptor then hyperpolarizes
(becomes more negative). During light adaptation,
the photoreceptors slowly depolarize to a steady-
state potential by reopening of cGMP-gated chan-
nels. These changes in the photoreceptor take place
because of a decrease in internal Ca2þ concentra-
tion, which affects the function of different enzymes
in the phototransduction cascade. In contrast, dur-
ing dark adaptation, the opposite process occurs (2).

Adaptation can occur at different levels of process-
ing. For instance, in the case of the visual system,
adaptation also happens at the level of the cortex
(see References 5–8, among other places). One ex-
ample of adaptation in the visual cortex occurs when
a subject sees a grating with high contrast. The ini-
tial contrast threshold is measured before the per-
son is exposed to this grating. When one measures
the threshold of contrast again after approximately
1 min of adaptation, the threshold value is higher. It
takes tens of seconds for the subject to readapt again
to low contrast images and go back to its previous
threshold levels of detection (9). A more detailed ex-

ample of sensory adaptation appears in the section
5.

3. Motor Systems. These systems mediate reflexes, lo-
comotion, and eye movements among other things.
Motor systems are controlled in open and closed
loops. We already discussed how smooth-pursuit
eye movements occur in both open- and closed-loop
modes. Another example of a motor closed-loop con-
trol is the pupillary reflex. The size of the pupil is
regulated by the hypothalamus according to the
amount of light available. In the dark, the size of
the pupil increases reflexively to allow more light in,
whereas at high illumination, the pupil’s size de-
creases to reduce the amount of light that enters the
eye.

Figure 2a provides a general schematic view of the
locomotion system. Central pattern generators
maintain the rhythmic movements that produce
the locomotion (e.g., as in walking or swimming).
(A simple generator that has been widely studied is
the one used in the lamprey’s swimming. This ex-
ample will be discussed in detail in the section 4.) In
humans, the locomotion pattern generator is in the
spinal cord, which controls the extension and flexion
of the limbs. To initiate the movement and to regu-
late the speed of the locomotion, descending (feed-
forward) signals are necessary to gate the generator.
Initially, then, locomotion is regulated in an open-
loop control (the early descending signals). Later,
sensory feedback is necessary to update the locomo-
tion according to changes in the terrain and obsta-
cles that can be encountered, which gives rise to the
closed-loop control. Three types of sensory informa-
tion are used to regulate stepping. First, inputs from
the vestibular system in the ear control balance.
Second, visual inputs provide information about the
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signals

Pattern generator

Patterning
network

interneurons

Rhythm
generator

Motor
neurons

Motor
pattern

Afferent
signals

(a)

(b)

Brainstem
nuclei
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MLR
MRF

Visual
cortex

Adjustment

Activation
Visual

guidanceVisual
signals

Motor
cortex
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signals

Spinocerebellar
pathways

Afferent
signals

Spinal
LimbsLocomotor

system
Figure 2. Locomotion system. (a) The general
strategy of locomotion. (b) Neurobiological de-
tails of the mammalian locomotion system.
MLR is the mesencephalic locomotor region,
and MRF is the medial reticular formation.
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path and obstacles. Third, somatosensory inputs
from receptors of the muscle and skin inform about
the motion and about deformations of the terrain.
These somatosensory receptors are classified as
proprioceptors and exteroceptors. Exteroreceptors,
as the name indicates, adjust stepping to external
stimuli and are located in the skin. Input from prop-
rioceptors participates in the regulation of the auto-
matic stepping and is located in muscles and joints
(2).

Figure 2b shows with more detail where descend-
ing and afferent (sensory) signals come from, go to,
and interact in mammals. Because accurate visual
information is necessary for locomotion, the vest-
ibulo-ocular reflex allows eye movements to update
for the position of the body. The vestibular system
has another important role in humans. Locomotion
in humans has similarities with locomotion in other
mammals, but because humans are bipedal, their
locomotion requires special maturation of the bal-
ance control by the vestibular system. In turn, the
cerebellum has various control schemes to maintain
a steady locomotion rhythm. The cerebellum com-
pares internal feedback signals of the intended
movement with feedback signals of the actual move-
ment (sensory information). When the movement is
different from the intended movement, the cerebel-
lum generates corrective signals. These signals are
feedforward or are anticipatory and sent to the
brainstem and cerebral cortex. The role of the lat-
ter is to plan the movement.

4. Regulation of Body Temperature. We already men-
tioned a role for the hypothalamus in the control of
pupillary reflex. This organ also contributes to the
regulation of body temperature, in a clear example
of a closed-loop control. There is a set point for the
internal body temperature (371C). Information
about the external temperature is given by thermo-
receptors in the skin. Different sensors respond to
either cold or hot external temperatures. When the
external temperature rises about the set point,
sweat starts (dissipation) and heat production re-
duces to maintain the internal body temperature.
When the external temperature decreases, the body
starts shivering (muscle contractions) and heat-pro-
duction increases. The hypothalamus directs these
temperature-controlling actions. Fever occurs when
the temperature set point has been changed to a
higher value and the body tries to maintain the tem-
perature at this new value (10).

5. Regulation of Body Weight. Early theories for body-
weight control defined a control loop similar to what
was described for the control of body temperature.
These theories had just one set point and one closed-
loop control from the hypothalamus. However, the
hypothalamus receives input from different sources
to regulate body weight and food intake. Moreover,
the forebrain and the hindbrain are involved in con-
trolling these two processes. Hence, body weight is
regulated by several closed-loop control mecha-

nisms. Different factors provide positive- and nega-
tive-feedback controls to maintain energy balance
and metabolic fluxes. Therefore, different steady
states can be set depending on life cycle, lactation,
and body rhythms, which means that there might be
different body-weight and body-fat set points. Be-
tween steady states, periods of non-steady states can
occur in which the body weight fluctuates. Two main
hormones are involved in the regulation of body
weight, namely, leptin and ghrelin. Other metabolic
signals contribute to body-weight regulation, but
these two are the main ones. These hormones inter-
act with the hypothalamus and brainstem to main-
tain a particular steady state of energy balance and
food intake. It is when there is overstimulation or
understimulation of these pathways that eating dis-
orders take place (obesity or anorexia, for example).
The presence of leptin signals indicates that there is
abundant energy, whereas the presence of ghrelin
indicates an insufficiency, consequently, requiring
eating. The pathways of both hormones arrive to
several receptors in the hypothalamus, mainly in
the dorsomedial hypothalamic nucleus (DMN)
(10,11).

6. Learning. A closed-loop control takes place for learn-
ing, as will be shown in more detail in the section 6.
The process of learning is part of the fine-tuning of
synaptic connections between neurons that takes
place after development. A connection that performs
such fine-tuning is called a Hebbian synapse (12). It
has an adaptive process, in which synaptic gain var-
ies according to the presynaptic input and to the re-
sults sensed from actions taken (e.g., the
postsynaptic potential), that is, from feedback.
These synaptic modulations can last for a short pe-
riod, short-term memory, or be long lasting, long-
term memory. Then, different types of learning give
rise to different types of memory. One simple case in
which feedback helps is in associative learning. An
example of associative learning is when an animal is
in a cage with a lever at one wall. After activating
the lever, the result of this action is receiving food.
Receiving the food serves as reinforcement, so the
animal learns to associate the lever with food. This
example is also called trial-and-error learning (2).

7. Control of Neuron Number in Development. Neural
development has many forms of control processes,
some using the Hebbian mechanisms described for
learning (13). Here, we illustrate a different kind of
developmental control. The amount of neurons that
form during development is a controlled process.
This process is determined by a previous program
stored in the genetic information of each species and
by feedback from target cells connected with the
neurons. At different stages of the development, dif-
ferent types of neurons develop. Neurons form from
ectodermic cells, which after being recruited, start
acquiring differentiated properties aided by signal-
ing from neighboring cells (inducing factors), with
some cells becoming neurons and others becoming
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glia. Neurons then start migrating to different zones
in the developing embryo, depending on their future
function or fate, and they start forming connections
with target cells. Several neurons are genetically
preprogrammed to die at a certain moment of devel-
opment, a process known as programmed cell death.
Almost half of the neurons initially generated are
lost through this process. This way, the number of
final neurons is controlled in an open-loop control.
The survival of neurons is also regulated by a closed-
loop control given by feedback from target cells and
from the environment. Target cells secrete a variety
of neurotrophic factors, and elimination or augmen-
tation of these factors activates neuronal death. For
example, immediately after innervation, retinal
ganglion cells become dependent on neurotrophins
for their survival (2,14).

2. GENERAL PRINCIPLES OF NEURAL CONTROL THEORY

Although the systems described in the preceding section
are from different areas of the nervous system, their func-
tions share a few basic control principles. In control the-
ory, the process to be controlled is called the plant. For
instance, in the hypothalamic control of temperature
through sweat, the plant is the set of sweat glands and
their sympathetic innervation. The plant typically in-
cludes actuators, which are devices whose manipulation
achieves control objectives. In the case of the nervous sys-
tem, these devices are neural hormones or synapses from
the innervation. Moreover, a neural-control system in-
cludes the controller, which is a device that drives the ac-
tuators. In the temperature-control system, for instance,
the controller is the hypothalamus, which sets the control
parameters with its neural networks. Neural networks
are collections of interacting neurons that perform com-
putations collectively (see the section 4). Many computa-
tional models of neural networks exist, some being
biologically realistic and others more artificial. Besides
neural networks, the nervous system can perform control
by chemical means. Manipulations of enzymatic cascades
or of ionic channels in membranes can control the re-
sponses of individual cells (see the section 3). Finally, neu-
ral-control systems require sensors if implementing
closed-loop computations. These sensors may be organs
providing information about external (e.g., visual, see the
section 5) or internal (e.g., blood pressure) variables of the
body. The sensors may also be neural networks performing
error-correction calculations.

A major mechanism in many neural networks is that
their neurons have synapses whose weights can change to
perform learning tasks (as illustrated in the preceding
section). Therefore, many models of learning are of the
neural-network kind (see the section 6). However, because
learning involves obtaining skills from different, unex-
pected examples, it is a statistical process. Many models of
learning are thus, statistical, involving concepts of Bayes-
ian probability (see the section 5). As we discuss in the
section 6, there is a deep relationship between statistical
and neural-network models of learning.

An important concept in learning and other neural
closed-loop control models is stability. If the feedback is
too sluggish and the actuator is too strong, then by the
time the sensors report an error, it may be large. The ac-
tuator then compensates the plant vigorously, but before
the sensors report that the system arrived to the desired
point, the plant may overshoot this point by much. If these
delayed overcompensations continue, then the system os-
cillates wildly. However, if the actuator is weakened or the
delay is reduced, then the oscillations are terminated and
the desired point is reached. Hence, the behavior of the
system, stable or oscillatory, depends on its parameters. It
turns out that one can classify the possible behaviors into
four groups (see the section 4). In the behavior called the
stable fixed point, the neural control brings the system to
a single value and small perturbations of the system by
noise do not cause the system to change much. For exam-
ple, this is the situation in thalamic control of tempera-
ture, which remains relatively fixed over time. Another
neural form of stable situation occurs in certain kinds of
oscillation. These oscillations converge to a stable limit
cycle; that is, the system’s frequency is robust against
noise. An example of stable limit cycles occurs in locomo-
tion, as when one walks at a steady pace. In contrast, to
those stable states of neural control, certain parameters of
the nervous system can cause unstable fixed points and
limit cycles. For instance, an overly strong synaptic con-
nection may cause instability. However, although unstable
fixed points and limit cycles have theoretical interest, they
are unobservable, as noise destroys them.

Until now in this section, we have emphasized theoret-
ical concepts that are common to all neural-control sys-
tems. However, some differences also exist, and it is thus
interesting to classify these control systems into a few
major groups. Here, we follow the Suykens and Bersini
classification and identify four main neural-control strat-
egies (15,16).

1. Neural Adaptive Control. In adaptive control, the
neural controller is trained for instance to track spe-
cific reference inputs (see the section 5). The system
does this in indirect adaptive control by deriving a
neural network or statistical model online from in-
put–output measurements on the plant (Figure 3a).
To model this derivation, one may use a cost function
based on the model and the controller. (A cost func-
tion measures how much the system pays for mak-
ing particular errors in the task.) Alternatively, in
direct adaptive control, one may define the cost func-
tion with respect to the real plant, instead of based
on a model. The system adapts the controller over
time.

2. Learning Control. This control process maps situa-
tions to actions to maximize a scalar reward called a
reinforcement signal (see the section 6). In super-
vised learning, the reinforcement controller is re-
warded or punished by a supervising element (a
strong version of the critic in Fig. 3b) through sev-
eral trials on the systems. The supervisor may pro-
vide different types of information, from the exact
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state of the input to just whether the system’s deci-
sion is correct. In all these cases, the system may
control the plant directly without modeling it (17).
Inspection of Fig. 3a and b shows that there is a tight
relationship between learning and adaptive control.
They are related closed-loop neural-control strate-
gies.

3. Neural Optimal Control. Classic optimal-control
theory deals with nonlinear dynamical systems
(that is, nonlinear systems of differential equations)
(18–20). In optimal control, one time-dependent
variable is at the control of the system. The choice
of this variable minimizes a cost function. For ex-
ample, early, fast eye movements follow nonlinear
dynamical equations of motion (21). Because the
goal of the movements is to track as closely as pos-
sible moving targets in scenes, one can formulate a
cost function in terms of tracking error. Conse-
quently, early, fast eye movements can fall in the
category of optimal control, because they are non-
linear and must minimize a cost function. Neural
optimal control is a variation of classic optimal-con-
trol strategies (22) in which neural networks or re-
lated statistical-learning techniques are black-box
neural-controller models. The system performs the

optimization by setting the free parameters of the
controller. Because the system does not apply ex-
plicit feedback, neural optimal control is useful in
open-loop situations.

4. Model-Predictive Control. This is a control strategy
based on solving an online optimal-control problem.
A receding-horizon approach is used for this form of
control. In this approach, one solves an open-loop,
optimal-control problem for the current state of the
system over some future interval (the time horizon).
One then uses this solution to try to control the sys-
tem toward the desired solution at a short interval
later. The procedure is repeated over time, with the
new states of the system as initial conditions. Con-
sequently, different from simple optimal control, not
only are the plant and the controller in a closed loop
but also is the input to the controller. In neural
model-predictive control, one makes explicit use of
neural-network or equivalent statistical models in
the control scheme (Fig. 3c). The control signal of the
controller is determined from predictions of the neu-
ral-network model for the plant over a given time
horizon. The Kalman filter approach in the section 6
is an illustration of model-predictive control.

(a)

(b)

(c)

Neural
controller Plant

x
u y

x
u

Model
reference

Optimization

Plant
y

Controller

r
v

M
ŷ

Plant

x

u y

Critic

Evaluation
signal

Reinforcement
learning
controller

Figure 3. Three neural control strategies. (a) Neural adaptive control. This is a form of neural
closed-loop control. The controller compares the external input x with the plant’s output y to gen-
erate the actuator signal u. (b) Reinforcement learning control. Reinforcement learning begins
with a scheme identical to adaptive control but adds a critic. The critic compares the input with the
plant’s output to send an evaluation signal to the controller. (c) Model-predictive control. This form
of control also begins with the scheme of adaptive control. However, corrections to the controller,
which is a neural network (or a statistical system), do not come from a supervisor but from a model.
This model receives the external input and feeds an output r onto an optimization processor. In
turn, this processor sends its output v to a neural network (or a statistical system) M. M adjusts its
computations to send a prediction ŷ of the plant’s output back to the optimization processor. With
this feedback loop, the system computes the optimal value of this prediction and then sends it to
the controller. The prediction is valid only for a short time into the future (the time horizon).

BIOLOGICAL NEURAL CONTROL 5



3. DETAILED EXAMPLE 1: SINGLE-NEURON FIRING

As seen in example 1 of the section on control mechanisms
in the nervous system, a closed loop governed by a chain
reaction of different ionic channels can control a neuron’s
membrane voltage. They are activated or inactivated at
different levels of voltage, and the resulting currents de-
pend on ion concentrations inside and outside the cell.
Furthermore, a neuron’s membrane voltage is controlled
by chemical means (ligands and neurotransmitters). Be-
sides the basic Naþ and Kþ channels that participate in
the maintenance of the membrane resting potential and in
the generation of all-or-none single action potentials, neu-
rons contain a large variety of ion channels (23). They
have different properties and appear in different concen-
trations depending on the site on the cell. One can model a
patch of cell membrane as an equivalent electrical circuit.
In this model, conductances with associated batteries rep-
resent the ionic channels. This model also includes a mem-
brane capacitance and the Naþ -Kþ pump modeled as a
current flow. The full equivalent circuit of a cell’s mem-
brane considers different ion channels as shown in Fig. 4.
Currents and conductances of Kþ , Naþ , and Ca2þ chan-
nels change according to ion concentrations, voltage lev-
els, and neurotransmitters. Normally, the Cl�

conductance is not variable as can be seen in the figure.
However, some neurons also have voltage-gated Cl� chan-
nels.

The equations that describe the currents that flow
through each of these channels are

Ik¼ gkðVm � EkÞ; ð1Þ

INa¼ gNaðVm � ENaÞ; ð2Þ

ICa¼ gCaðVm � ECaÞ; ð3Þ

and

ICl¼ gClðVm � EClÞ: ð4Þ

The different ion channels and different concentrations
allow different types of firing to take place depending on
the function of the neuron. Each basic type of ion channel
has variants. They differ in the speed of activation, volt-
age-activation range, and sensitivity to various ligands
(23). In addition, many neurons have channels that are
significantly permeable to either both Naþ and Kþ or
both Naþ and Ca2þ , and they activate slowly by hyper-
polarization (negative voltage). There are at least four

types of voltage-activated Kþ channels. And two or more
types of Naþ voltage-activated channels exist in the ner-
vous system. Most neurons have voltage-gated Ca2þ

channels, and there are at least five subtypes of them.
To expand, we now consider different types of Kþ chan-
nels. The delayed rectifier, the anomalous rectifier, and
the A channel are potassium channels that are voltage
activated. The delayed rectifier is activated by the depo-
larization caused by an action potential and is responsible
for the repolarization in the action potential as explained
in example 1 of the section on control systems in the ner-
vous system. The anomalous rectifier is activated by
hyperpolarization, and as a result, a small outward po-
tassium current is produced. Activation of the A channel
requires prior hyperpolarization and then depolarization.
There are also messenger-modulated Kþ channels (M and
S channels), which are activated by depolarization and are
closed by different substances (peptides or serotonin, for
example).

There are also Ca2þ - and Naþ -activated channels,
which open when the intracellular concentrations of these
ions rise. In the case of Ca2þ -activated channels, different
subtypes exhibit different values of conductances. Calcium
concentration of a resting cell is extremely low. Hence, the
flux of Ca2þ through voltage-gated channels can increase
this concentration significantly and modulate the opening
and closing of other channels. It can enhance the proba-
bility of opening of Ca2þ -activated Kþ channels. It can
also inactivate Ca2þ channels that are sensitive to intra-
cellular concentration of Ca2þ . Calcium influx in a cell can
have then two opposing effects, repolarization or genera-
tive depolarization. Depolarization can be accomplished
by the positive charge that Ca2þ carries into the cell,
which can mediate in some cases the firing of slow action
potentials. Repolarization occurs because of the opening of
Kþ channels and the closing of Ca2þ channels, both of
which create a net outward current.

The existence of many types of channels is responsible
for a wide variety of types of firing. One of the most prev-
alent is repetitive firing (Fig. 5a). It can take place in neu-
rons of different parts of the nervous system by constant
depolarization. However, by holding the membrane poten-
tial at different values, different firing patterns can take
place in the same cell. Moreover, neurotransmitters may
mediate different firing patterns. An example of how the
response of a neuron can be controlled by an external in-
put that changes the membrane voltage is a neuron from
the nucleus tractus solitarius. An injection of a depolariz-
ing (excitatory) current triggers an immediate train of ac-
tion potentials, when one initially holds the membrane
potential at the resting voltage. However, a delay in the
spike train can occur when one first holds the cell at a
hyperpolarized membrane potential as shown in Fig. 5a,
which allows A-type Kþ channels that are normally inac-
tive at the resting potential to be activated by the applied
depolarization current. These channels generate a tran-
sient outward current that drives the voltage away from
threshold. Because of the transient current, the neuron
reaches the threshold needed for firing later.

Another example of firing modulated by hyperpolariza-
tion occurs in thalamic neurons. Depolarizing a cell from

gK gCl

EK ECl

lK lCl

gCa

ECa

lCa

gNa

ENa

lNa

+
− +

− +
−

+
−

Na
+
-K

+

Pump
Cm Vm− −

+ +

Figure 4. Example of an equivalent electrical circuit model of a
patch of neural membrane.
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the resting potential results in tonic, steady firing. How-
ever, if before the depolarization, one hyperpolarizes the
cell, then one triggers a transient burst of action poten-
tials. The hyperpolarization causes voltage-gated Ca2þ

channels to recover from inactivation. These channels
produce a long Ca2þ action potential in which the normal
Naþ action potentials ride (Fig. 5b). (The system natu-
rally produces the hyperpolarization in both this and the
preceding example by an inhibitory synaptic input, that is,
by negative feedback.)

Neurotransmitters can sometimes alter the firing of a
neuron in response to input stimuli. Therefore, in effect,
these transmitters can mediate positive or negative feed-
back on how action potentials take place (2). Examples of
this type of feedback control are the firing patterns of
sympathetic ganglion cells and of hippocampus pyramidal
neurons. Both types of cells are regulated by neurotrans-
mitters. In the case of sympathetic ganglion cells, the ne-
urotransmitter acetylcholine (ACh) closes M-type Kþ

channels that normally activate with depolarization.
This closure allows the neuron to fire several action po-
tentials in response to the same stimulus as shown in Fig.
5c. Without the action of ACh, the neuron fires a single
action potential in response to a stimulus, because the
outward current provided by the Kþ channels prevents
additional firing. In the case of hippocampus pyramidal
neurons, which are important in short-term memory, the
neurotransmitter norepinephrine modulates Ca2þ -acti-
vated Kþ channels. This modulation allows the neuron
to fire more action potentials, without changing the rest-
ing potential of the cell (2,24).

Neurons in these examples receive excitatory input to
fire action potentials. Other neurons can fire even without
a synaptic input. These neurons fire spontaneously differ-
ent patterns of brief bursts of action potentials. The ac-
tivity of these types of neurons is controlled by chain
activation of ionic channels. For instance, a thalamocorti-
cal relay neuron produces multiple bursts of action poten-
tials through three types of voltage-gated ion channels.
These channels activate and deactivate by receiving feed-
back from the voltage in the cell, which maintains the cy-
cle of bursts. Channels called H-type activate during
hyperpolarization, which enable an inward current and
lead to a gradual depolarization. Then, voltage-gated Ca2

þ channels that open at low levels of depolarization acti-

vate, which allows a faster inward current. This current
generates the necessary depolarization for voltage-gated
Naþ channels to open and cause the burst of action po-
tentials. The H-type channels close during the bursts be-
cause of the high depolarization, and the calcium channels
inactivate, which allows Kþ -dependent hyperpolarization
to take place. After the hyperpolarization takes place, H-
type channels can be activated again to restart the process
as shown in Fig. 6a.

Other cells that do not need excitatory inputs to fire
trains of action potentials are pacemaker cells. For in-
stance, pacemaker cells in the heart rhythmically fire ac-
tion potentials without a synaptic input. However,
although this is an autonomous system, synapses control
the frequency of pacemaker firing. This way, the frequency
of the beating of the heart can be controlled according to
the needs of the body (25). Figure 6b illustrates how a
closed-loop system controls the firing frequency of the
pacemaker cells. According to the state of the body (rest,
exercising, or running for example), the heart should be
beating at a certain frequency. The autonomous nervous
system sends neurotransmitters to increase or decrease
the frequency of the firing of action potentials of the pace-
maker cells. The pacemaker cells or the whole system act
as the plant. The heart beating frequency is adjusted then,
and the new value is sent to the autonomous nervous sys-
tem to see if more adjustment is needed.

4. DETAILED EXAMPLE 2: LOCOMOTION

As shown in the section on control mechanisms in the
nervous system, locomotion is a rhythmic motor activity. It
is generated by a central pattern generator (26). Modeling
of mammalian locomotion generally involves many neu-
rons. In contrast, invertebrates or primitive vertebrates,
where structures are well known, allow simpler modeling
of central-pattern generators. Such models consider a rep-
resentative of each type of neuron involved in the control
of the motion (27), as in the example that we will discuss
in this section.

One example of locomotion that has been widely stud-
ied in vertebrates is the swimming pattern of the lamprey.
Its motor generator is a bilateral ipsilateral (same side)
system. The lamprey swims by alternating activation of
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Figure 5. Examples of responses of different
neurons to the same depolarizing current when
other signals are present (hyperpolarization or
neurotransmitters). (a) Example based on a neu-
ron from the nucleus tractus solitarius, where
hyperpolarization delays firing. (b) Example
based on a thalamic neuron, where hyperpolar-
ization causes bursts of action potentials. (c) Ex-
ample based on sympathetic ganglion cells or
hippocampal pyramidal neurons, where neuro-
transmitters increase firing.
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motor neurons on the two sides of the body. Figure 7a
shows the neural-network elements that control the
rhythmic locomotion present in a segment of each side of
the lamprey’s body. The complete body has several seg-
ments, each with its given phase lag necessary for un-
dulatory swimming (28). On each side of a segment’s
network, there are excitatory interneurons (E) that pro-
vide ipsilateral excitatory input. Furthermore, there are
two classes of inhibitory interneurons (L and C). The C
interneurons inhibit the contralateral (other side) E, C,
and L neurons, to ensure that when one side of the net-
work is active, the muscles on the other side are inactive.
These types of interneurons crossing the midline of the
spinal cord are necessary to maintain the left–right coor-
dination of the locomotion. The E and C interneurons pro-
vide input to the motor neurons (M). The L neurons
inhibit the C neurons in the same side, removing the in-
hibition to the contralateral side of the network, which
thus allows that side of the segment to become active.
Connections from the reticulospinal (R) neurons in the
brainstem provide feedforward excitatory input to neu-
rons on the same side of the central pattern generator
unit. The reticulospinal system is the main pathway be-
tween the brain and the spinal cord. This pathway par-
ticipates in the control of the speed of the lamprey’s
locomotion.

Sensory feedback is not as relevant in the lamprey as in
other animals, except in the case of swimming in cross
current. Then sensory feedback is necessary to counteract
the effects of the current. A schematic representation of
this locomotion system including the sensory feedback is
shown in Fig. 7b.

Jung et al. discussed a network model that simulates
the dynamic behavior of the swimming pattern of the lam-
prey (29). This model defined a unit pattern generator
(uPG) composed by interneurons E, L, and C (Fig. 7a).
Moreover, the model posited interactions with the ret-
icular system defined by neurons R as shown in Fig. 7a.
Each neuron was defined with basic properties as a living
neuron and was assumed to receive tonic synaptic drive

and weighted input from other connecting neurons. The
output function of each neuron as a function of voltage was
a static sigmoidal function, with points of threshold and
saturation. A set of initial parameter values according to
findings of previous studies was used for the analysis of
the behavior of this neural network. The Jung et al. study
investigated the effects of changing the tonic drives to dif-
ferent neurons of the uPG (29). They also probed varia-
tions of the inhibitory and excitatory interconnection
strengths among these neurons. Finally, they investigated
the effects of varying feedforward and feedback intercon-
nection strengths between uPG and R neurons.

The mathematical formulation of the Jung et al. model
begins with each neuron having a potential that is a func-
tion of the resting conductance and of synapses received
from other neurons (29). The time derivative of this mem-
brane potential is given by

dvi
dt
¼Gi

RðV
i
R � viÞþGi

TðV
i
T � viÞ þ

X

j

GjihðvjÞðV
j
syn

� viÞ; ð5Þ

where the index i labels the ith neuron, vi is the potential,
Gi

R is the resting conductance, Vi
R is the resting potential,

Gi
T is the tonic excitatory synaptic conductance, Vi

T is its
reversal potential, Gji is the maximal synaptic conduc-
tance (connection strength) from neuron j to neuron i, Vj

syn

is the corresponding synaptic reversal potential, and h is a
sigmoidal function of potential. According to h, when a
neuron’s potential is higher than the threshold, the neu-
ron affects neurons connected to it. The neuron’s output is
given by

hðvÞ¼

�20v7þ 70v6 � 84v5þ35v4 for0�v�1

0 for vo0

1 for v > 1;

8

>

>

<

>

>

:

ð6Þ

such that h(v) is uniquely determined by the following
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Figure 6. Examples of neural cascades gen-
erating synaptic-independent firing. (a) A se-
ries of channel openings and closings
mediates cyclic-burst firing in thalamocortical
relay neurons. (b) Neural signals from the
body, setting the desired rhythm of pacemaker
firing are compared with the actual rhythm in
a feedback loop of the autonomic nervous sys-
tem to set the correct firing.
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conditions:

hð0Þ¼h0ð0Þ¼h00ð0Þ¼h000ð0Þ

hð1Þ¼ 1

h0ð1Þ¼h00ð1Þ¼h000ð1Þ¼ 0:

ð7Þ

A value of 0 in the output function means that the neu-
ron’s voltage is below threshold, whereas a value of 1
means that the neuron has reached saturation.

Jung et al. performed a study of the behavior of the
network model with bifurcation analysis. It revealed a
complex dependence on parameters. Several types of bi-
furcation took place, as different parameters of the system
were varied. A bifurcation is a point where a change in the
number and stability of fixed points and limit cycles oc-
curs. Initially, Jung et al. studied only the responses of the
uPG neurons without considering the feedforward and
feedback connections among uPG and R neurons (29).
This process was similar to looking at the responses of
the isolated spinal cord in vitro under different conditions.
Later, the effects of varying the connections between R
neurons and the spinal uPG were studied with the net-
work model. Interestingly, this model by itself with a set of
initial parameters for different conductances and resting
membrane voltages causes the membrane voltage of each
neuron to oscillate periodically. The phase relationships
between the different neurons are similar to those encoun-
tered experimentally. Following Jung et al. we now de-
scribe the results of the analysis of the neural network for
the following two cases:

1. The Isolated uPG Network. The uPG network by it-
self without considering the R neurons can have dif-
ferent stable states, with fixed points or limit cycles.
The switch between these regimes is a function of
the tonic drive to each neuron (Gi

T). Considering
tonic drive applied only to neuron C, different dy-

namic behaviors were found, with a one-parameter
bifurcation analysis. Four different states occurred:
states of stable and unstable fixed points, and stable
and unstable limit cycles. Sometimes two stable
states were possible in the same range as shown in
Fig. 8a. These states occurred while tonic drives to
neurons E and L were at their default values. When
the tonic drives to these neurons also changed, dif-
ferent stable states and limit cycles occurred.

In another range of tonic drive to the C neuron, a
stable behavior of oscillatory membrane voltage of
the left and right C neurons is possible (Fig. 8b).
Here, the voltages in neurons in the left and right
have the same waveform but opposite phase. Such
opposite-phase oscillation is what the animal needs
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Figure 7. (a) Neural network model of the
Lamprey’s locomotion system. The symbol
uPG represents ‘‘unit Pattern Generator’’ (the
blue rectangle), R the reticular neurons, E the
excitatory neurons, L the lateral inhibitory in-
terneurons, and C the crossed inhibitory inter-
neurons. (b) Schematic of the Lamprey’s
locomotion system including sensory feedback.
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Figure 8. Membrane voltages for interneurons C with different
tonic drives. (a) Example of bistable behavior. (b) Example of
bistable limit cycles necessary for locomotion.
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for locomotion. Changing the tonic drive to two neu-
rons at a time while leaving the other parameters at
default values was also considered. While maintain-
ing E at its default value, larger tonic drive to C than
to L interneurons or only tonic drive to C interneu-
rons is sufficient for opposite-phase stable oscilla-
tions. But a drive too high to the C or L neuron can
prevent them. To obtain oscillations with L at its
default value, one must apply a minimum tonic
drive to E and C neurons. However, a drive too
high to either E or C causes loss of oscillations. By
changing the tonic drive for L and E, one shows that
tonic drive to neuron E is not necessary for stable
oscillations. Nevertheless, if its drive is not balanced
with the tonic drive to neuron L, no oscillations oc-
cur.

Jung et al. also studied the interconnections be-
tween neurons in the uPG network. The roles of ipsi-
and contralateral inhibitory connections were stud-
ied by changing the value of the synaptic conduc-
tance Gji. The inhibitory effect of the L neurons in
the activity of C neurons is important to obtain cyclic
activity. Changing different parameter values shows
that ipsi- and contralateral inhibitions are essential
for obtaining stable oscillatory output. In addition,
Jung et al. found different possible states from ex-
citatory interconnections by changing synaptic con-
ductances. One can also reach different states with
different inhibition from C neurons.

2. The RN-uPG Network. Bifurcation analysis was also
performed to determine how feedforward and feed-
back interactions of uPG and R neurons alter the
dynamic behavior of the system. Feedforward gain
refers to the maximal synaptic conductance of the R-
to-uPG connections. Feedback gain refers to the
maximal conductance from uPG to R. Neurons R re-
ceive both excitatory positive feedback from neurons
E and inhibitory negative feedback from neurons C.
Strong feedforward annihilates the oscillation, but
this can be prevented up to a point (critical value of
the feedforward) by increasing the negative feed-
back. The frequency of oscillation changes with in-
crements of the feedforward value. For a fixed value
of feedback, increases in feedforward strength can
increase or decrease oscillatory frequency. At differ-
ent values of feedback, the pattern can be different,
which accounts for experimental observations,
where frequency of swimming movements varies
with signals from the brainstem.

5. DETAILED EXAMPLE 3: SENSORY ADAPTATION

As described in the section on control mechanisms in the
nervous system, one of the most important properties of
biological sensory systems is adaptation. This property is
ubiquitous to them (30,31). It allows them to adjust to
variations in the environment and thus to deal better with
it. In that section, we pointed out that sensory adaptation
might happen synaptically (as in the visual cortex). We
also pointed out that it might happen biophysically at the

level of single cells (as in photoreceptors). Hence, one may
use biophysical or neural-network modeling techniques as
in the last two sections to model sensory adaptation. How-
ever, it can also be modeled in a third way, which is in-
troduced in this section to expand the examples presented
in this article.

Because sensory adaptation is a form of neural adap-
tive control, one can conceptualize it as in Fig. 3a. Here,
we modify and generalize that figure to sketch modern
terminology of statistical models of adaptation. The result
is Fig. 9a, which is a version of the model-predictive con-
trol shown in Fig. 3c (32,33). In Fig. 9a, the plant is as
simple as in Fig. 3a (Box 2), but the neural controller con-
tains several explicit subcomponents (Boxes 1, 3, 4, 5, and
6). The sensory input is processed by an adaptive stage
(Box 1), whose output is processed even more to yield the
system responses (Box 2). The system then estimates with
how much error these responses code important attributes
from the environment (Box 3). Next, the system adapts the
preprocessing stage to minimize this error (Box 4). To es-
timate the error, the system needs to have knowledge
about the environment. The trouble is that, as the envi-
ronment changes, its parameters must be estimated for
the system to know what knowledge to apply. In this
model, the system estimates them from its responses
(Box 5) and from predictions that it makes about the en-
vironment based on past responses (Box 6). If current re-
sponses are statistically consistent with these predictions,
then the estimates do not change. Otherwise, they change,
but they do so slowly to take into account the tendency of
the environment to remain stable.

To formalize the model in Fig. 9a, we use modifications
of the notations introduced by Grzywacz and Balboa (32)
and by Burgi et al. (34). Vectors are denoted by bold sym-
bols, time tk is denoted by subscript k, and time series from
t0 on are denoted by an inverted hat accent. In other
words, we define �zk¼fzk; zk�1; . . . ; z1g. Let I be the input to
the sensory system and H1

ðIÞ;H2
ðIÞ; . . . ;HN

ðIÞ be the N
relevant task-input attributes to extract from I. For in-
stance, these attributes could be things like contrasts and
positions of occluding borders in a visual image. The input
is first preprocessed by an adaptive stage (Box 1 in Fig.
9a), whose output O is transformed by the task-coding
stage (Box 2) to RH1

ðOÞ;RH2
ðOÞ; . . . ;RHN

ðOÞ. These func-
tions are estimates of the values of the task-input attri-
butes, and one can interpret them physiologically as the
responses of the system. The system tries to make the er-
ror in each of these estimates small. This error is the dis-
crepancy between Hi

ðIÞ and RHi
ðOÞ. The system cannot

know exactly what this discrepancy is, because it does not
have access to the input, only to its estimates. However,
the system can estimate the expected amount of error (Box
3). Grzywacz and Balboa (32) showed that the mean
Bayesian expected loss over all possible responses is

EiðA;KÞ ¼

Z

I

Z

RHi
PðRHi

jI;AÞPðIjKÞLðI;RHi : K;AÞ; ð8Þ

where A are the adaptation parameters of the adaptive
stage, K are the hyperparameters of the prior distribution
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that the system selected, and L is the loss function, which
measures the cost of deciding that the ith attribute is RHi

given that the input is I. One can give intuitive and prac-
tical interpretations of the probability terms in this equa-
tion. The first term, the likelihood function PðRHi

jI;AÞ,
embodies the knowledge about how sensory mechanisms
encode the input. In other words, PðRHi

jI;AÞ tells how the
system responds when the stimulus is I and the adapta-
tion parameters are A. This is not an arbitrarily free prob-
abilistic function, but it has strong constraints from the
underlying neural system. Such probabilistic dependence
on I and A is already present in the O variables, which
then pass it to RHi. The second term, PðIjKÞ, is the prior
distribution of the input when the environment is K.

Because the goal in the model is to estimate N attri-
butes, the total error is

EðA;KÞ¼
X

N

i¼ 1

EiðA;KÞ: ð9Þ

A way to find A and K would be to find the values that
minimize E(A,K). However, this way would fail to recog-
nize the knowledge that the environment does not change
or it tends to change slowly. In other words, if we know
what K was a short while ago, then it is highly likely that

K did not change. Hence, we propose that the system es-
timates K from past responses (Box 5 in Fig. 9a). With K

given, then we can estimate A (Box 4) as

AðKÞ¼ arg minA�EðA
�;KÞ: ð10Þ

In other words, A is the adaptation argument that mini-
mizes the error for a fixed value of K.

The goal is thus to estimate K from past responses.
Moreover, responses are related to the environment
through the adaptation state of the system. Therefore,
one must in general take into account the past adaptation
states to estimate K. The most general way to relate K to
past responses and adaptation states is to calculate
PðKkj

�R
Hi

k ; �AkÞ. Using the Bayes rule and a few algebraic
manipulations (34,35), we get

PðKkjR
^Hi

k ;A
^

kÞ¼
PðRHi

k ;AkjKk;R
^Hi

k�1;A
^

k�1Þ

PðRHi
k ;AkjR

^Hi

k�1;A
^

k�1Þ

PðKkjR
^Hi

k�1;A
^

k�1Þ:

ð11Þ

One way to use this equation to get Kk is to set it from
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Figure 9. Frameworks for (a) sensory adaptation and (b) supervised learning.
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maximum a posteriori estimation:

KkðR
^Hi

k ;A
^

kÞ¼ArgmaxK�k
PðK�kjR

^Hi

k ;A
^

kÞ: ð12Þ

However, other estimations, with different loss functions
are possible (36).

Equation 11 can be understood as a form of Kalman
filtering. The rightmost term represents the prediction
stage, in which we find the likely values of the current
environment as predicted by the past measurements (Box
6 in Fig. 9a). In turn, the numerator in the division rep-
resents the measurement stage. The new measurements
are combined using the Bayes theorem (arrow from Box 2
to Box 5) and, if consistent, reinforce the prediction (arrow
from Box 6 to Box 5) and decrease the uncertainty about
the current environment; inconsistent measurements may
increase the uncertainty. That A appears as an argument
of the probability function of the measurement stage is a
mathematical consequence of the Bayes theorem. How-
ever, Grzywacz and de Juan (33) argue that A is not a
random variable, which simplifies Equation 11. (Finally,
the denominator is just a normalizing term.)

The measurement stage of Equation 11 relates the en-
vironment to the responses. Consequently, for a sensory
system, this stage depends on the underlying biological
mechanisms. In turn, the prediction stage of Equation 11
must somehow take into account that environments are
often stable or do not change rapidly. The predictive dis-
tribution function can be expressed as (34,35)

PðKkjR
^Hi

k�1;A
^

k�1Þ¼

Z

Kk�1

PðKkjKk�1ÞPðKk�1jR
^Hi

k�1;A
^

k�1Þ:

ð13Þ

The importance of this equation is that its rightmost term
is identical to the leftmost term in Equation 11, except for
being one step back in time. Hence, if one knows how to
model the measurement stage of Equation 11 and one
knows the first term of the integral of Equation 13, one
can solve both equations recursively. The first term of the
integral of Equation 13, is the knowledge of how slowly the
environment changes. It is, therefore, a second prior term
necessary in adapting systems. The first prior term,
PðIjKÞ, appeared in Equation 8. Incidentally, as we now
treat the environment as a function of time, it is necessary
to rewrite Equations 8, 9, and 10, as

EiðAk;KkÞ¼

Z

I

Z

RHi
PðRHi

jI;AkÞPðIjKkÞLðI;R
Hi : Kk;AkÞ;

ð14Þ

EðAk;KkÞ¼
X

N

i¼ 1

EiðAk;KkÞ; ð15Þ

and

AkðKkÞ¼ arg minA�
k
EðA�k;KkÞ: ð16Þ

Recent papers provided specific examples of how to ap-
ply these equations to model different kinds of retinal ad-
aptation (32,33,37,38). The power of these examples was
that they accounted for surprising features of the data.
One example was an explanation for the behavior of the
extent of the lateral inhibition mediated by retinal hori-
zontal cells as a function of background light intensity.
The example explained both the fall of the extent from
intermediate to high intensities and its rise from dim to
intermediate intensities. Another example was an appli-
cation of the Kalman-filtering framework to retinal con-
trast adaptation. It was shown that this application could
account for surprising features of the data. For example, it
accounted for the differences in responses to increases and
decreases of mean contrasts in the environment. In addi-
tion, it accounted for the two-phase decay of contrast gain
when the mean contrast in the environment rose sud-
denly.

6. DETAILED EXAMPLE 4: LEARNING

Learning and sensory adaptation have many common
functional properties. In both cases, the nervous system
changes when exposed to novel ensembles of inputs. Fur-
thermore, as a comparison of Fig. 3a and b shows, changes
in both processes occur as an error-correction process in
the neural controller. Consequently, it is not surprising
that models like those described in the preceding section
do a good job in accounting for properties of learning. Ex-
tending the models of the last section to learning is the
main subject of this section. However, it is important to
point out that these models became dominant in learning
theory since the 1990s, and another important class of
models was dominant beforehand and is still influential.
The origin of that class was the perceptron, an artificial
network of neurons capable of simple pattern-recognition
and classification tasks (39). It was composed of three
neural layers, where signals only passed forward from
nodes in the input layer to nodes in the hidden layer and
finally out to the output layer. There were no connections
within any layer of the perceptron. Its main limitation was
to form only linear discriminate functions, that is, classes
that could be divided by a line or hyperplane (40). This
limitation disappeared with the advent of the backpropa-
gation method (41,42) and the multilayer perceptron (43).
With the backpropagation method, for instance, the per-
ceptron neural network could be trained to produce good
responses to a set of input patterns, which rekindled the
interest in neural networks. Other work on them included,
for instance, Boltzmann machines (44,45), Hopfield net-
works (46), competitive-learning models (45,47), multilay-
er networks (43), and adaptive resonance theory models
(48). Neural networks were also intriguing to the neuro-
physiologist, because their main cellular mechanism,
namely, synaptic plasticity, occurs during learning in the
brain (Example 6 of the section on control mechanisms in
the nervous system).

However, in the last 15 years, an approach to learning
similar to the models described for sensory adaptation in
the last section began gaining rapidly in popularity. The
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new approach is the so-called statistical learning theory in
its simplest form. However, it accepts a Bayesian gener-
alization, which, for simplicity, will be what we will refer
to as statistical learning theory here. One reason that this
theory is gaining in popularity is that despite important
achievements in some specific applications with neural
networks (49,50), they have at least five problems: First,
the theoretical results obtained did not contribute much to
general learning theory. Second, no new learning phenom-
ena were found in experiments with neural networks (51).
Third, procedures like backpropagation are sensitive to
local minima of the learning cost function and there is no
fundamental way to avoid them. Fourth, the convergence
of the gradient-based method is slow. Fifth, the sigmoid
function used in backpropagation and other neural net-
works has a scaling factor that affects the quality of the
learning, but there is no fundamental way to choose this
factor. In other words, neural networks are not efficient
and not well-controlled learning machines. In contrast,
statistical learning theory does not suffer from these prob-
lems, because it has a solid foundation (51). Furthermore,
one can find instantiations of statistical learning theory
that are equivalent to neural networks (52,53). In other
words, statistical learning theory is better and more gen-
eral than neural-network models.

The rest of this section is devoted to explaining the key
ideas in statistical learning theory. Its cornerstone is that
learning is a problem of function approximation, a notion
explained in Fig. 10. Here, we use this figure in the con-
text of supervised learning (learning with a supervisor or
a strong critic, Fig. 3b), but we extend the arguments to
unsupervised learning later. Suppose that a neural struc-
ture receives an input x and must use it to perform a task
f(x) (the red line on the figure). Suppose also that this
structure does not know in the beginning how to perform
the task, but it can learn it. For example, to learn, the
neural structure may get random examples from the pos-
sible inputs. Then a critic or a teacher (e.g., another neural
structure) would tell our neural structure what are the
appropriate task outputs (green open circles). The prob-
lem is to find an approximation to the task function (blue
line) that can generalize. In other words, this approxima-
tion must predict good task outputs when the neural
structure receives novel inputs (points different from the
green open circles). As Fig. 10 shows, if the number of ex-
amples is small and the task is complex, the approxima-
tion is crude. However, the approximation improves with
the number of examples. Much work in statistical learning
theory addresses the rate of improvement and addresses
what approximations converge rapidly to the desired func-
tion.

From Fig. 10, one can understand why a mathematical
description like that in Equation 8 is a good starting point
for statistical learning theory. Its approximations involve
choosing from a given set of functions f(x,a), the one that
best approximates the supervisor’s response. In other
words, approximations involve the choice of parameters
a, as we did in Equations 8–10. Moreover, to quantify
which parameters are best, one must define and minimize
the expected loss as in Equation 8. The necessity of work-
ing with expected loss to model learning originates be-

cause the input comes from a random distribution, which
is expressed in Equation 8 as PðIjKÞ. However, learning is
more general than sensory adaptation for two reasons:
First, learning may involve a supervisor to provide infor-
mation to the system (Fig. 9b). Second, in learning, one
may have to find the optimal arbitrary action (or decision
rule). This is different from what Equation 8 expresses,
because in that case, the system is only estimating input
attributes not arbitrary actions.

We use Fig. 9b to show how the supervisor and the
learning of the decision rule generalize the model of ad-
aptation. As in Fig. 9a, Fig. 9b has a plant as simple as in
Fig. 3b (Box 2), but a neural controller with several ex-
plicit subcomponents (Boxes 1, 4, 5, and 6). In addition,
Fig. 9b has a supervisor (Box 3), as indicated by Fig. 3b.
Learning begins with the input being processed, which
yields neural responses (Box 1). With these responses and
with the knowledge of how to perform the task (Box 6), the
system can make a decision (Box 2). This decision is then
sent to the supervisor along with a copy of the input, and
the supervisor provides a critique (Box 3). The system uses
this critique to estimate the expected error in the decision
(Box 4). To do so, the error-estimating stage inspects both
the critique and the decision. Moreover, the estimation of
expected error applies knowledge about how to perform
the task, about the prior (the distribution of inputs), and

x

f(
x)

Figure 10. Supervised learning as a problem of function approx-
imation. The variable x represents the input, whereas f(x) is a
task that the system must perform (red line). Green circles are
examples of correct tasks provided to the system by a supervisor.
Learning would be to find a function that approximates the cor-
rect performance of the task, e.g., the blue line. The approximated
function may match the supervisor’s examples exactly (three
right circles) or may match them approximately if there is rea-
son to suspect the supervisor’s reliability (two left circles). If the
number of examples is small, as in this figure, the approximation
is crude (compare blue and red curves), but it gets better with
more examples. There are several methods to achieve the approx-
imation. One method is to sum estimator functions (called Parzen
estimators) centered on the examples and whose width fall as the
number of examples increases. In this figure, we used weighted
Gaussian estimators (dashed green lines). Weights were found to
minimize the difference between the blue and the red curves.
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about the likelihood function (the encoding process and its
noise—Box 6). Finally, the system modifies (learns) this
knowledge to minimize the expected error (bottom-left-
ward arrow to Box 5). Learning may also involve modify-
ing the decision rule and the encoding process (middle and
top leftward arrows, respectively).

The generalization of Equations 8–10, for the problem
of supervised learning based on Fig. 9b is

EðG;C;DÞ¼

Z

I

Z

R

Z

S

PðS I;j dðR : DÞÞPðRjI;GÞPðIjCÞ

�LðS; I;dðR : DÞÞ

ð17Þ

and

ðG;C;DÞ¼ argminG� ;C� ;D�EðG
�;C�;D�Þ; ð18Þ

where G, C, and D are sets of parameters to be learned, S
is the input of the supervisor, and d(R:D) is the decision
rule.

We now list the seven assumptions underlying these
equations and highlight their differences and similarities
with other models of supervised learning.

1. The prior distribution may be learned, as indicated
by parameter C in the distribution of I; see P(I|C) in
Equation 17. Although other models learn the prior
as in this equation, not all do. A system may choose
not to learn the prior to be consistent with Vapnik’s
restricted-information principle (51). This principle
states that ‘‘when solving a given problem, try to
avoid solving a more general problem as an inter-
mediate step’’ (51). Below, we consider three differ-
ent strategies of learning, one that obeys this
principle (strategy A), and two that learn the prior
(strategies B and C). Only strategy A is standard
statistical learning theory (51), whereas the other
two are part of its Bayesian generalization. The rea-
son why we consider alternative strategies is that
many interesting forms of learning in the brain do
not have access to I. For instance, suppose that one
wants to learn to score a point in a basketball game.
The visual input is processed by the retina and lat-
eral geniculate nucleus before reaching the learning
centers in the cortex (2,54). This situation is similar
to that in Fig. 9b, where a preprocessing stage in-
tervenes between the input and the learning center.
Hence, in this model, the signal available to the
learning center is R not I. Nevertheless, mecha-
nisms that have direct access to I are possible in
the brain. They constitute particular cases of the
model in Fig. 9b, because its Box 1 can be the iden-
tity operator.

2. The system may try to learn the likelihood function,
as embodied by parameter G in term P(R|I,G) of
Equation 17. This form of learning is different from
learning the prior, because the latter represents
variables external to the system. Therefore, when
learning the prior, the system tries to obtain infor-

mation about something not known a priori. In con-
trast, the system knows the family of functions
P(R|I,G), because it is part of the system. Conse-
quently, learning these functions is fine-tuning the
encoding, so that P(R|I,G) becomes optimal for the
task and inputs. Such fine-tuning is automatic if the
prior is known, because the system can find the op-
timal likelihood function (and decision rule) by di-
rectly minimizing Equation 17. In general, learning
the likelihood function is like the sensory adaptation
described in the preceding section (parameter A in
Equation 8). The only difference is that learning the
likelihood function has an effect that is more per-
manent. This is why we use a different parameter
set here (G). Importantly, this set does not control a
free family of functions, but they do have strong con-
straints from the neural system. Such constraints
often ensure that the learning process converges.

As pointed out in assumption 1, we consider below
three different strategies of learning. Strategy A
obeys Vapnik’s restricted-information principle,
whereas strategies B and C learn the likelihood
function and assume it known, respectively. The for-
mer strategy does not try to learn the likelihood
function. In turn, assuming a known likelihood func-
tion is akin to saying that learning is performed with
a fixed, known preprocessing of the input (Box 1 in
Fig. 9b). To know this processing, the system must
learn it beforehand, probably through development
or evolution.

3. The optimal decision rule (action) is possibly
learned, as indicated by its parameter D; see
d(R:D) in Equation 17. The mechanism for learning
the decision rule is fundamentally different from
those for learning the prior and the likelihood func-
tion. The system may learn the former without
knowing the latter (see assumptions 1 and 2), but
the system must always specify a decision rule.
However, learning it has an important similarity
with learning the likelihood function. If the prior is
known, then the setting of the optimal decision rule
is automatic (assumption 2). Consequently, it only
makes sense to learn the decision rule (or the like-
lihood function), when the prior is not known. Strat-
egy A allows for the learning of decision rules
without knowing the priors. In turn, strategy B
learns priors and decision rules (and possibly likeli-
hood functions) simultaneously. Another situation in
which the system does not need to learn the decision
rule occurs when it is obvious (strategy C). For in-
stance, if a task is to determine which of two inputs
is stronger, often the best decision rule could simply
be to pick the input generating the larger response.

4. The supervisor is possibly probabilistic
(P(S|I,d(R:D))), which is done to indicate that the
supervisor may possibly be somewhat unreliable.
Figure 10 illustrates a consequence of suspecting
the supervisor to be unreliable. The learned task
(blue line) may not pass exactly through the data
points provided by the supervisor (green circles).
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However, to make sense, a supervisor cannot be too
unreliable and must be less unreliable than the sys-
tem-responses stage in Fig. 9b. Assuming an unre-
liable supervisor is not necessary, because its
function can be written deterministically, as for in-
stance, P(S|I,d(R:D)) ¼ d(S¼S(I,d(R:D))). Strat-
egy A for solving Equations 17 and 18 does not
require knowing the supervisor function. In turn,
strategies B and C assume it known. We justify
these latter strategies by the typical approach of
psychophysical experiments, which informs the sub-
ject what the supervision input is. For instance, the
supervisor will provide a tone only if the subject’s
decision is the correct interpretation of the input.

5. The supervisor bases its critique on both the inputs
(I) and the decisions (d(R:D)); see P(S|I,d(R:D)) in
Equation 17. This is different from many models of
learning, in which the supervisor computes its cri-
tiques from the inputs alone (51). Those models are
reasonable, because the supervisor may provide di-
rect information about what the input is. Further-
more, the analysis of the learning problem is simpler
if the supervisor only uses the inputs. However,
many types of supervised learning are ignored if
one does not consider the decision. For instance,
take a subject making visual-size judgments and
the supervisor only providing ‘‘too-large’’ or ‘‘too-
small’’ answers. It must wait for the judgments be-
fore critiquing. Finally, another reason to use a su-
pervisor that also considers decisions is that, as in
assumption 1, only input-dependent supervisors are
particular cases of the model expressed in Equation
17, because P(S|I,d(R:D)) includes the possibility
P(S|I)).

6. The decision rule depends on responses (R); see
d(R:D) in Equation 17. Other models of learning
typically assume decision rules that depend on the
inputs (I – (51)). Although these types of rule are
easier to analyze, we choose the form d(R:D) for the
reasons stated in the discussion of assumption 1.

7. The general form of the loss function in supervised
learning depends on both inputs and supervisor’s
critiques; that is, L ¼ L(S,I,d(R:D)). This process
allows the learning to depend on just the supervi-
sor’s output (L(S,I,d(R:D))¼ L(S,d(R:D))), or both
on it and the inputs. An example of a system that
learns just based on the supervisor’s output is one
that tries to minimize the amount of negative cri-
tique received. In turn, a sports player being coa-
ched has to learn both from the supervisor and from
the result of actions. For instance, a coach may teach
the player the right technique to shoot a basketball.
However, the latter will only learn completely after
shooting several balls and seeing if they score.

Having completed the setting of supervised learning,
we briefly turn our attention to unsupervised learning.
From Equation 17, one can see that unsupervised learning
is a particular case of the general supervised-learning for-
mulation. If one does not have a supervisor, then

P(S|I,d(R:D) is uninformative; that is, it is a constant.
Furthermore, the loss function cannot depend on S; that
is, L(S,I,d(R:D)¼L(I,d(R:D). (Therefore, learning cannot
be done by supervision but through consequences of errors
of action. An example of such a consequence is a baby
tumbling when trying to learn how to walk.) Without the
supervisor and with such a loss function, Equation 17
turns into

EðG;C;DÞ¼

Z

I

Z

R

PðRjI;GÞPðIjCÞLðI;dðR : DÞÞ: ð19Þ

An extreme form of unsupervised learning occurs when
the system receives inputs passively, i.e., without reacting.
Because it does not react, there are no actions with each to
err. Nevertheless, learning can occur in such situations,
such as when the brain fine-tunes during development
under abnormal-rearing conditions (2,45,47). That there is
no action does not mean that we cannot model such learn-
ing with an action-error loss function as in Equation 19.
Such learning must be thought of as preparing the system
for future action, and thus, one must consider it with an
appropriate loss function. For instance, if passively view-
ing a display with mostly horizontal line segments for
several experimental sessions, the brain may ready itself
for orientation-discrimination tasks performed with
nearly horizontal segments. Positing an orientation-dis-
crimination loss function would force the brain to learn
the orientation prior and the orientation likelihood func-
tion.

How does one minimize Equations 17 and 19 to imple-
ment learning? As explained in the discussions of assump-
tions 2 and 3 after Equation 18, only certain kinds of
learning make sense. For instance, learning the likelihood
function only makes sense when the system does not know
P(I|C). Similarly, one can compute the decision rule au-
tomatically if one knows P(I|C). Only the prior cannot be
computed automatically if one knows the other two func-
tions. Of these latter functions, we will show below that
one can try to learn the decision rule but not the likelihood
function without paying attention to the prior (invoking
Vapnik’s restricted-information principle—assumption 1).
Alternatively, one can try to learn the various unknown
functions simultaneously. The following three strategies
(algorithms) for minimization of Equations 17 and 19 are
the simplest ones to address the sensible kinds of learning.

A. Learning the Decision Rule Without Attempting to
Learn the Prior. To see how it is possible to learn the
decision rule without knowledge of the prior, it is
useful to consider the general setting of the learning
problem (51). Define the probability density func-
tion P(z) on space Z. Consider the set of functions
Qðz; aÞ, where a is a set of parameters. The goal of
learning is to minimize the risk functional

EðaÞ¼

Z

z

PðzÞQðz : aÞ: ð20Þ

What makes the minimization of this equation a
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learning problem is that we do not know PðzÞ. If we
knew it, then the minimization would not require
examples as in Fig. 10. Instead of PðzÞ, the system is
given a sample of independent examples fz1; . . . ; zkg.
The simplest way to minimize Equation 20 with an
unknown PðzÞ is to use the so-called empirical-risk
minimization (ERM) principle. In it, this equation is
replaced by the empirical risk functional

EempðaÞ¼
1

k

X

k

i¼ 1

Qðzi : aÞ: ð21Þ

One then approximates the function Qðz; a0Þ that
minimizes Equation 20 by the function Qðz; akÞ that
minimizes Equation 21. (Other principles that we
can use instead of ERM are, for instance, structural-
risk minimization and minimal-description length
(51).)

How do we apply ERM (or a version of it) specif-
ically to supervised learning as expressed in Equa-
tion 17? Equations 20 and 21 teach us that we must
identify the pertinent sample of independent exam-
ples (z). Moreover, we must ascertain that they have
an unknown distribution P(z). This sample is as in
Fig. 10, except that in our model, the learning struc-
ture does not have direct access to the input,
namely, I (see assumption 1 after Equation 18). In-
stead, the system must work through a sample of its
responses and of supervisor inputs, namely,
fðR1;S1Þ; . . . ; ðRk;SkÞg. This sample corresponds to
z in Equations 20 and 21. In what sense are PðRÞ
and PðSÞ unknown [as is PðzÞ]? Because in this
strategy A, the prior, the likelihood function, or
both are unknown, so are the distributions of I
and R. Because the distribution of S depends on
these variables, its distribution is also unavailable
to the system. Consequently, we can adapt Equation
21 to the learning of the decision rule as follows:

EempðDÞ¼
1

k

X

k

i¼ 1

LðSi;dðRi : DÞÞ ð22Þ

and

D¼ argminD�EempðD
�
Þ: ð23Þ

Equation 22 assumes that the loss function de-
pends on only the supervisor critiques not on the
inputs (see the discussion of assumption 7), because
the system has no access to I. Hence, strategy A at-
tempts to minimize the magnitude of errors re-
ported by the supervisor, without regard to chosen
actions. A consequence of the inability of this strat-
egy to take into account errors of action is that it is
not applicable to unsupervised learning (the mini-
mization of Equation 19).

Equations 22 and 23 cannot be adapted to the
case of learning the likelihood function without at-
tempting to learn the prior, because the likelihood

function depends on I. Therefore, one cannot write
an empirical-risk functional as in Equation 22, i.e.,
a functional for which one can measure all indepen-
dent variables.

B. Simultaneous Learning of the Decision Rule (or the
Likelihood Function or Both) and the Prior. This
learning strategy is more complex than the preced-
ing one, but it is more thorough, because it can take
into account errors of action. Therefore, this strat-
egy is also applicable to unsupervised learning. The
complexity of the process follows from the depen-
dence of the supervisor input on the system’s deci-
sions (assumption 5) and of the responses on the
system’s choices of parameter G. The trouble is that
the optimal decision rule and the likelihood function
at every instant depend on the sample up to that
point. Consequently, one cannot find a single deci-
sion rule for the entire sample as in strategy A.
Similarly, one cannot find a single likelihood func-
tion for the entire sample. In other words, the sam-
ple must be treated as a time series (as in Equation
11).

To represent the measurement sample in simul-
taneous learning, we use the notation for time series
introduced in the section 5. The pertinent sample is
thus fð �Rk; �Sk; �Gk; �Ck; �DkÞg¼

fðRk;Sk;Gk;Ck;DkÞ; . . . ; ðR1;S1;G1;C1;D1Þg. This
sample resembles z in Equations 20 and 21, but it
is different in including parameters Gi, Ci, and Di.
Parameter Di is included, because it is necessary to
interpret the supervisor’s input. Similarly, we in-
clude parameter Gi to interpret the responses at
different times. In addition, the sample includes the
string of Ci to provide information about the sys-
tem’s estimates of the prior at every instant.
(Strictly speaking, we may not need all these strings
in the sample, because the decision rule or the like-
lihood function may be known.) In what sense is the
distribution of this sample unknown [as is P(z)]?
Strategy B assumes that the system does not know
P(I|C) and one or both of d(R:D) and P(R|I,G).
Hence, the distribution of the variables (including
S) and parameters in our sample are also unknown
(see discussion of strategy A).

With these considerations, we can apply a version
of ERM to learn the prior simultaneously with the
decision rule, the likelihood function, or both. Here,
we consider the general case of learning the three of
them together, but learning pairs is similar and eas-
ier. Assume that the system knows the pertinent
sample up to time k� 1; i.e., the learning process is
complete until then. Next, the system makes a new
measurement Rk, which has probability
P(Rk|Ik,Gk�1). This measurement must use param-
eter G at time k�1. With this measurement, the
best decision by the system uses parameter Dk� 1,
that is, d(Rk : Dk� 1). This decision is optimal, be-
cause without a new input from the supervisor, it is
impossible to update the decision rule with strategy
B. (At time 1, one may pick, for instance, parameters
G0 and D0 at random, or based on some previous
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knowledge we may have about them.) If the system
makes this decision, then the supervisor responds
with input Sk, which has probability P(Sk|Ik, d(Rk :
Dk� 1)). Now, we can use the system’s response and
the supervisor’s input to build a version of the em-
pirical risk functional from Equation 17 as

EempðCkÞ¼
1

k

X

k

i¼ 1

Z

I

PðSijI;dðRi : Di�1ÞÞPðRijI;Gi�1Þ

�PðIjCkÞLðSi; I;dðRi : Di�1ÞÞ:

ð24Þ

By minimizing this functional, we obtain the opti-
mal Ck. Because we now have an optimal estimate of
the prior at time k, we can estimate the optimal Gk

and Dk automatically (assumptions 2 and 3). Con-
sequently, we learn the prior [P(I|Ck)], likelihood
function [P(R|I,Gk)], and optimal decision rule [d(R
: Dk)] up to time k. With these functions in hand, one
can proceed iteratively to later times.

To apply this strategy to unsupervised learning,
one can adapt Equation 24 for Equation 19; i.e.,

EempðCkÞ ¼
1

k

X

k

i¼ 1

Z

I

PðRijI;Gi�1ÞPðIjCkÞLðI;dðRi : Di�1ÞÞ:

ð25Þ

C. Learning the Prior Without Attempting to Learn
Both the Decision Rule and the Likelihood Func-
tion. This strategy is only possible if the system
knows the likelihood function. Because this function
is not being learned, it cannot be disambiguated
from the prior, because responses depend on both
the prior and the likelihood function. With knowl-
edge of this function, the system can learn the prior
by first estimating P(R|C) from {R1,y, Rk} with the
empirical distribution function (51). If we know
P(R|I), then we can estimate P(I|C) from the inte-
gral equation

PðRjCÞ¼

Z

I

PðRjIÞPðIjCÞ: ð26Þ

Although this equation yields a computationally in-
expensive method, it has a limitation. The resolu-
tion with which one knows P(R|I) limits the
resolution of the learned function. If we know
P(R|I) reliably for N values of R, then we can de-
termine at most N values of P(I|C).

If in addition, the decision rule is known to the
system, then the estimate of the prior can be re-
fined. With a supervisor, the system would first es-
timate P(S,R|C) from {S1,y, Sk} and from {R1,y,
Rk}. Again, the system would include the empirical
distribution function for this estimation (51). Then

the system would solve

PðS;RjCÞ ¼

Z

I

PðSjI;dðRÞÞPðRjIÞPðIjCÞ ð27Þ

for P(I|C). However, if there was no supervisor,
then knowing the decision rule would not add infor-
mation to what is available by P(R|I).

Finally, strategy C can be adapted for unsuper-
vised learning, because Equation 26 does not de-
pend on the supervisor’s critique.

The three strategies outlined here make different test-
able predictions for learning in the nervous system. For
instance, if a neural structure applies strategy A but not
the other strategies, then this structure does not learn the
prior. Therefore, a change of task without a change of prior
would cause the learning process to start from scratch. In
contrast, in strategies B and C, learning would not start
from scratch, because the system would possess the prior
after learning. The same experiment could distinguish be-
tween strategies B and C. In the latter, the decision rule is
always optimal for the prior assumed by the system (as-
sumption 3 after Equation 18). Hence, if the system
learned the prior, then changing the task would not
make the system less optimal. However, in strategy B, al-
though the system would not start from scratch, it would
have to learn the optimal decision rule for the new task.

The literature is inconclusive on which of these strat-
egies our brain uses. For instance, perceptual-learning
data suggest different strategies depending on conditions.
Dosher and Lu (55) interpreted their data saying that
perceptual learning was a retuning of connections from
neural responses to the decision process to emphasize rel-
evant aspects of signals. In Fig. 9b, such retuning would
affect the arrow from Box 1 to Box 2, modifying d(R:D) in
Equation 17. In other words, the Dosher and Lu interpre-
tation supports learning of the decision rule, without
knowledge of the prior, i.e., strategy A. Other studies sup-
port this interpretation by showing task-specific forms of
perceptual learning [e.g., see Saffell and Matthews (56)]. If
learning does not transfer across tasks with identical pri-
ors, then it does not acquire priors, thus using that strat-
egy. However, if one repeats this experiment with different
tasks requiring much shared information about the priors,
then task transfer occurs (57). In this case, because deci-
sion rules must be relearned, the transfer suggests learn-
ing of priors, which implies strategy B or C. Support for
these strategies comes from experiments showing no
learning in a difficult task, but improved performance in
an easy task after completion of the hard-task training
(57). That no learning occurs with the difficult task shows
that the system is not improving the decision rule. Other
experiments show increased transfer as learned tasks be-
come easier, which suggests that learning strategies shift
with conditions (57–59). Finally, a relevant experimental
condition shows learning of a task involving a specific
prior (e.g., an orientation) that does not transfer to the
same task with a different prior [another orientation—
e.g., Ramachandran and Braddick (60)]. Such experiments
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have suggested that prior learning occurs. However, one
can explain them with the Lu and Dosher model, which
retunes the input to the decision process to emphasize
specific neural responses (55).

The procedures for using Equations 26 and 27 (strategy
C) or minimizing Equations 22 (strategy A), 24, and 25
(strategy B) are complex and subject to intense research.
We recommend the book by Vapnik (51) as a good starting
point to learn about some of these estimation procedures.
For example, estimating P(R|C) for Equation 26 is called
the density-estimation problem. Mathematically this
problem is ill-posed in the sense that it does not have a
unique solution. To make the problem well-posed, one uses
regularization constraints, which essentially make
P(R|C) as smooth as possible (61). A judicious choice of
constraints leads to a solution with the so-called Parzen
estimators (62). This solution boils down to centering ap-
propriately weighted kernel functions (e.g., Gaussians) on
the data and shrinking the widths of these kernels as the
number of examples increase. (For instance, the learned
task in Fig. 10, blue line, is a sum of weighed Gaussians;
dashed green lines, centered on the horizontal positions of
the examples, green open circles.)

We can use similar kernel procedures for the problem of
finding decision rules (63). The most common decision
rules involve classification (e.g., pattern recognition) or
real-valued functions (e.g., regression). Another popular
modern technique to learn these kinds of decision rules is
the support vector machine (SVM) (64). The SVM pur-
posely maps the input vector into a high-dimensional
space to simplify analysis. For instance, to segment (i.e.,
to classify parts of) a map of a circular island with sur-
rounding waters, one needs to draw a circle. However, if
one projects this map into three-dimensional space by el-
evating each point in proportion to its distance from the
center of the island, then one can ‘‘cut’’ the island away
from the water with a plane. This mathematical proce-
dure, is easier because the plane is a linear function.
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1. INTRODUCTION

In recent decades, since the seminal work of A. L. Hodgkin
and A. F. Huxley (1), the study of the dynamical phenom-
ena emerging in a network of biological neurons has been
approached by means of mathematical descriptions, com-
puter simulations (2,3), and neuromorphic electronic
hardware implementations (4). Several models1 have
been proposed in the literature, and a large class of
them share similar qualitative features. Specifically, a re-
duction of the biological complexity is usually operated,
and the study of electrophysiological phenomena, emerg-
ing uniquely from the interactions of several neurons, is
undertaken by describing the activity of each cell of a
population through differential equations. Alternative ap-
proaches propose simplified average descriptions, intro-
ducing state variables and descriptors that do not directly
relate to biophysical observables. A well-known example of
such an approach is represented by the Wilson–Cowan
population model (5). In this model the average firing rate
of an entire assembly of neurons is described by a single
heuristic mathematical equation. Similarly, the synaptic
connectivity and signals transduction dynamics are usu-
ally introduced only in abstract terms.

Today, thanks to the availability of fast computers and
cheaper computational resources, it is possible to focus on
large networks and study them in detail. To reach such
goals, extended computer simulations are implemented in
terms of the numerical integration of the mathematical
equations for each model neuron, and, similarly, to the
computational techniques of molecular dynamics, they are
employed to make quantitative predictions and to explore
the model’s parameters space.

For these reasons, the recent literature increasingly
reported realistic mathematical descriptions and simula-
tions, whose results can be directly related to the cellular
and subcellular biophysical details. In the following, we
focus on the class of spiking neuronal models (2,6), which
mimic the temporal evolution of the neuron membrane
voltage as well as the generation of action potentials (i.e.,

the spikes), characterizing real neurons in an experimen-
tal context. These models are considered an intermediate
description level between highly simplified abstract mod-
els, whose direct experimental verification is possible only
under approximate terms, and multicompartmental mod-
els of the single-neuron electrophysiology, whose simula-
tion often require prohibitive CPU loads, even for a
network of small size. Thus, most of the conclusions and
predictions obtained by the chosen modeling approach
may be directly tested, comparing the result of computer
simulations with single- and multi-electrode electrophys-
iological recordings, in vivo and in vitro.

Among the models of spiking neurons, two important
classes can be outlined: models that accurately describe
the subcellular biophysical phenomena characterizing the
nonlinear voltage-dependent ionic permeability properties
of the neuronal membranes (7) and models that provide a
simplified phenomenological description. In the first case,
the voltage-dependent ionic permeability properties of the
neuronal membranes are characterized. In the second
case, simplifying hypotheses on the biophysics of the neu-
rons and synapses are considered. Such a reduction is
performed with the aim of obtaining analytically and com-
putationally tractable descriptions while retaining enough
biological details to predict emerging phenomena that de-
pend on the concerted interactions between cells.

The first class of models is constituted by detailed de-
scriptions of the integrative and excitable properties of
single neurons, including the ionic flows through the plas-
matic membrane, following the original approach intro-
duced by Hodgkin and Huxley (1). Such a theoretical
framework has been greatly expanded by the discovery
of new voltage-dependent ion currents and the availability
of highly sophisticated experimental data, such as the
whole-cell patch-clamp, the single-channel, and simulta-
neous somato-dendritic recordings (8), as well as the
three-dimensional reconstruction and simulation of the
neuronal morphologies. These models are characterized
by a common repertoire of the excitable biological pro-
cesses and by the description of the voltage-dependent
membrane ionic conductances. Neurons are usually as-
sembled in model networks, and the neurochemical trans-
duction steps, which lead to the synaptic transmission
between cells, are mimicked as additional postsynaptic
brief transient inputs, triggered by the emission of presy-
naptic action potentials (i.e., excitatory and inhibitory
postsynaptic currents—EPSC/IPSC). These contributions
affect the subsequent temporal evolution of the simulated
postsynaptic membrane voltage in terms of emission of
action potentials and integration of additional incoming
currents.

As mentioned, quite a different strategy to model the
emergent properties of a large network of neurons consists
of neglecting some biological details, by simplifying the
dynamical properties of single neurons and synapses,
which leads to phenomenological descriptions useful to
define the effective characteristics of the network as a
whole, still preserving some realism and allowing a direct
comparison with the experimental data. Even if the fur-
ther simplification of these reduced descriptions led to
considerable advances and it had a strong impact on the

1With the aim of providing a deeper introduction to the interested
readers, and to let them run their own computer simulations, by
e-mail request, we make some programming code (i.e., ANSI-C)
employed in the reported simulations, freely available which will
ultimately show how to translate the mathematical models dis-
cussed here into simple numerical implementations, to be simu-
lated on a personal computer.
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development of the theory of formal neural computation
and statistical learning theories (9,10), the search for re-
alistic intermediate mathematical descriptions is still an
open issue in neuroengineering.

2. MODELING THE SINGLE-NEURON
ELECTROPHYSIOLOGY

In the following, we review two single-compartment mod-
els of the electrophysiology of a neuron: the conductance-
based model, proposed by C. Morris and H. Lecar, and the
leaky Integrate-and-Fire phenomenological model. Under
the appropriate conditions, both models reproduce realis-
tic discharge patterns as observed in vitro and in vivo.
However, the second model is considerably simpler and
can be effectively incorporated in large-scale computer
simulations. Thus, these networks can be studied in de-
tail, and it is possible to relate single-cell properties to the
collective network activity. Moreover, a closed form for the
input-output single-neuron transfer properties can be de-
rived, in the case of the Integrate-and-Fire neurons, which
is relevant for the statistical analysis of the network col-
lective activity, under extended mean-field approaches, as
discussed extensively in the literature (11,12). Such ap-
proaches are related to the hypothesis that individual cells
in a large homogenous network of neurons cannot be dis-
tinguished, in a statistical sense. In fact, because of the
very large number of synaptic connections and the pres-
ence of inhomogeneities and noise sources, neurons
roughly tend to experience the same input current. Of
course, each neuron will instantaneously receive a differ-
ent realization of the same process, but its descriptors (i.e.,
current mean, variance, and correlation time length) are
assumed to be the same. In other words, each neuron ex-
periences the same mean field, extended to the regime of
input fluctuations. Under such hypotheses, the character-
ization of the discharge properties of a single neuron be-
comes statistically representative of the others as a whole.

2.1. A Conductance-Based Model Neuron

In the mammalian central nervous system, neurons are
characterized by an impressive morphological complexity
of the dendritic branchings, where most of the incoming
synaptic inputs from other cells are established. However,
no conclusive evidence yet exists that such a complex an-
atomical morphology is playing a substantial role in de-
termining the neuronal discharge response properties in
vivo, other than maximizing the membrane surface avail-
able for receiving synaptic contacts.

As a consequence, many authors choose to focus on the
single-compartment modeling of neuronal excitability
(13,14), which implies that the spatial character of the
dynamic distribution of the voltage across the neuronal
membrane is neglected, assuming it to be characterized by
the same value V(t) (i.e., the space-clamp hypothesis) (3).
The mathematical models of this kind are usually de-
scribed by a set of coupled ordinary differential equations,
as opposed to the multicompartmental descriptions, where
systems of partial differential equations are used to pre-

dict the spatial and temporal evolution of the membrane
voltage V(x,y,z,t).

By assuming almost perfect dielectric properties for the
phospholipidic bilayer that constitutes the neuronal mem-
brane, charge-conservation considerations lead to a law of
temporal evolution for the transmembrane voltage V(t).

Cm
dV

dt
¼ Iext � f ðVÞ; Iext¼ Isynþ Istim

The previous equation states that a change in V is the
result of external and intrinsic ionic current contributions.
We denoted, with Cm, the equivalent electric capacitance
per membrane area unit (mF/cm2); with f(V), the current
densities (mA/cm2) related to the ion-selective and volt-
age-dependent ionic permeability of the membrane; and
with Iext, the total external contribution to the membrane
current density (mA/cm2). The last includes synaptic in-
puts from other neurons, injected stimulus currents Istim,
and the metabolic contributions from electrogenic trans-
port mechanisms, as the ion-pumps. Because, on the time
scale characterizing the single action potential, metabolic
contributions are usually small and time-invariant, they
are neglected in the foregoing description. The kinetic de-
scription of the voltage-dependent intrinsic ionic currents
f(V) takes advantage of the model originally proposed by
Morris and Lecar (15). This description leads to a system
of two ordinary differential equations, and it is consider-
ably simpler when compared with more detailed models
(13). Such a modeling approach is referred to as conduc-
tance-based, because the evolution of the membrane volt-
age in time is determined by the interplay of several ion
conductances (i.e., accounting for leakage currents, Kþ

and Na2þ voltage-dependent permeabilities) uniformly
distributed throughout the membrane. For our particular
choice, the expression of the total ionic current density
f(V) is

f ðVÞ¼ Ileakþ IK þ INa:

We assume an Ohmic dependence of individual currents
on the membrane voltage, so that the dependence of each
term on V can be made explicit as

Ileak¼ �gleakðV � EleakÞ

IK ¼ �gKnðV � EK Þ

INa¼ �gNam1ðVÞðV � ENaÞ;

m1ðVÞ¼
1

2
1þ tgh

V � V1

V2

� �� �

:

In the previous equation, the Nernst equilibrium voltages
for the mixed passive leakage currents, the potassium
ions, and the sodium ions have been indicated with Eleak,
EK, and ENa, respectively. Moreover, �gleak, �gNa, and �gK are
the maximal conductances related to the specific mem-
brane permeabilities.

2 BIOLOGICAL NEURONAL NETWORKS, MODELING OF



Thus, the final form of the differential equation can be
rewritten as

Cm
dV

dt
¼ Iext � �gleakðV � EleakÞ � �gKnðV � EK Þ

� �gNam1ðVÞðV � ENaÞ

ð1Þ

and completed by the equation satisfied by the state vari-
able n(t), which represents the fraction of Kþ -sensitive ion
channels that are in an open state (i.e., their ion perme-
ability is nonzero).

dn

dt
¼
ðn1ðVÞ � nÞ

tðVÞ
ð2Þ

where n1ðVÞ¼
1
2½1þ tghðV�V3

V4
Þ� and tðVÞ�1

¼ t�1
n coshðV�V3

2V4
Þ.

The last equation describes the voltage dependence of
the molecular conformational states of the delayed-recti-
fier K þ channels, participating in the generation of action
potentials and accounting for the after-discharge absolute
refractoriness. As opposed to the channels selective to Na
þ ions, whose conductance is assumed to be as instanta-
neously dependent on V (i.e., m¼m1ðVÞ), the evolution of
n is much slower.

At the steady state, as Iext¼ 0, the membrane voltage
asymptotically tends to a resting value V¼V0, which is
mainly determined by the leak current Ileak.

Cm
dV

dt
� Iext � �gleakðV � EleakÞ

This is a result of the voltage-dependence of the sodium
and potassium conductances, whose resting contribution
to the net membrane current is weak (i.e., m1ðV0Þ ’ 0 and
n ’ n1ðV0Þ ’ 0). Therefore, under such conditions, the
temporal evolution of V, for small external currents, is ap-
proximately a passive RC-like response. However, for
stronger depolarizing currents, the sigmoidal voltage-de-
pendence of m1ðVÞ instantaneously activate the sodium
conductances in such a way that INa affects V as well. For
voltages that are depolarized enough with respect to V1

(see Equation 1), V quickly starts approaching the rever-
sal potential ENa (i.e., ENa > V0):

Cm
dV

dt
� Iext � �gleakðV � EleakÞ � �gNaðV � ENaÞ:

With much slower reaction times, also, the potassium con-
ductance turns on and becomes nonzero, resulting in a
stronger opposite current contribution IK, which makes V
bouncing back to more negative voltages, toward EK (i.e.,
EKoENa):

Cm
dV

dt
� Iext � �gleakðV � EleakÞ � �gK ðV � EK Þ:

The interplay of these currents underlies the generation of
an action potential, characterized by a very fast increase
of V and by a delayed hyperpolarizing drive that reset the
voltage to negative values (Fig. 1—thick line), which con-

stitutes a biophysical description of the electrical excitable
properties of a neuronal membrane, and accounts for the
existence of a minimal current stimulation to induce re-
petitive action potentials generation and for the refractor-
iness that follows each spike. Therefore, small amplitude
current stimuli produce passive membrane responses, and
if a threshold voltage is overcome, a train of action poten-
tials is generated, resulting from the oscillation of V(t).
Finally, the relationship between the spike frequency and
the current stimulus amplitude is nonlinear, and it can be
determined only in a numerical way.

2.2. The Leaky Integrate-and-Fire Model

The choice of the accuracy level of a description, aimed at
gaining insights on the essence of a physical phenomena,
is a well-known problem in the natural sciences. In our
case, the choice of conductance-based single-compartment
descriptions, or of other simpler caricatures of the excit-
able behavior of a neuron, depends on the degree of ab-
straction and on the phenomena of interest. In the context
of the network activity, emerging in a population of synap-
tically interacting neurons, a reduction of the single-cell
mathematical description is possible and required to re-
duce the CPU loads needed by a large network computer
simulation. Similar to the complex systems studied in sta-
tistical physics, when the phenomena of interest are the
result of the interaction of a large number of elements,
most of the details of the single element can be incorpo-
rated into an effective description. Although a similar de-
scription may fail in faithfully reproducing the entire
range of experimental observations at the level of the sin-
gle unit, it provides a very good abstraction to account for
the collective behavior of the whole population while pre-
serving experimentally measurable correlates.

In the context of neuronal modeling, reduced models
can, in some cases, preserve a link to the biophysical prop-
erties that can be experimentally measured, and they re-
tain enough details to quantitatively account for the
collective activity emerging in a network. In the follow-
ing, and for the network simulations reported here, we
consider a reduced description of neuronal excitability,
originally introduced by Lapicque (16) and referred to as a
leaky Integrate-and-Fire model neuron. We show how to
derive such a model from the Morris–Lecar neuron (Equa-
tions 1 and 2), ignoring one of the two equations, under
appropriate hypotheses. The key point in operating a sim-
ilar reduction is the assumption that the action potential
generation and the refractoriness mechanisms are highly
stereotyped phenomena.

Although we are interested in preserving the integra-
tive-capacitive electrical properties of nervous cells, we
can neglect Equation 2, reducing the accuracy in the ac-
tivation variable n. In other words, because of the invari-
ance of the shape of action potentials, which are identified
by the time of occurrence and described by repolarization-
hyperpolarization voltage amplitudes and by the refrac-
tory period, we claim that the precise description of an
action potential is not relevant in predicting the collective
properties of a network. Such an observation can be effi-
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ciently described with a lower degree of fidelity, consider-
ably reducing the CPU times of a computer-simulation.

Let us consider the dynamics of n to be instantaneous,
compared with the passive time constant associated with
Equation 1. Then n ’ n1ðVÞ, and we can rewrite such an
equation as

Cm
dV

dt
ffi Iext � �gleakðV � EleakÞ � �gKn1ðVÞðV � EK Þ

� �gNam1ðVÞðV � ENaÞ: ð3Þ

This equation is a good approximation for the descrip-
tion of the membrane voltage, below the excitability
threshold, when V is approximately constant. This condi-
tion may correspond to the statistical average value of V,
under a given activity regime, or, for instance, to its rest-
ing value, when Iext¼ 0 mA=cm2. The study of the second
case implies that the right-hand term of the last equation
is zero when V is at the resting membrane potential V0. We
can thus perform a Taylor-series expansion of Equation 3,
whose leading term is a reduced linear description of the
subthreshold dynamics, proportional to a constant �g, with
the meaning of an effective passive membrane ion conduc-
tance.

Cm
dV

dt
ffi Iext � �gðV � V0Þ

Then, because we are regarding the emission of an action
potential as a highly stereotyped phenomenon, a fixed-
voltage threshold Vth must be artificially reintroduced.
Therefore, as soon as V crosses Vth, a spike is emitted and
the voltage is reset to an hyperpolarizing voltage Vreset

(i.e., VresetoVth). Furthermore, on the emission of a spike,
V is refractory to any external perturbation during a sub-
sequent time interval of duration tref , mimicking the la-
tency of n(t) in Equation 2. These steps identify an
Integrate-and-Fire model (Fig. 2), whose description can
be summarized as follows:

Cm
dVðtÞ

dt

¼

�gðV0 � VÞþ IextðtÞ if VðtÞ � Vth

0; VðtÞ¼Vreset if Vðt�0 Þ¼Vth

and t 2 ðtþ0 ; tþ0 þ tref Þ:

8
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>

>

>

>
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>

>

>

>

>

:

ð4Þ

The qualitative comparison between the temporal evo-
lution of membrane voltage of the Morris–Lecar model
neuron and the Integrate-and-Fire model neuron is re-
ported in Fig. 1, where a DC pulse current injection re-
sults in the same output mean firing rate for both models.

As anticipated, the operated reduction led to a mathe-
matical model that can be treated analytically and ana-
lyzed in detail, compared with the conductance-based
models (17). In particular, the relationship between the
input current Iext and statistics of the model discharge re-

sponse can be studied and general expressions can be de-
rived under a realistic input current drive (17), which
holds for a deterministic, DC current waveform, as well as
for a stochastic input drive (i.e., a delta-correlated gauss-
distributed noise), mimicking the superposition of a large
number of independent fast synaptic currents experienced
by a neuron embedded in a large network. Under such
conditions and in a regime of asynchronous firing, every
postsynaptic neuron experiences a synaptic current that is
approximately gauss-distributed, as predicted by the cen-
tral limit theorem (18). In this case, by indicating with m
and s2 the infinitesimal expected value and variance of
the gauss-distributed current Iext, therefore measured as
currents per unit of time, the expression of the output
mean firing rate n for the leaky Integrate-and-Fire model

20 ms

20
 m

V

Iext(t)

V(t)

Figure 1. Temporal evolution of the simulated membrane volt-
age response V(t) (lower traces) evoked by an intracellular so-
matic DC current injection Iext(t) (upper trace), for the single-
compartment conductance-based (Equations 1 and 2) (continuous
line) and the Integrate-and-Fire model neurons (Equation 4)
(dashed line).

V
if V = Vth

Vreset

Iext

V0

Cm

g

Figure 2. Sketch of the electrical equivalent circuit of the single-
compartment leaky Integrate-and-Fire model employed in the
simulations of large biological neuronal networks: For the sake
of simplicity, the absolute refractoriness was not represented. The
condition VðtÞ¼Vth corresponds to the emission of an action po-
tential at time t and to the reset of V.
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can be expressed as follows (19):

n¼Fðm;sÞ

¼

0 if s¼ 0; mo �gðVth � V0Þ

½tref þ t lnðabÞ�
�1 if s¼ 0; m � �gðVth � V0Þ

½tref þ t
ffiffiffi

p
p R b

a ex
2
ð1þ erf ðxÞÞdx��1 if s > 0;
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>

>

>

>
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>

>

>

>

>

:

ð5Þ

where erf ðxÞ is the error function, t¼Cm= �g is the mem-
brane time constant, and the expressions of a and b are
indicated below:

a¼ ðCmðVreset � V0Þ � mtÞ=ðs
ffiffiffi

t
p
Þ;

b¼ ðCmðVth � V0Þ � mtÞ=ðs
ffiffiffi

t
p
Þ:

Thanks to Equation 5, most of the basic features char-
acterizing neuronal excitability can be immediately un-
derstood in quantitative terms. For instance, the role of
the refractoriness that follows each spike (i.e., tref ), with
respect to the limiting of the maximal mean output fre-
quency, either in the deterministic ðs2¼ 0Þ or in the noisy
regimes, is apparent from the linear dependence of
n � t�1

ref , as m is sufficiently large. Under these conditions,
the spike response evoked by Istim becomes insensitive on
both the mean injected current m and the fluctuations am-
plitude s. Furthermore, the minimal current amplitude
�gðVth � V0Þ (i.e., the rheobase), which is required to evoke
a sustained spiking response, under DC current stimula-
tion, is playing a different role as a noise-dominated re-
gime is considered, where neurons may fire as a
consequence of the input variance, even for negative
mean stimuli ðmo0; s2 > 0Þ.

Finally, as opposed to the conductance-based models,
one of the main advantages of the Integrate-and-Fire neu-
rons (Equation 4) is that their response properties to a
synaptic/external input drive can be related in a simple
way to a small set of effective parameters (Vth, Vreset, �g,
Cm—see Equation 4), which can be experimentally iden-
tified (20) and related to the biophysical properties of the
cells.

We also note that a direct experimental identification of
the parameters of the Integrate-and-Fire model has been
recently attempted in vitro for cortical rat neurons. Sur-
prisingly, the Integrate-and-Fire dynamics can indeed
quantitatively predict the discharge response properties
of real cortical neurons with high accuracy (20,21).

3. MODELING THE CHEMICAL SYNAPTIC TRANSMISSION

As our goal is modeling the electrical activity emerging
from neuronal interactions after the introduction of the
model of electrophysiological activity in single cells, one of
the most fundamental steps is the description of the
synaptic communication. The most common form of com-
munication between neurons involves the chemical synap-

tic release of neurotransmitter molecules (e.g., glutamate,
GABA, glycine, acetylcholine). Such a release lasts for a
fraction of a millisecond, and it is normally triggered by a
presynaptic action potential, which propagates through
the axon down to the synaptic boutons. The close spatial
proximity of the postsynaptic membrane to the presynap-
tic boutons lets the neurotransmitter molecules diffuse in
the synaptic cleft and activate the molecular recognition
devices, corresponding to postsynaptic membrane recep-
tors. These receptors are highly selective and constitute,
in most of the cases, a class of ligand-gated ion channels.
Reminiscent of the description of the voltage-dependent
membrane ion conductances, it is possible to introduce a
similar mathematical description that accounts for the
transient changes of the postsynaptic receptor conduc-
tance as a function of the instantaneous concentration of
the ligand molecules in the cleft.

3.1. A Kinetic Markov Model of Neurotransmitter-Gated
Postsynaptic Receptors

The total postsynaptic current caused by N independent
ionotropic synaptic contacts can be expressed by the ohmic
formalism, already employed for the intrinsic ion currents
(3,22):

Isyn¼
X

N

i¼ 1

giðtÞðEsyn i � VÞ; ð6Þ

where V is the postsynaptic potential and Esyn i is the
synaptic apparent reversal potential related to the specific
ion specie the receptors are selective to (e.g., 0mV for ex-
citatory glutamatergic synapses and � 80mV for inhibi-
tory GABAergic synapses). The time course of each
synaptic conductance gi(t) can be defined according to
the state diagram of a Markov model (see Equation 7),
operationally grouping the functional configurations of an
ion channel population in several states, each character-
ized by distinct conductances. Transitions from one state
to the other are usually spontaneous or they require the
neurotransmitter molecules to interact with the receptors.
As mentioned, gi(t) is related to the open-state conduc-
tance(s) of the receptors. Typically, postsynaptic receptors
that can be characterized by two functional states (e.g.,
the open state and the closed state); but the same ap-
proach can be used in more complicated situations (22).
Quantitatively, we may write:

giðtÞ / ½TR
�
i � 8i¼ 1; . . . ;N:

RiþTi #
a

b
TR�i ½Ri� þ ½TR

�
i � ¼1; ð7Þ

where Ti represents the actual concentration of neuro-
transmitter molecules in the cleft, and a; b; ½Ri�, and ½TR�i �
are the forward and backward rate constants for trans-
mitter binding and the unbound and the bound fraction of
postsynaptic membrane receptors, respectively. If we de-
fine the maximal synaptic conductance �gsyn (i.e., the ab-
solute synaptic strength) and the fraction of ligand-gated
channels in the functional open state ri, for the generic ith
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afferent synapse, then, by definition

giðtÞ¼ �gsynriðtÞ 8i¼ 1; . . . ;N:

The previous kinetic scheme is equivalent to a differen-
tial equation, so that, given a large number of ion channels
and neglecting statistical fluctuations (23), riðtÞ satisfies
the following equation

driðtÞ

dt
¼ � briðtÞþ aTiðtÞð1� riðtÞÞ: ð8Þ

Assuming that the transmitter concentration TiðtÞ in
the synaptic cleft occurs as a pulse of amplitude Tmax and
duration Cdur, triggered by a presynaptic action potential,
a closed solution of Equation 8 exists, and its efficient it-
erative calculation can be expressed as follows:

riðtþDtÞ

¼

riðtÞexpð�Dt=trÞ if ti > ðtþDtÞ > tiþCdur

þ ð1� expð�Dt=trÞÞr1

riðtÞexpð�bDtÞ if ðtþDtÞ > tiþCdur
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:

ð9Þ

where r1 and tr are constants defined in Table 1, Dt is the
simulation discrete-time step size, and �ti is the last occur-
rence time of a presynaptic action potential at the ith syn-

apse. Such a model describes how, upon a presynaptic
spike emission, the concentration Ti changes as a brief,
piecewise-constant pulse that leads to the activation of the
fraction of postsynaptic receptors in the open state riðtÞ
(Fig. 3a–c), which induces a transient change in the mem-
brane synaptic conductances at the postsynaptic neurons
and results in excitatory (i.e., depolarizing) or inhibitory
(i.e., hyperpolarizing) postsynaptic potentials (EPSPs/
IPSPs) (Fig. 3a–c).

Finally, it is interesting to note that such a model im-
plicitly accounts for saturation and summation of multiple
presynaptic events (Fig. 3c), and it is efficiently computed
at each simulation time step, with very small CPU loads
and no approximation, by Equation 9. Although further
algorithmic techniques for the fast calculation of the over-
all synaptic current (Equation 6) can be devised (24,25),
Equations 4 and 6 for each neuron, and Equation 9 for
each synapse, constitute an appropriate description level
to perform extended computer simulations of the activity
of a network (26) (Figs. 4 and 5).

3.2. Introducing Short-Term Homosynaptic Responses
Depression

Recently, the dependence of synaptic responses to the
presynaptic activity history was experimentally investi-
gated at the central synapse and found to considerably
modulate signal transmission between pairs of in vitro
neocortical neurons (27) in a frequency-dependent man-
ner. A phenomenological model has been proposed to
quantify such dynamic behavior by means of the defini-
tion of a limited amount of resources available for signal
transduction at each synapse (2,28). This model accounts
for the so-called homosynaptic short-term depression, as it
involves subcellular mechanisms that depend exclusively
on the presynaptic activity history (i.e., not on the corre-
lated pre- and postsynaptic activation), and it occurs over
a time scale of a few hundreds of milliseconds.

Possible biophysical correlates of such short-term de-
pression include postsynaptic receptors desensitization
(Fig. 4a) as well as presynaptic ready-releasable neuro-
transmitter vesicle pool depletion (Fig. 4b). Both models
can be represented by a three-state kinetic scheme, as
sketched in Fig. 4. Compared with the model of postsy-
naptic receptor discussed in the previous section, an ad-
ditional transition from the bound state to an inactive
state Rinact has been added (Fig. 4a). In such a state,
transmitter-gated channels are inactivated and function-
ally closed, and the slow recovery to the unbound state
occurs with a rate g. b represents the rate of inactivation,
and a represents the probability of the ligand-receptor
binding per unit of time.

In the kinetic description depicted in Fig. 4b, short-
term plasticities are instead assumed to result from the
presynaptic dynamics of neurotransmitter vesicles, in-
cluding their exocytosis, depletion, and refilling. This de-
scription assumes that the amount of neurotransmitter
released in the cleft depends on the previous synaptic ac-
tivity, determining the availability of a ready-releasable
vesicle pool. In particular, Z represents the decay rate of
the actual concentration of neurotransmitter in the cleft,

Table 1. Numerical parameters employed in the computer-
simulations of Figs. 1–6

Symbol Value

tn 0.1ms

V1 �1mV

V2 15mV
V3 10mV

V4 14.5mV

ENa 100mV
EK �70mV

Eleak �50mV

Esyn 0mV

V0 �65mV
Cm 1 mF/cm2

�gNa 0.75mS/cm2

�gK 1.49mS/cm2

�gleak 0.5mS/cm2

�gNa 10–100000
�g 0.05mS
�gi 0.05/NmS
N 10–100000
Tmax 1mM

Cdur 1ms

trec 400ms
fi 0.75
a 2ms� 1mM� 1

b 1ms� 1

rN ðaTmaxÞ=ðaTmaxþbÞ
tr ðaTmaxþbÞ�1
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because of enzymes and reuptake mechanisms, whereas m
is the rate of recovery phenomena such as the endocytosis
or the docking of new vesicles to the presynaptic mem-
brane.

The two models lead to an equivalent phenomenologi-
cal description that can be considerably simplified as a
single-state process and combined to the kinetic model
synapse introduced in the previous section. These models
predict that, as result of the activity at a particular syn-
apse, the amplitude of subsequent EPSPs/IPSPs in a train
is not constant (Fig. 3d–f). Instead, the synaptic transduc-
tion of signals from the presynaptic neuron is character-
ized by a kind of effective fatigue (or facilitation—Fig. 3f),
which result in a frequency-dependent modulation of the
postsynaptic responses.

For the sake of simplicity, it can be proved the models of
Fig. 4 can be equivalently rephrased by rewriting giðtÞ as

follows:

giðtÞ ¼ �giziðtÞriðtÞ: ð10Þ

ziðtÞ is a positive-state variable (29) that exponentially ap-
proaches 1 between any two subsequent presynaptic
spikes. Such a process is characterized by an equivalent
recovery time constant, trec, associated to the biophysical
short-term mechanisms (i.e., trec � e�1 or trec � g�1—see
Fig. 4):

dziðtÞ

dt
¼
ð1� ziðtÞÞ

trec
:

However, each time an incoming presynaptic spike in-
duces the activation of the ith synapse, ziðtÞ must be re-
duced by a constant fraction fo1 (f > 1, for facilitating
synapses—Fig. 3f).

zi ! zif

In Fig. 3d–f, the results from the computer simulations
of Equations 4, 6, and 10 are reported for a two-neuron
circuit, showing that, for a given presynaptic spike train,
the postsynaptic response can be affected substantially by
the underlying short-term synaptic dynamics. The impact
on the network collective activity of the short-term synap-
tic responses depression may have quite dramatic conse-
quences, which will be discussed in the following sections.
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Figure 3. Model of chemical synaptic transmission and short-term plasticities: the kinetic model
(Equations 7–9) was computer-simulated in the case of an excitatory connection between two model
neurons (i.e., Esyn¼0mV). (a–d) The emission of a single presynaptic action potential, or of a train
of action potentials (lower traces), evokes a transient postsynaptic receptor activation and, thus, a
change in the total synaptic excitatory conductance (middle traces), which leads to a single or a
series of excitatory postsynaptic potentials (EPSPs) (upper traces), which show temporal summa-
tion because of the capacitive properties of the postsynaptic membrane.
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Figure 4. Markov kinetic schemes for (a) a simple form of postsy-
naptic receptors inactivation and (b) the presynaptic dynamics of
the neurotransmitter vesicle pool, including exocytosis, depletion,
refilling, and its interaction with postsynaptic receptors.
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4. COMPUTER SIMULATIONS

4.1. Bistability in a Network of Excitatory Neurons

As a striking example of a network property emerging
from the synaptic interactions between neurons and not
characterizing the discharge response of isolated cells, we
review the existence of regimes of reverberating self-sus-
tained asynchronous activity (i.e., a network bistability) in
networks of excitatory neurons. This class of phenomena
has been extensively investigated and related to the evi-
dences of in vivo electrophysiological experiments aimed
at dissecting the cellular bases of mnemonic associations,
working-memory states, and the delay-activity observed
in match-to-sample behavioral task experiments (30).
During these kinds of experiments, trained primates are
instructed to memorize a transient visual stimulus, and
later compare it with a second stimulus occurring tens of
seconds later in pair-wise associations. During simulta-
neous chronic recording of singe-unit cortical activity in
the infero-temporal cortex, as well as in many other asso-
ciative areas, the spiking activity of most of the neurons
that strongly respond selectively to the first stimulus show
a delayed enhanced activation, compared with the level of
spontaneous activity, which persists in the absence of any
visual stimulation (7).

The theoretical works who first explored the analogy
between such in vivo experimental results and multista-
bility in neuronal distributed systems (11,31,32) proposed
network bistability as a paradigmatic example of collec-
tive emerging phenomena, which might act as the com-
putational substrate of a working memory. Following such
a hypothesis, in this section, we introduce and focus on a
single homogenous population representing only a small
portion of a larger neuronal population. These neurons are
supposed to selectively respond to a particular visual stim-
ulus, and, under some conditions, show enhanced electri-
cal activity after stimulus removal, replicating the results
of delayed match-to-sample experiments.

Under these perspectives, network bistability might
underlie several kinds of associative computations, effi-
ciently maintaining an internal (working) neuronal rep-

resentation whose persistence is ensured by the strong
cortical recurrent excitation (33).

We consider a homogeneous population of neurons
characterized by unstructured topological arrangement
of the connections (Fig. 5). Although the results we are
going to discuss do not depend on the specific mathemat-
ical model neurons or synapses, we simulated a network of
integrate-and-fire neurons connected by the kinetic syn-
apses, as introduced in the previous section. Therefore, a
population of N cells randomly connected with a fixed
probability Cee was simulated by a system of N simulta-
neous differential equations (see Equation 4). Individual
nondepressing synapses, between any two connected neu-
rons (i.e., up to N2), were described by Equations 6 and 9,
and it was further assumed that an additional background
synaptic activity influenced each neuron of the network,
which is reminiscent of an unmodeled set of afferents that
are independent of the activity of the simulated network
and spontaneously active. Under these conditions, the
membrane voltage of each neuron randomly fluctuates,
as in a random walk, and a low-rate asynchronous emis-
sion of action potentials characterizes the global activity of
the network (see Fig. 5a), which appears to be a realistic
model of electrophysiological recordings performed in the
intact cortex of behaving animals as well as in in vitro
cultured networks of dissociated neurons (21): The mem-
brane voltage of cells is fluctuating (34), and a spontane-
ous irregular spike emission occurs (11).

The result of the computer simulations points out
clearly that, if a large fraction of the neurons receives a
transient depolarizing input, and therefore increases its
level of activity, an assembly of coactive neurons may de-
velop, spread to the entire population, and last indefi-
nitely (see Fig. 5). This result is a consequence of the
recruitment of the appropriate number of recurrent excit-
atory synaptic inputs, which can self-sustain a net recur-
rent input, even without external stimulation, as in a
positive feedback system, which produces a bistable col-
lective network response, resembling an elementary re-
verberating mechanism to actively preserve memory
traces as neuronal representations. Once started, the
spiking activity may last, even when the external input
is removed, in a self-sustained manner. Such a phenome-

(a) (b) (c)

rate

Vc

Vb

Va

Figure 5. Bistability as a network emerging phenome-
non in a population of 300 model neurons randomly and
recurrently connected by excitatory synapses: Each pa-
nel contains the temporal evolution of an external back-
ground current stimulation (top trace), the membrane
voltages VaðtÞ;VbðtÞ;VcðtÞ of three neurons taken by
chance, the raster plot of the spikes emitted by a subset
of the network (middle panels), and the overall popula-
tion mean firing rate (bottom trace), estimated over a
10ms sliding time window, as a peristimulus time histo-
gram.
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non is a consequence of the synaptic interactions, as a
population of uncoupled neurons (Fig. 5a), receiving the
same transient external input stimulation, increasing its
firing rate, and immediately relaxing back to the level of
spontaneous activity. It is therefore not requested that the
spike response of individual neurons is bistable, and it is
usually the case in vivo and as it can be tested by DC
current injection in the model (see Fig. 1). Under the ap-
propriate conditions, when embedded in a population of
synaptically interacting units, neurons may receive an
additional (recurrent) synaptic drive that depends on their
own firing, sufficient to keep such a regime indefinitely, in
a self-consistent input-output relationship.

We further mention that a similar collective phenome-
non may also auto-organize and emerge from a correlated
activity pattern, imposed by an external stimulation, and
consolidated by the activity-dependent long-term
strengthening of synaptic efficacies. Within a particular
range of synaptic potentiation, the activity of the network
can therefore sustain two stable collective dynamical equi-
libria, one at the level of the global spontaneous activity
(e.g., 1–5Hz) and the other at a higher firing rate (e.g.,
30Hz), similar to what was observed in in vivo.

We conclude the present section underlying that, in the
general case of cortical networks, the activation of inhib-
itory populations has been demonstrated to play a funda-
mental role. In particular, because of the intrinsic impact
on the postsynaptic neurons, synaptic inhibition is ex-
pected to lower the output mean spiking rate, reproducing
more closely the experimental single-electrode recordings
(35). Most importantly, inhibitory populations have been
hypothesized to participate in the generation of competi-
tion across different stimulus-selective populations.

4.2. Computations in a Network with Short-Term Depressing
Synapses

As anticipated in the previous section, short-term synaptic
depression may contribute to increase the dynamical
range of collective phenomena developing in a network
of neurons. Here, we present the results of computer sim-
ulations in feed-forward network architectures, as
sketched in Fig. 6, where homosynaptic short-term de-
pression was included. In a first simulation (Fig. 6a), the
corresponding presynaptic afferent activation was mod-
eled as independent random events by identical Poisson
process whose mean activation rate npre step-changed from
20Hz to 90Hz. As expected, when the simulated afferent
synaptic activation changes, a new steady state is quickly
reached and the total net current experienced by the
postsynaptic neuron increases. If the new presynaptic ac-
tivity level is sufficient to depolarize enough of the postsy-
naptic membrane voltage, a postsynaptic integrate-and-
fire neuron, receiving nondepressing synapses, discharges
irregularly and indefinitely, which is a consequence of a
proportional relationship between presynaptic population
mean firing rate and the average resulting postsynaptic
input current under an asynchronous presynaptic regime,
because nondepressing synapses are performing a tempo-
ral integration of incoming spikes.

However, as short-term depression was introduced in
the synapses, its firing response did not encode the presy-
naptic mean activity level anymore but, instead, the oc-
currence time of the transition in the background activity.
Although the details of the computer simulation are indi-
cated in the figure caption (see Fig. 6), an explanation of
such phenomenon can be given through an approximate
description: For a normal synapse, the average conduc-
tance change is given by Dgi / Dnpre, whereas for a de-
pressing synapse, it is Dgi / Dnpre=npre (29). As a
consequence, whereas in the first case the synaptic con-
ductance acts as a low-pass filter, in the second case, the
depressing synapses act as high-pass filters, unable to re-
spond to constant presynaptic activity level but signaling
its temporal transitions.

Such kind of derivative response might be exploited by
the nervous system to perform other kinds of computa-
tions. The very same model synapse actually can indeed
predict the direction selectivity emerging in the neurons of
the mammalian primary visual cortex under visual stim-
ulation (36). By employing a retinotopic excitatory synap-
tic projection, arranged as an alternation of depressing
and normal synaptic afferents, the postsynaptic neuron
will be driven by two overlapping synaptic contributions:

20 Hz 90 Hz

Gd

Gn

V

V

stimulus moving UP

V
stimulus moving DOWN

V

(a)

(b)

Figure 6. Short-term synaptic depression may contribute to pro-
cess incoming information in feed-forward model networks. (a)
Two identical integrate-and-fire models, one receiving short-term
depressing synaptic afferents (i.e., fio1) and the other receiving
nondepressing synaptic inputs (i.e., fi¼1), detect different fea-
tures in the time course of the mean level of asynchronous back-
ground activity. Actually, if the mean level of background activity
step changes from 20Hz to 90Hz, the previously silent neuron
responds by a burst of action potentials, signaling the change,
whereas the other starts to fire tonically, encoding the new input
mean level in its output firing rate. The plot reports the time
evolution of the mean firing rate of the presynaptic population,
the raster plot of the spikes emitted by a subset of the presynaptic
afferents (top panels), and the total postsynaptic conductances
GdðtÞ and GnðtÞ, together with the corresponding neuron mem-
brane voltage VðtÞ.
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one in phase with the moving stimulus and the other
characterized by a fixed phase-lag. Such a phase-lag is
consequence of the derivative response properties of each
depressing synapse and resembles what would be pro-
duced by a high-pass filter. Because of the linear super-
position of such contributions at the postsynaptic neuron,
there will be only one particular activation order (i.e., first
depressing synapse, then nondepressing) that will result
in a constructive interference between the two subpopu-
lations.

As a consequence, the output neuron will receive a net
input drive sufficiently large enough to fire, only when the
two synaptic waveforms are somehow in phase, producing
a response that is selective to one sliding direction only.

5. CONCLUSION: AIMS OF MATHEMATICAL MODELING
AND COMPUTER SIMULATIONS

Modeling constitutes an important complementary tool to
the experimental techniques in vivo and in vitro (37), sim-
ilar to other scientific fields such as physics and engineer-
ing. In the context of biological sciences, such an approach
is in full agreement with the typical perspectives of ne-
uroengineering (38): Modeling is essential in addressing
conceptual issues that develop from the study of the ner-
vous system at different description levels. Many advan-
tages exist: (i) A quantitative model can make the
dynamics of a complex neurobiological system, constituted
by many interacting components, more accessible; (ii)
brand new phenomena may be discovered by comparing
the predictions of analytic solutions and numerical com-
puter simulations with the experimental results and,
more importantly, new experiments can be designed on
the bases of those predictions; (iii) experiments that are
considerably difficult or impossible to perform in real bi-
ological preparations (i.e., such as the selective lesion of a
particular molecular or cellular mechanism, or the explo-
ration of unphysiological synaptic arrangements) can be
effectively simulated by the use of a model. As mentioned
in the introduction, one strategy consists of simulations
that try to incorporate as many of the cellular details as
possible. Although such an approach can be very useful,
the realism of the model is a weakness and a strength at
the same time: As the model is made increasingly realistic
by adding more details and parameters (e.g., the distribu-
tion of a variety of active ion-channels and the multicom-
partmental reconstructed morphology of the dendritic
branching), the simulation might turn to be as poorly un-
derstood as the studied neurobiological system itself.
Equally worrisome, as all the cellular details are not yet
know, is that important features may be left out, thus af-
fecting the results. Finally, realistic simulations of a net-
work of neurons are highly computation-intensive.
Present constraints limit simulations to small-scale sys-
tems or to the subcomponents of a more complex system.
Only recently has sufficient computational power been
available to go beyond the simplest models.

On the other hand, when the interest is mainly focused
on the network level, a simplified description of individual
neurons and synapses, as those provided in this contribu-

tion, may successfully lead to a deeper understanding of
the collective electrophysiological activity. More impor-
tantly, in this case, extended computer simulations can
be approached, so that realistic network sizes and time
scales can be studied and compared with real data (21,39).
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1. INTRODUCTION

Electronics specifically applied to biomedical applications
may be divided into two main categories: data acquisition
and therapy. Data acquisition involves acquiring, process-
ing, and recording signals from the body whereas therapy
involves the application of energy or therapeutic agents
(e.g., pharmaceuticals) to the body. The fact that biomed-
ical electronics must interface with a living body gener-
ates a unique set of safety requirements. Other unique
requirements develop from a need for small size and low
power consumption because of limited space or a need for
battery power. Implantable devices with extraordinary
computational ability fitting within a volume of less
than 30ml with lifetimes of up to ten years are perhaps
the most extreme example of the genre and must embody
all of these characteristics.

A generic biomedical electronic system embodying all
the usual components involved in data acquisition and
therapy is shown in Fig. 1. Biological information is input
into the system from sensors with analog or digital out-

puts. After signal conditioning, which may include ampli-
fication, filtering, demodulation, and multiplexing, the
analog signals are digitized by an analog-to-digital (A/D)
converter and output to a digital microcomputer (i.e., con-
troller or signal processor). Digital signals are clocked into
the microcomputer directly through a digital input–output
(I/O) interface. The real-time microcomputer then records
or processes the acquired digital data and controls therapy
based on the resulting information. Changes in therapy
(e.g., change in rate, energy, or site of electrical pacing;
change in direction or amplitude of mechanical movement;
change in the rate of drug infusion) are realized through
digital and analog (after D/A conversion) control of actu-
ators.

As, in most cases, electronics is directly connected to
the living tissue/organ or patient through electrodes,
safety considerations must be included in the design. Gal-
vanic isolation between the medical-grade power supply
and the instrument from one side, and between the in-
strument and patient from the other side, is required.

Finally, biomedical devices are commonly connected to
data storage devices and to one or more information net-
works. Networks specific to medical applications include
body area (BAN) and personal area (PAN) networks as
well as wired or wireless public networks (i.e., the Inter-
net). The systemmay use USB, Bluetooth, ZigBee, or some
near-field communication means for both data transmis-
sion and energy transmission.

This chapter will concentrate on technologies, circuits,
and systems particularly applicable to portable/handheld
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and wearable/implantable devices where low-power and
low-voltage operation are either desirable or necessary.

2. DEVELOPMENT COURSE

The invention of the transistor in 1947 forever changed
the electronics world. The manufacture of the silicon tran-
sistor in 1954 similarly affected biomedical electronics. In
1958, Swedish engineer Rune Elmqvist designed and built
the first implantable pacemaker, which consisted of two
bipolar silicon transistors and a few other components.
The implant of this pacemaker by Swedish physician Åke
Senning ushered in the era of implantable electronics. The
later invention of the integrated circuit in 1958 by Jack
Kilby (Nobel price winner in 2000) and Robert Noyce
firmly established bipolar technology using silicon as the
semiconductor material as an industry standard.

Bipolar transistors (BT) have low voltage noise char-
acteristics, about 1 nV/Hz1/2 RMS spectral density. There-
fore, biomedical amplifiers using this technology exhibit
low noise in applications that involve signals from rela-
tively low-impedance (o1kOhm) sensors at frequencies
ranging from direct current (DC) to hundreds of MHz. As
it is easy to manufacture bipolar transistors with similar
characteristics in integrated circuits, matched circuits
with a small difference in base-emitter voltage drop, low-
voltage offset o1mV, and small temperature drift (E5mV/
1K) can be designed for DC applications (1). Less desirable
characteristics include input currents of approximately
100nA with accompanying current noise about 1 pA/Hz1/2

RMS spectral density, relatively low base-to-emitter input
resistance, from 1 to 100 kOhm, and current consumption
per transistor more than one microampere.

Commercial field effect transistors with reversely bi-
ased p-n junction gate (JFET) with input currents three
orders of magnitude smaller than bipolar transistors (i.e.,
picoamp range) and 100MO range input resistance be-
came available in the late 1960s. Unfortunately, all the
other operating characteristics of JFETs are worse than
those of bipolar transistors.

Concurrently, the insulated metal gate field effect tran-
sistor, MOSFET, came into use, primarily in digital elec-
tronics, but also in radio-frequency (RF) analog circuitry.
These MOSFETs were high-speed devices with super-
high-input resistance and practically zero level input cur-
rent, but they were too noisy for applications in wide-band
analog circuits, especially for amplification of low-fre-
quency or DC signals. Shortly afterwards, complementary
n- and p-channel MOSFETs (CMOS) revolutionized digi-
tal circuits (1) permitting the inclusion of tens and hun-
dreds of millions of transistors in one digital chip.

At the beginning of twenty-first century, CMOS tech-
nology also dominates in analog circuitry (2). Modern
CMOS analog circuit characteristics exceed even bipolar
circuits with voltage offset of 100nV, and temperature
drift 25nV/1K. At about 3nV/Hz1/2 spectral density, volt-
age noise is somewhat higher but current noise is practi-
cally absent. As the same CMOS technology can be used
for both analog and digital circuits, it is possible to design
mixed signal analog/digital integrated microchips. This

approach is already popular and this trend is sure to ac-
celerate, particularly in low-voltage and super-low-power
biomedical electronics. Bipolar transistors are now used
only in addition to CMOS technology (Bi-CMOS) to meet
particular requirements, for example, at the input when
low noise level is crucial or at the output when high-level
(more than 1A) currents are to be handled at high speed.

3. BIOSIGNAL AMPLIFIER

The primary function of biomedical electronics is the re-
covery of small analog signals corrupted by noise and dis-
turbances from sensors and electrodes with minimal
distortions. The next task is conditioning of analog sig-
nals (amplification, filtering, demodulation, sampling, and
holding) before digitizing to get the highest resolution and
maximal effective number of bits (ENOB) (see also ANALOG

TO DIGITAL CONVERSION). The accomplishment of both of
these tasks demands well-designed or correctly chosen bi-
osignal amplifiers. Figure 2 illustrates a generalized dif-
ferential biosignal amplifier with a signal source at the
input and a load at the output.

Typically, the biosignal amplifier has a differential
stage at the input to suppress common mode signal
VCM ¼ ðVIN1þVIN2Þ=2, which appears at both inputs si-
multaneously, and to amplify the differential signal
Vd¼VIN1 � VIN2. A typical common mode signal is an in-
duced or radiated power line 50/60Hz disturbance. Also,
communication and other interferences can generate un-
wanted common mode signal, which can be much stronger
than sensor signals. The extracted differential signal is
amplified in the amplification stage and output to the load
through the output stage, which can behave either as a
voltage source with low-output impedance or as a current
source with high-output impedance (see also BIOMEDICAL

AMPLIFIERS).
The amplifier in Fig. 2 can be either an operational

amplifier with high ðGD¼ 104 to 106Þ, but indeterminate,
differential gain or an instrumentation amplifier with
lower, but precisely determined, gain, typically GD¼ 1 to
1000. Classically, the input and output signals are both
voltages, but it is not uncommon for biomedical circuits,
especially integrated circuits, to use current output am-
plifiers or operational transconductance amplifiers (OTA).
In these circuits, the gain is characterized as transcon-
ductance, GD, in units of mA/V or mS (milli-Siemens).
Penetration of the common mode voltage VCM to the out-
put is characterized by the common mode gain GCM{1.
The common mode rejection ratio for the complete ampli-
fier is defined as CMRR¼ 20 � log10ðGD=GCMÞdB. The
CMRR is an important parameter. For example, in a prac-
tical case where VCM ¼ 1V and Vd¼ 1mV, the CMRR¼
100 dB or 105 is required to limit the relative error caused
by VCM to 1%.

The CMRR value is determined by the exactness with
which signals are subtracted in the differential stage.
Therefore, this stage must be very symmetrical with re-
spect to its two inputs, which is accomplished by making
the transistors in the two branches of the circuit as iden-
tical as possible.
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Modern analog biomedical electronics use low-voltage
power supplies operating at 1.8 to 2.5V. To operate with
up to 1V RMS signals is reasonable to obtain acceptable
signal-to-noise ratio. Therefore, it is necessary to use the
voltage range between power supply rails cleverly to avoid
distorting the waveform against the commonmode voltage
VCM at the input, and the output voltage VOUT at output
(see Fig. 2). Special rail-to-rail amplifier circuits have been
designed to achieve a wide dynamic range at both the out-
put and the input.

The value of input offset voltage, Voff, and its drift over
temperature and time are important in direct current
(DC) applications (1). The RMS value of spectral density
of noise voltage, in nV/(Hz)1/2, becomes critical (1) when
low-level signals are to be amplified. Finally, special at-
tention must be paid to the 1/f type increase of the spectral
density of noise at frequencies lower than some kHz (see
also NOISE IN INSTRUMENTATION).

Amplifiers exhibit inertia in their response to input
signals causing their gains to change with signal fre-
quency. Classic operational and transconductance ampli-
fiers have nearly the same frequency response as
integrators, that is, their gains are inversely proportional
to frequency dropping off at a rate of � 20dB/decade or
� 6 dB/octave (1,2). An important parameter is the tran-
sition frequency fTat which the overall gain is reduced to a
unity, G(fT)¼ 1. In voltage feedback amplifiers, gain (G)
and bandwidth (BW) product is constant and G � BW¼ fT
or BW¼ fT/G (1–5). However, when the current feedback
is used, the gain bandwidth product G � BW is not con-
stant in current feedback amplifiers. These amplifiers
have the advantage that higher closed-loop gains do not
necessitate proportional decreases in bandwidth (6). It is
especially important in programmable gain amplifiers
where the BW must remain almost constant when chang-
ing gain.

4. CMOS TECHNOLOGY

Biomedical electronics has used several integrated circuit
(IC) technologies, but the basic semiconductor material
has been silicon (Si) for decades. In the next 10 to 15 years,
silicon will most likely remain the primary substrate for
integrated circuits, and the prevailing silicon processing
technology will continuously be CMOS (Complementary
Metal-Oxyde-Semiconductor) for both analog circuits and
digital circuits. Currently, all digital circuits and more
than 90% of analog circuits in biomedical electronics are
implemented in CMOS. Low-voltage, low-current digital
CMOS designs using 90nm technology and operating at
microampere current consumption with 0.8 to 3.0 volt
power supplies are commonplace throughout the indus-
try. Some development is still necessary for analog cir-
cuitry, but serious efforts are underway to implement 1.0–
2.5V submicron CMOS analog circuits into pacemaker
electronics (3).

CMOS technology uses n-type and p-type conductivity
channels (complementary n-MOSFET and p-MOSFET),
which are controllable through an electric field developed
by a voltage VGS between a metal gate, G, insulated from
the channel by a super thin 1 to 5nm silicon dioxide SiO2

layer, and the source, S, at one end of the channel (Fig. 3).
At the other end of the channel is drain D, which is con-
nected to the voltage supply þV when it is an n-channel
and to �V when it is a p-channel. So, the drain current ID
becomes controllable by the gate to source voltage VGS (4).

Two types of channels in MOS technology exist (5). The
enhancement-type channels (Fig. 3) do not conduct cur-
rent when the control voltage is absent (VGS¼ 0). Charge
carriers will be induced into the channel only when the
forward-biased voltage VGS4VTH is applied (VTH-thresh-
old voltage, typically 0.5–1.5V or even lower).

The other one is a depletion-type channel, which is
conductive in the absence of control voltage (VGS¼ 0) and
a quiescent current IDSS flows through the channel. The

Figure 2. Differential biosignal amplifier.
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channel closes when the inverse VGS is higher than a
pinch-off voltage Vp (1,2).

Digital CMOS circuits use only the enhancement-type
MOSFETs. Analog CMOS circuits use both types of MOS-
FETs, but the enhancement type is generally preferred.

5. CMOS CELLS FOR DIGITAL AND SWITCHED MODE
ELECTRONICS

The basic digital CMOS cells are presented in Fig. 4,
where complementary pairs, the enhancement-type n-
channel and p-channel MOSFET transistors Q1 and Q2,
are connected serially. In CMOS switches (Fig. 5), the
complementary pairs are connected in parallel.

The circuit in Fig. 4a is known as a logic inverter (NOT
gate). When the input Vi has a low near-to-ground poten-
tial (logic 0), then the n-channel of Q2 is closed (does not
conduct) and the p-channel of Q1 is open (conducts). The
output voltage Vo has a high level, very near to þVCC

(logic 1). However, when the input Vi becomes high (logic
1), which means higher than threshold VTH,n of Q2 (see
Fig. 3), then the channel of Q2 opens, Q1 closes, and the
output Vo falls to ground potential (logic 0). Thus, the cir-
cuit performs a logic inversion Vo¼Vi.

In principle, current only flows through the circuit dur-
ing transitions (or switching) when a brief current pulse
passes from þVCC to ground through both transistors.
Therefore, current consumption depends on the pulse rate
appearing at the input and dynamic properties of the cir-
cuit (faster switching circuits consume less power). In ad-
dition, some leakage current flows from the channel to a
silicon substrate material through reversely biased p-n
junctions denoted as arrows in Fig. 4 and Fig. 5. These p-n
junctions form the interface between the channels and the

semiconductor substrate when bulk silicon processing is
used. When a silicon-on-insulator (SOI) process is used,
these p-n junctions are absent, and current leakage is
much smaller (3). The channels are not perfectly insu-
lated, even when Vi is lower than the threshold, which
results in some leakage current in the nanoampere range
in any case.

The basic NOR and NAND logic gates are shown in Fig.
4b and Fig. 4c. The NOR gate has two complementary
pairs of transistors connected serially (Q1 and Q2, and Q3
and Q4, respectively), whereas the n-channel transistors
Q2 and Q4 are connected in parallel and p-channel tran-
sistors Q1 and Q3 in serial mode. When both V1 and V2 are
low, then Vo has the high þVCC (logic 1). But when either
V1 OR V2 will become high, then Vo falls low (logic 0).

The NAND gate in Fig. 4c also has two complementary
pairs of transistors. The n-channel transistors Q2 and Q4
are connected serially and the p-channel transistors Ql
and Q2 are connected in parallel. When V1 or V2 is low,
then Vo is high. Only when V1 AND V2 are both high will
Vo be low (logic 0).

All other gates, including OR, AND, XOR (exclusive
OR), and XNOR (exclusive OR with inverted output) and
more complex components, such as triggers, registers,
counters, coders, as well as computer components, such
as arithmetical units, memories, peripheral interfaces,
and other programmable units, can be synthesized by
combining NOR, NAND, and NOT gates.

Several companies produce CMOS logic. For biomedical
applications, the advanced ultra-low-power AUP family
from Texas Instruments, for example, the NAND gate
SN74AUP1G00, NOR gate G02, and NOT gate G04, are
most suitable (7). These gates can work with power sup-
plies from 0.8 to 3.3V and consume 0.5 mA current at low
switching frequencies. In complex digital circuits, the av-
erage standby current consumption per gate remains in
the pA range because of intelligent power management,
wherein the power supply of subcircuits is switched off
automatically when they are not in use.

The CMOS pair transistors in a switch circuit in Fig. 5
is connected in parallel. The n-channel transistor Q1 is
controlled directly, but the p-channel transistor Q2 is con-
trolled through an inverter. As a result, both transistors
open (ON state) and close (OFF state) simultaneously. The
cell behaves like a bidirectional semiconductor switch
(Figs. 5b and 5c) and can be used as in analog as well as
in digital circuits. As the transistors are connected in par-
allel, the ON resistance rON depends weakly on polarity
and level of the voltage Vi to be switched. It is important
that Vi falls within the power supply limits (�V to þV).
Depending on size of the channel (low or high current
switch) and the supply voltage levels, the ON resistance
rON can be as low as few O or as high as a few thousand O.
Typically, the ON resistance changes about 10% with the
value of Vi (see Fig. 5d), but in ultra-low-power pacemaker
circuits (3), it can depend up to 50% on the level of Vi and
can reach tens of thousands of O.

CMOS switches play an important role in biomedical
electronics. In digital circuits, it sometimes makes sense to
use switch-based relay logic instead of classical logic gates
shown in Fig. 4, especially when the logic function is sim-
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ple. Switches are foundational components in switched
capacitor and switched current filters and amplifiers
(1,8,9) and synchronous demodulators (4,10). Switches
are essential building blocks of analog multiplexers
(Mux) and demultiplexers (Dmux), sample-and-hold (S/
H) circuits, and analog-to-digital (A/D) and digital-to-an-
alog (D/A) converters (1,9). CMOS switches with higher
power and voltage capabilities function as voltage multi-
pliers and pulse formers in pacemakers and defibrillators
(8,10), as pulse width modulators (PWM) for controlling
actuating power, and in isolating AC/DC and DC/DC con-
verters as power modulators and demodulators (5).

6. CHARACTERIZATION OF MOS TRANSISTORS IN CMOS
ANALOG CIRCUITS

The transconductance characteristics of CMOS transis-
tors, ID¼F(VGS) at VD¼ const, displayed in Fig. 3, are
nonlinear functions and have a quadratic form when VGS

is greater than threshold voltage (VGS4VTH):

ID¼KðVGS � VTHÞ
2: ð1Þ

Here, K is a constant that depends on the geometry of
the transistor, primarily on W/L (the width/length ratio
for the channel), and on the thickness of the silicon dioxide
layer between the gate and channel.

The most important parameter for MOS transistors is
the dynamic transconductance gm¼DID/DVGS at a con-
stant value of VD. The derivative of Equation 1 gives

gm¼2KðVGS � VTHÞ: ð2Þ

As from Equation 1 we can get K ¼ ID=ðVGS � VTHÞ
2, the

transconductance can also be expressed as

gm¼ 2ID=ðVGS � VTHÞ: ð3Þ

Modern low-voltage (VD¼ 1 to 3V) and low-current (ID
¼ 0.1 to 1mA) transistors have 80- to 160-nm long chan-
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nels and 2- to 5-nm thick dioxide layer (the breakthrough
voltage of 1-nm thick SiO2 layer is about 1V). The trans-
conductance for nanoampere transistors can be derived
from an experimental relationship, where gm/ID is about
15–25V� 1 (subthreshold regime, VGSoVTH). That is,
when ID¼ 100nA, the transconductance gm is at least
1.5 mA/V. Using a load resistance RL¼ 50MO, the voltage
gain, G¼gm � RL¼ 75, is reachable.

7. BASIC CELLS FOR ANALOG CMOS CIRCUITS

As shown in Fig. 6a, in addition to a matched pair of p-
channel (or n-channel) transistors, Q1 and Q2, a constant
current source and current mirror, are important compo-
nents of the differential stage (see Fig. 2) of amplifiers
commonly included in CMOS analog circuits. The output
current Iout proportional to the difference DVi between the
input voltages (Fig. 6a)

Iout¼ gDðDViÞGI ; ð4Þ

where gD, A/V is a differential transconductance.
Although more diverse types of analog circuits than

digital circuits exist, there are some traditional building
blocks or circuit cells that can be used for creating differ-
ent analog circuits. Perhaps the most frequently used cell
is a current mirror (CM), shown in Figs. 6b and 6c. The
implementation in Fig. 6b is based on p-channel transis-
tors, and the cell in Fig. 6c uses n-channel transistors. In
both cases, the transistor Q4 (or Q6) operates as a source
of current I controllable by bias current Ibias. Transistor
Q3 (or Q5) ensures a linear relationship (constant current
gain GI) between the currents I and Ibias. The current gain
GI depends on a difference of transconductances of the
transistors Q3 and Q4 (or Q5 and Q6). The current mirrors
can operate as an amplifier stage in biosignal amplifiers
(Fig. 2). When the current Ibias has a fixed value, the CM
functions as a constant current source (Fig. 6d).

8. DIFFERENTIAL CMOS BUILDING BLOCKS

The differential amplifier shown in Fig. 7a corresponds to
the amplifier in Fig. 2 with a current output. Both n-chan-
nel transistors Q1 and Q2 in a matched differential pair
work under equal conditions with no direct connection be-
tween the differential pair and output. Therefore, this
symmetrical differential amplifier is inherently more pre-
cise than the simpler differential circuit in Fig. 6a. This
building block is called as an operational transconduc-
tance amplifier (OTA) and is characterized by a differen-
tial voltage input and single-ended current output. The
main parameter of OTA is its differential transconduc-
tance gD with respect to the input voltage difference DVi.

The OTA with a rail-to-rail input is illustrated in Fig.
7b. It has two differential pairs of matched transistors (n-
channel pair Q1 and Q2, and p-channel pair Q3 and Q4) at
the input. This arrangement permits a symmetrical and
almost rail-to-rail voltage swing between power supply
voltages �VSS and þVDD at the input. This feature is
especially important in low-voltage circuits, where the
available range for voltage swing is narrow, especially
for common-mode voltages VCM (see Fig. 2) operating at
the both inputs simultaneously (1,3,4,10).

The use of current-mode circuits (CMC1 and CMC2 in
Fig. 7b) is characteristic to modern low-voltage circuits in
which designers must deal with a very limited voltage
range. By using current, the voltage responses can be kept
low. Current-mode techniques provide the only solution
for ultra-low-voltage (less than 1V) analog electronics in
the near future (6).

The novel circuit in Fig. 8a is called as differential dif-
ference amplifier (DDA). This amplifier has two precision
differential pairs of n-channel transistors (Q1;Q2, and
Q3;Q4) in parallel at the input, forming together with
current mirrors (CM1, CM2, and CM3) two identical op-
erational transconductance amplifiers OTA1 and OTA2
with equal transconductances gD and a common current
output (see Fig. 8b). The output current Iout is proportional
to the difference DV1�DV2 between two voltage differ-
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ences DV1 and DV2 at the inputs of these OTAs

Iout¼ gD �GI � ðDV1 � DV2Þ: ð5Þ

This new building block is suitable for a number of appli-
cations. An acceleration sensor signal amplifier (3) and a
grounded load-current source and integrator (11) are the
example medical applications.

9. OUTPUT STAGES OF CMOS ANALOG CIRCUITS

Two types of AB class CMOS output stages are illustrated
in Fig. 9; in each, a small quiescent current flows through

both transistors, n-channel Q1 and p-channel Q2. In a low-
impedance stage of Fig. 9a, where the output voltage is
taken from united sources of Q1 and Q2, the output im-
pedance can be computed through 1/g1 and 1/g2, where g1
and g2 are transconductances of the transistors. Under
real conditions, the output impedance may range from
100O to 100kO. Bipolar transistors may be added to ob-
tain the lower output impedance (Bi-CMOS technology).
This low-impedance output stage can be added to the high-
impedance current output of an OTA to transform opera-
tional transconductance amplifiers to classical voltage
output operational amplifiers (OA).

Figure 9b illustrates a high-impedance output stage,
where the output current Iout is taken from the united
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drains of transistors Q1 and Q2. The output impedance
depends strongly on the load voltage and can be as high as
hundreds of MO. This type of output stage is used in OTAs
and other low-power analog circuits, for example, in rail-
to-rail output voltage amplifiers (3).

10. A TRANSOR CIRCUIT

An interesting analog building block is described in Fig.
10. Two pairs of complementary transistors Ql; Q3 and Q2;
Q4 together with constant current sources and current
mirrors are connected to obtain a three-node (G – gate, S –
source, and D – drain) circuit cell with power supply volt-
ages þVDD and �VSS. The circuit behaves as a symmet-
rical MOS transistor (Fig. 10b), which has properties of n-
channel and p-channel MOSFETs at the same time (Fig.
3). In circuit theory, a similar component is known as
transconductor (6) or transor – a linear voltage-controlled
current source. The first implementation of a nearly ideal
transor is called as ‘‘diamond transistor’’ (Burr-Brown
OPA660 from Texas Instruments) (12). A similar compo-
nent AD844 from Analog Devices is known as current
conveyor. The transors can play an important role in the
future integrated circuits as current sources and current
feedback amplifiers (see Fig. 12).

11. VOLTAGE AND CURRENT FEEDBACK AMPLIFIERS

Integrated circuit amplifiers have poorly defined and un-
stable gains. This problem can be addressed by the addi-
tion of negative feedback (1–4). Figure 11 depicts a
noninverting voltage feedback operational amplifier OA
consisting of a differential input OTA and a low-imped-
ance output stage (Fig. 9a) operating as a voltage follower
(unity gain). The feedback factor is b¼R1/(R1þR2). As-
suming that the open-loop gain, A, is much larger than
closed-loop gain with feedback, the closed-loop gain can be
expressed as G¼ 1/b¼ 1þR2/R1. The open-loop gain, A, is

frequency-dependent because of a stray capacitance C
(Fig. 11). Thus, the complex transfer function is
AðjoÞ¼A0=ð1þ joTÞ, where T¼R3 �C is a time constant.
The Bode plot of the open-loop gain A(jo), shown in Fig.
13, has a maximum A0¼2 � 104, and a corner frequency fC
at 1/(2pT)¼ 50Hz. The transition frequency, where gain
falls to unity (G¼ 1), is fT¼ 107Hz. One can see that band-
width (BW) of the feedback amplifier is reciprocal to gain,
which means that gain and bandwidth product G � BW is
almost constant in voltage feedback systems (1–4).

The current feedback amplifier (4,6) in Fig. 12 is based
on two transors (see Fig. 10). The first transor, T1, oper-
ates as a voltage amplifier, and the other, T2, as a voltage
follower with near to unity gain. The open-loop frequency
response has a low-frequency gain A0¼ 2 � 103 and a corner
frequency fC at 105Hz (Fig. 14). The feedback chain is the
same as in the voltage feedback amplifier in Fig. 11, with
R2cR1. In this circuit, R1 plays a double role: it deter-
mines the feedback factor b¼R1/(R1þR2), and also the
gain of stage T1, which is the open-loop gain of the am-
plifier as well, A0¼ (R3)/R1. Changing the closed-loop gain
G¼ 1/b¼1þR2/R1 by changing R1 also changes the open-
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loop gain A0. As a matter of fact, the product A � b stays
almost constant. The closed-loop bandwidth also remains
constant (BW¼ 100kHz) when changing the gain G¼ 1þ
R2/R1 (see Fig. 14), which is a major advantage of current
feedback amplifiers in addition to their somewhat greater

bandwidth compared with voltage feedback amplifiers un-
der the same conditions.

12. INSTRUMENTATION AMPLIFIERS

An instrumentation amplifier (IA) is a differential ampli-
fier with a precisely determined gain G and a high com-
mon-mode rejection ratio CMRR (a measure of the relative
gain for differential voltage, DVi, versus common-mode
voltage, VCM).

Figure 15 describes a standard voltage feedback, three
operational amplifiers (OA)-based IA (1,4,5,10) with out-
put Vout¼DVi(1þ 2(R2/R1)). Gain for the common-mode
voltage VCM is always unity for the first differential stage
on OAl and OA2 independent of the values of Rl and R2,
which determine the gain for the differential signal DVi.
Therefore, the CMRR of the IA is G times that for differ-
ential amplifier, based on OA3. For example, when G¼
100, and CMMR of OA3 stage is 80 dB, the CMRR for the
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IA is 40þ 80¼ 120dB. As such, the instrumentation am-
plifiers are commercially available from several analog
electronics companies (e.g., Burr Brown INA118 from
Texas Instruments).

A current feedback IA in Fig. 16 is a fully differential
amplifier, which is built up using two pairs of transors. T1
and T2 operate as a feed-forward differential amplifier
with a gain determined by R1. Transors T3 and T4 operate
as a feedback amplifier with a gain determined by R2. As a
result, changing of the gain G¼R2=R1 does not affect the
bandwidth of IA (BW¼ const). As such, the instrumenta-
tion amplifiers AD620 and AMP01 are commercially avail-
able from Analog Devices (4).

Both types of instrumentation amplifiers IA are com-
monly used in biomedical instrumentation (4,10).

13. FULLY DIFFERENTIAL (SYMMETRICAL) AMPLIFIER

Fully differential amplifiers with differential input and
output enable the design of symmetrical circuits that are
much less sensitive to additive common-mode disturbance
than the single-ended circuits. Ideally, the entirely pro-
cessing chain from sensors to an A/D converter should
consist of symmetrical circuits. An example of a fully dif-
ferential amplifier is the AD8139 from Analog Devices,
depicted in Fig. 17. An interesting feature of this amplifier
is common-mode feedback (here, VC is a common-mode
voltage at the output). Independent of common-mode fea-
tures, an input for biasing (shifting) both outputs to a de-
sired level Vbias also exists.

14. LOW-VOLTAGE POWER SUPPLIES

Low-voltage (1 to 3V) circuits require, low power consum-
ing power supplies (13,14). Current solutions use CMOS
low drop-out (LDO) voltage supplies illustrated in Fig. 18.

In an LDO supply, a regulating p-MOS transistor Q1
operates in a weak inversion regime, where only tens of
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Therefore, all CMOS circuits include diode-based in-
ternal protection circuits. In addition, exterior protection
is required in medical applications, where pacing pulses,

defibrillation shock pulses, and electro-cautery present
potential hazards to circuitry (15).

Gas discharge surge arresters are most effective, oper-
ating at the largest current densities and presenting the
smallest capacitance. They, however, can limit overvoltage
at 50 to 70V level. Semiconductor limiters have smaller
voltages, but also much bigger capacitance (Fig. 26c and
26d). Anyway, the diode bridge circuit in Fig. 26d can suc-
cessfully compete with all others, except the gas discharge
surge arresters, which are expected to bear powerful elec-
trical charges from defibrillators and other electric shock
machines. Several kilovolts can be generated by an exter-
nal defibrillator during some milliseconds causing about
50A current pulses delivering up to 300 J of energy (15).
Implantable defibrillators generate hundreds of volts and
deliver about 30 J energy.

18. MIXED SIGNAL ANALOG/DIGITAL SYSTEMS ON CHIP

Advances in CMOS technology permit complex mixed sig-
nal analog and digital systems on the chip (SoC). Texas
Instruments has developed the mixed signal microcontrol-
ler family MSP430FG43XX, diagrammed in Fig. 27, espe-
cially optimized for portable/handheld medical devices
(20). The chip contains a multiplexed 12-input, 12-bit an-
alog-to-digital (A/D) converter with a 100kHz sampling
rate. The analog section also includes two 12-bit digital-to-
analog (D/A) converters and three configurable opera-
tional amplifiers (OA) with rail-to-rail inputs and outputs
and possibility to configure the OAs as programmable gain
inverting and noninverting units and instrumentation
amplifiers. In addition, the chip has a 48-pin digital in-
put/output port, and a serial asynchronous (UART) and
synchronous (SPI) communication interfaces. Using the
MSP430FG43XX family chip, the designer can make a
programmable signal-chain-on-chip (SCoC) class system
(signals from sensors to actuators) that can fulfil most of
the tasks shown in Fig. 1.

The digital section contains a 16-bit RISC CPU (central
processing unit) with a Flash memory and RAM, running
under a programmable clock with five power-saving
modes. A special feature is the flexible direct memory ac-
cess (DMA controller) providing data handling and trans-
fer without CPU interaction. Special care has been taken
to provide high reliability. The chip contains several sub-
units cooperating together as a supervisory controller,
which fulfils the tasks of a watchdog, interrupt/reset han-
dler, power brown-out controller, supply voltage supervi-
sor, and fail-safe clock provider. The supply voltage range

Vin Vout

Amp

R1

D2

Surge
arrester

D1

+V

–V

(a)

(b) (c) (d)

 Is   I –

   I +

Figure 26. Input protection of medical devices: a circuit diagram
(a), and gas discharge tube (b), bidirectional Zener diode (c), and a
Zener in diode bridge (d) as surge arresters.

Vin

M

Vout iin
Φ

iout

4 kV

iin
Φ1

iout

if.b
Φ2

iin

4 kV

(a) (b) (c)

Figure 24. Magnetic (a) and optical (b, c) isolation.

VDC, in

Isolation
transformer

M

Power
Modulator

Carrier
Generator

VDC, out

Cf
Cf

Power
Demodulator

M

Figure 25. Isolated power supply – a DC/DC converter.

BIOMEDICAL ELECTRONICS 13



IA is 40þ 80¼ 120dB. As such, the instrumentation am-
plifiers are commercially available from several analog
electronics companies (e.g., Burr Brown INA118 from
Texas Instruments).

A current feedback IA in Fig. 16 is a fully differential
amplifier, which is built up using two pairs of transors. T1
and T2 operate as a feed-forward differential amplifier
with a gain determined by R1. Transors T3 and T4 operate
as a feedback amplifier with a gain determined by R2. As a
result, changing of the gain G¼R2=R1 does not affect the
bandwidth of IA (BW¼ const). As such, the instrumenta-
tion amplifiers AD620 and AMP01 are commercially avail-
able from Analog Devices (4).

Both types of instrumentation amplifiers IA are com-
monly used in biomedical instrumentation (4,10).

13. FULLY DIFFERENTIAL (SYMMETRICAL) AMPLIFIER

Fully differential amplifiers with differential input and
output enable the design of symmetrical circuits that are
much less sensitive to additive common-mode disturbance
than the single-ended circuits. Ideally, the entirely pro-
cessing chain from sensors to an A/D converter should
consist of symmetrical circuits. An example of a fully dif-
ferential amplifier is the AD8139 from Analog Devices,
depicted in Fig. 17. An interesting feature of this amplifier
is common-mode feedback (here, VC is a common-mode
voltage at the output). Independent of common-mode fea-
tures, an input for biasing (shifting) both outputs to a de-
sired level Vbias also exists.

14. LOW-VOLTAGE POWER SUPPLIES

Low-voltage (1 to 3V) circuits require, low power consum-
ing power supplies (13,14). Current solutions use CMOS
low drop-out (LDO) voltage supplies illustrated in Fig. 18.

In an LDO supply, a regulating p-MOS transistor Q1
operates in a weak inversion regime, where only tens of

+iout

+ Vin

–Vin

RL

+ Vout

RL

R2
R1

–iout
–Vout

1

2

R

R
G =

T1

T2

T3

T4

Figure 16. Current feedback instrumentation amplifier.

R

R

Vbias +Vout1
Vin1

Vin2 Vbias +Vout 2

+

–

R2

inV∆

R2

R1

R1

outV∆

12; RRGGVV iout −=⋅∆=∆

Vbias

Full-
Differential
Amplifier

VC

Figure 17. Differential input/output amplifier.

+ Vin + Vout

RL

R2

( )121 RRVV REFout +=

REF

+

–

R1

C1

C2

Q1

VDO

Figure 18. Low drop-out (LDO) voltage supply.

1

221
R

R
G +=

+

–  R

+Vin

R1

Vout

 R

–

+

 R R

R2

–Vin

CVG +
∆V

1

−

∆V
–

+

 2

CVG +∆V
 2

OA1

OA2

OA3

Figure 15. Voltage feedback instrumentation amplifier.

10 BIOMEDICAL ELECTRONICS



software, particularly in patient-critical biomedical appli-
cations. Currently, the major limitation is software test-
ing. Without significant improvements in testing tools and
strategies, it will be difficult to meet the requirements of
regulatory bodies and to bring these more complex next-
generation systems to market.

20. SUMMARY

As biomedical electronics interfaces with living organ-
isms, the highest priority must be given to safety and re-
liability during the design and manufacturing process.
Thus, electrical isolation, fault mitigation, and output lim-
its must be included as a matter of course. Other unique
requirements develop from size, weight, and functional
life limitations, which are normally addressed by using
the latest low-power IC technology with high-power den-
sity batteries and packaging these components in biocom-
patible materials. Finally, the circuitry must function in
an electrically noisy environment necessitating symmetric
amplifier designs, shielding, and signal filtering as well as
careful control of any electrode interface. Strict attention
to these factors will greatly improve the chances of a suc-
cessful design.
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BIOMEDICAL PRODUCTS, INTERNATIONAL
STANDARDS FOR
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U.S. Food and Drug
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Rockville, Maryland

People have developed standards since the beginning of
recorded history, and probably earlier. Some were created
by decree. Some grew from a need for people to harmonize
activities or ideas with the changes in their environments.
All standards were developed to solve one problem or an-
other in an increasingly complex society. Today we develop
standards to allow a supplier and a user of goods or ser-
vices to describe to each other what is being supplied. We
develop standards to ensure or improve public safety and
health. We describe test procedures by which a product
might be compared with its expected performance. To
quote the Honorable William M. Daley, U.S. Secretary of
Commerce, ‘‘The needs of business drive standards.’’

In recent times, particularly since the end of World War
II and the development of the global economy, the concept
of international standards has developed and evolved. In
its simplest terms, an international standard is a stan-
dard developed by an international group of persons (in-
dividual interests, individual companies, or individual
countries) who are participants on the technical commit-
tee that develops the standard.

1. ‘‘STANDARD’’

What is a standard? A standard is nothing more than an
agreed to way of doing something. Standards are skillfully
constructed tools of industry, regulators, and commerce.
They are living documents. They might describe products,
specify their characteristics, or establish expected levels of
performance. They might also describe the production
process or the methods by which the product is tested.
They might also describe management processes or desir-
able behavior. Standards may be the specifications in a
contract. They may be a sign, a known symbol that signi-
fies integrity. Standards are a language of trade used by
buyers and sellers. They are passports to world markets.
They are regulations. Standards, when they are very good,
are synonymous with quality and market relevance. Stan-
dards can impart safety to products and interchangeabil-
ity to parts. Standards are references, weights, and
measures. They make the pieces fit.

First, a word about language. As in any other field,
people in standardization communicate with each other in
their own language. It is not difficult, it is not complicated
and outside of a technical committee, it is not technical. It
is merely colloquial. For instance, standards are not ‘‘set.’’
They are ‘‘developed.’’ People who develop standards are
‘‘participants.’’ Sometimes the word standard is an adjec-
tive, i.e., a standard specification or a standard test
method.

The taxonomy of standards can be viewed from at least
three distinct perspectives: by type, by developer, or by
scope.

1.1. Types of Standards

Terminology standards define the lexicon within which
the industry sector develops product, tests the product,
and describes its performance. Parametric standards in-
clude the terminology and define the important perfor-
mance variables for the product and describe the test
methods by which the variables will be characterized. Per-
formance standards include the information described in
parametric standards and establish the acceptable levels
of performance for the product.

1.2. Developers of Standards

Company Standards are intellectual property, developed
within the company for the company. A company standard
may be a specification for the product it manufactures or
describe the internal operating procedures of a particular
department. This group of documents also includes stan-
dards developed by an industry consortium, a group of
companies with similar interests. Voluntary standards,
also called consensus standards, are developed through a
consensus process. The operative words here are consen-
sus process, which will be discussed next. The final devel-
opers of standards, particularly for the biomedical
engineering sector, are governments. They develop regu-
latory standards. Typically, regulatory standards imple-
ment statues or establish minimum requirements when
public safety is threatened by the improper design, man-
ufacture, or use of a product.

No discussion of standards would be complete without
a brief discussion of the concept of consensus. The devel-
opment of standards is a process. Like any other process,
standards development is guided by a set of rules. The
adherence to the rules guarantees the integrity of the final
product, i.e., the consensus standard.

Rule Number One: The process must be open, which
means that a standards activity cannot be unduly exclu-
sive. For example, an industry standards activity cannot
be consensus if it purposefully excludes its smaller mem-
bers, its largest member, or any member. The industry
process usually admits only industry members, although
they may invite others. A full consensus process will in-
clude participants from three general categories: produc-
ers, users, and those with a general interest in the
outcome of the standard (this means they have no propri-
etary interest in the standard; they may be academics or
government representatives).

Some processes will admit only those from one country
or one region. The processes used by some international
standards development organizations will admit only one
official delegation per country. The rationale is as follows:
The number or kind of participants in the process is di-
rectly related to the use or acceptance of the standard.
That is, people who develop a standard, and/or people who
are invested in a particular process, are more likely to use
it. There are exceptions of course. One need only think of
the Microsoft Windows standard (a company standard) or
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the Internet Standards (developed by small, highly spe-
cialized teams). These standards have virtually universal
acceptance. But wide acceptance of standards developed
by narrow or selective groups are the exceptions, not the
norm.

1.3. Scope of Standards

The scope of standards describes either basic safety issues
(horizontal standards) or product-specific issues (vertical
standards). Horizontal standards indicate fundamental
concepts, principles, and requirements with regard to gen-
eral safety or effectiveness issues applicable to all types of,
or families of, products and processes. Examples of hori-
zontal standards are standards for risk assessment, bio-
compatibility, sterilization of medical products, or
electrical safety. Vertical standards indicate necessary
safety or effectiveness aspects of specific products or pro-
cesses, which make reference, wherever possible, to the
horizontal standards. Examples of vertical standards are
standards for heart valve performance, anesthesia ma-
chine performance, or total joint wear.

2. HISTORY OF STANDARDIZATION

In the early 1850s, the first consensus standards were de-
veloped almost simultaneously in the United States and in
the United Kingdom. The first products standardized were
machine screws and nuts. In the 1850s, the machine tool
industry was the biggest driver in the industrial econo-
mies of the two countries, the ‘‘dot-coms’’ of their era. Un-
fortunately, the standardized designs were different and
did not permit interoperability of parts. The consequences
were only of nuisance value until the armies of Britain
and the United States were allied against the Germans in
World War II in the deserts of North Africa. Then, bolts
and screws that were nominally identical did not fit the
war equipment operated by the two armies. The logistical
and financial consequences to the war effort were enor-
mous. After the war, the world was a different place than it
had been for the previous century. The business commu-
nity wanted to sell their products globally. An interna-
tional screw thread standard was established.

3. INTERNATIONAL STANDARDS

The definition of ‘‘international standard’’ provided here
can now be seen as a vast oversimplification. After the
above discussion, we can provide a more technically cor-
rect definition and a more complete understanding. An
international standard is, ultimately, one that is useful in
the global marketplace to enable the stakeholders in that
standard to do their business, whether it is sales, pur-
chasing of good or services, and regulation.

3.1. Development of International Standards

Like anything else with enormous potential for good, stan-
dards can create mischief. They move trade and make the
world healthier and safer. They transform chaos into order
and progress. They foster prosperity and make technology

available to those who do not have the means to create it.
But flip the coin, and these same wonderful inventions can
become instruments of unfair competition.

Before the General Agreement on Tariffs and Trade
(GATT),1 tariffs protected domestic markets from ‘‘foreign’’
producers. The tariff, for all practical purposes, is now
passé. With tariffs no longer creating wholesale unfair ad-
vantages and imbalances in the market, the WTO turned
its attention to the rising incidences of non-tariff obstacles,
or barriers to trade, and negotiated the Technical Barriers
to Trade Agreement (TBT).2 The TBT is an agreement
among governments. Its basic premise is that standards
used in regulation should not create unnecessary barriers
to trade. By the completion of the Second Triennial Review
of the TBT Agreement3 in 2000, 77 countries had certified
that their trade practices conformed. But in the final anal-
ysis, a standard is currency. The definition of interna-
tional, which is intended to confer credibility on the
standard, is related to the process by which the standard
is developed. Within the TBT, Annex 3 describes a ‘‘Code of
Good Practice for the preparation, adoption and applica-
tion of standards.’’ Code of Practice was amplified even
more to describe the process for development of interna-
tional standards in Annex 4 of the Second Triennial Re-
view. Annex 4 describes the principles by which the
process for development of international standards shall
operate. They are as follows:

Transparency—All essential information regarding
current work programs as well as proposals for stan-
dards, guides, and recommendations under consid-
eration, and the final results should be made easily
accessible to at least all interested parties. Proce-
dures should be established so that adequate time
and opportunities are provided for written com-
ments. The information on these procedures should
be effectively disseminated.

Openness—Membership of an international standard-
izing body should be open on a nondiscriminatory
basis to all interested parties. Any interested party
with an interest in a specific standardization activ-
ity should be provided with meaningful opportuni-
ties to participate at all stages of standard
development.

Impartiality and Consensus—All relevant parties
should be provided with meaningful opportunities
to contribute to the elaboration of an international
standard so that the standard development process
will not give privilege to, or favor, the interests of a
particular supplier/s, country/ies, or region/s. Con-
sensus procedures should be established that seek to

1The General Agreement on Tariffs and Trade (GATT) of 30 Oc-
tober 1947. The GATT 1994 established the World Trade Organi-
zation (WTO).
2The WTO Agreement on Technical Barriers to Trade; WTO,
1994.
3Second Triennial Review of the Operation and Implementation of
the Agreement on Technical Barriers to Trade; WTO, 13 Novem-
ber 2000.
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take into account the views of all parties concerned
and to reconcile any conflicting arguments.

Effectiveness and Relevance—International standards
should be relevant and effectively respond to regu-
latory and market needs, as well as scientific and
technological developments.

Coherence—To avoid the development of conflicting in-
ternational standards, it is important that interna-
tional standardizing bodies avoid duplication of, or
overlaps with, the work of other international stan-
dardizing bodies.

Development Dimension—Constraints on interested
parties from developing countries, in particular, to
effectively participate in standards development,
should be taken into consideration in the standards
development process.

4. INTERNATIONAL STANDARDS FOR BIOMEDICAL
ENGINEERING

For biomedical engineering, the development of stan-
dards, the roles they play in the management of product
risk, and the regulation of those products by governments
worldwide are inexorably linked.

Regulatory authorities develop and use standards of
many types at every level in the regulatory process. As the
complexity of biomedical products increases, the interac-
tion among developers, producers, and regulators to man-
age the risks posed by these products must increase.
Information on ‘‘standards of performance’’ that the reg-
ulators expect these products to achieve is of great impor-
tance to the regulated industry. Standards constitute the
medium of information exchange, encouraging coordina-
tion of technical discussions and information dissemina-
tion, and enabling more effective engagement among
stakeholders.

4.1. Risk Management

The fundamental principle of standards development for
biomedical engineering is risk management. The ideal
standard contains only the clauses that address specific
product risks and then provides information on risk re-
duction. For medical products, the risk management pro-
cess has been described in ISO standard 14971.4 An
evaluation of risk following the approach described by
this standard will lead through a hierarchal assessment of
risk types and remediation.

4.2. Standards and Regulation

Regulation of biomedical products throughout the inter-
national economy is greatly reliant on the use of the stan-
dards by the manufacturers of the products to describe
product performance, test methods, labeling, and han-
dling procedures using standards. Standards are only a

tool by which a product manufacturer can demonstrate
regulatory compliance. They are not regulation. Because
the use of the standards is voluntary, they give flexibility
to both the product manufacturer and the regulatory
agency. The product manufacturer can choose whether
to cite the standard in its application. The regulatory body
can take deviation from the standard, if necessary.

The use of consensus standards by governments in the
management of risk derived from biomedical products
raises the issue of ‘‘harmonization’’ of requirements.
‘‘Why should the regulatory requirements of one govern-
ment differ from those of another?’’ To address this con-
cern, the governments of the three global sectors, i.e.,
North America, Europe, and the Asian Rim, established
the Global Harmonization Task Force (GHTF). Recogniz-
ing that the statues regulating biomedical products differ
from country to country, GHTF has recognized the role of
standards in their regulation.5

Within the United States regulation of biomedical prod-
ucts is within the jurisdiction of the U.S. Food and Drug
Administration (FDA). The U.S. FDA has long recognized
the importance and use of standards to manage the risks
from medical products. Currently, the FDA ‘‘Recognizes’’
more than 600 voluntary standards as useful in meeting
some or all of the regulatory requirements for these prod-
ucts. A complete and current listing of these 600 standards
and the regulatory limits of their utility are available on
the FDA Internet website.6

4.3. Developers of International Standards for Biomedical
Engineering

There are comparatively few developers of international
standards for biomedical products. They are as shown in
Table 1.

4.4. Major Areas of Standardization

The individual international standards for biomedical
products are too numerous to list here. Such a list would
be out-of–date before it could be published. The major cat-
egories of standards are shown in Table 2.

Table 1. Major International Standards Development
Organizations for Biomedical Products

Name of Organization URL

Association for the
Advancement of Medical
Instrumentation

http://www.aami.org/

ASTM International http://www.astm.org/
International

Electrotechnical
Commission

http://www.iec.ch/

International Standards
Organization

http://www.iso.ch/

NCCLS http://www.nccls.org/

4ISO 14971 Medical Devices—Application of risk management to
medical devices; International Organization for Standardization,
Geneva, Switzerland.

5Role of Standards in the Assessment of Medical Devices (includ-
ing in Vitro Diagnostic Devices)(DRAFT); GHTF Study Group 1;
Doc No SG1/N044R4.
6www.cdrh.fda.gov/science/standards/constand.htm.
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The current system of voluntary standards develop-
ment and application may seem awkward and inefficient.

However, it generally identifies the projects that need
work and arrives at the right result for ensuring product
safety.

5. CONCLUDING REMARKS

There is always a tension among the government, user
community, and regulated industry over the amount of
control needed to ensure that the best technology im-
proves public health. Such a tension is healthy. It keeps
us all intellectually honest. Development of standards
provides a forum in which that tension can play out in a
fruitful way.

Table 2. Major Areas of International Standards for
Biomedical Products and the Relevant Standards
Development Organizations

Anesthetic and respiratory
equipment

ISO

Biological evaluation of medical
devices

ASTM, ISO

Clinical laboratory testing and in

vitro diagnostic test systems
ISO, NCCLS

Devices for administration of
medicinal products and
intravascular catheters

ISO

Dentistry ISO
Electrical safety IEC
Electromagnetic compatibility IEC
Healthcare informatics ISO
Implant materials ASTM, ISO
Implants for surgery

a. Cardiovascular devices ISO
b. Neurological devices ISO
c. Orthopedic devices ASTM, ISO
d. Plastic surgery devices ASTM
e. Spinal devices ASTM, ISO
f. Urological devices ASTM

Implant retrieval ASTM, ISO
Lifts, escalators, passenger conveyors ISO
Mechanical contraceptives ASTM, ISO
Optics and photonics ISO
Prosthetics and orthotics ISO
Protective clothing ASTM
Quality management and quality

assurance
ISO

Rubber medical products ASTM
Safety of electomedical equipment IEC
Statistics ASTM, ISO, NCCLS
Sterilization of health-care products ISO
Surgical instruments ASTM, ISO
Technical systems and aids for

disabled or handicapped persons
ISO

Tissue-engineered medical products ASTM
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BIOMEDICAL SENSORS

JOHN T. W. YEOW

University of Waterloo
Waterloo, Ontario, Canada

1. INTRODUCTION

One of the most primitive inborn functions, which every
organism on this planet possesses, is the ability to sense
their surrounding environment, which should be taken as
the first clue that the sensory functions we possess are not
only necessary to our well-being, but are also vital to our
survival. With the advent of modern technology, the art of
biological and physiological sensing has brought about a
revolution in diagnostic and therapeutic medical instru-
ments. Novel clinical treatment techniques involving sen-
sors and innovative biomedical sensor networks are
appearing because of immense technological break-
throughs in biomedical sensing and its peripheral tech-
nologies. As a result, biomedical sensors are indispensable
instruments in modern day medicine.

The definition of a sensor from dictionaries suggests
that it is a device that gives a signal for the detection or
measurement of a physical property to which it responds.
The ability to detect the surrounding environment is pro-
vided by many sensing organs in our body, and, conse-
quently, they allow us to respond to external factors. Our
skin allows us to sense temperature, our ears detect sound
waves, and our eyes acquire visual images. These acquired
stimuli are converted into electrical signals, which are
then interpreted by our brain. The external factors are
evaluated and corrective responses are formulated
through a feedback system. Our sensory organs provide
us with useful information that allows us to interact with
our surroundings more effectively. Our ability to respond
to potentially hazardous external environmental factors is
the key to our survival. Any highly sophisticated and in-
tegrated intelligent feedback system would consist of sen-
sors that acquire environmental parameters, a
microprocessor that interprets the information, and actu-
ators acting on the commands from the processing unit.
Therefore, sensing elements are crucial to any feedback

systems if an effective control scheme is to be imple-
mented. A feedback system is shown in Fig. 1.

Since the first commercial use of the sensor, it has
found a broad range of applications (1–6). In addition to
the traditional physical properties, modern sensors have
the capability to measure chemical and electrical proper-
ties too. In general, a sensor can detect and generate a
response proportional to the property or condition that it
is measuring. The property or condition measured is
called the measurand. The response output of the sensor
may vary; it could be in the form of analog electrical sig-
nals or in digital formats. The relationship of measurand
vs. output of a sensor is defined by the sensor manufac-
turer during device calibration. Therefore, the sensor out-
put provides us with reliable information about the
magnitude of the measurand. Biomedical sensors are a
subset of specialized sensors responsible for sensing phys-
iological or biological measurands. The biomedical measu-
rands are used as indicators for clinical diagnostic or
therapeutic purposes. Since ancient times, physicians
have always relied on physiological signals for clinical di-
agnosis and therapeutic treatments. In traditional Chi-
nese medicine, the arterial pulse waveform measured
from the human waist by the experienced fingers of a
physician will reveal the physical condition of the patient.
It is understood that our biological signals or measurands
carry a lot of encoded information on our physiological and
psychological states. The key is to access the biomedical
measurands effectively and decode them accurately, reli-
ably, and swiftly. Modern technology has enabled us to
detect subtle physiological signals or biochemistry constit-
uents, which are then analyzed by physicians to deter-
mine our state of health.

The measurands used most in medical diagnostics can
be grouped into the following categories: (1) biopotential
(ECG signals); (2) flow (blood flow); (3) dimensions (imag-
ing); (4) displacement (velocity, acceleration, and force); (5)
impedance (plethysmography); (6) temperature (skin); (7)
chemical concentrations (enzymes activities); (8) sound
(phonocardiography); and (9) pressure (blood and eyes).
The measurands are usually acquired by physical sensors,
which are placed in close proximity or in physical contact
with the organ or anatomical structure of interest. The
measurands may be acquired in vivo or ex vivo. In either
case, the sensor should be minimally invasive and mini-
mize the effect of its presence on normal bodily functions.
Stringent requirements are imposed on biomedical sen-
sors because of the unique nature of their applications and
the environment that the devices have to function in.

2. SENSOR CLASSIFICATIONS

Biomedical measurands are quantified using many differ-
ent sensing principles. The interaction between the envi-
ronment and the sensor alters the state of the sensing
mechanism. The majority of the sensing effects rely on
changes in the electrical properties of the sensing materi-
als. The transducer mechanism in the sensor will convert
the change in material properties to a signal that is pro-
portional to the environmental factor. The signal can be

Responses

Processing
Unit Sensors

Actuators

Figure 1. A feedback system incorporating sensors. Sensors are
necessary components in any feedback system.

1
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presented as a visual reading, as in the case of a ther-
mometer, or may be used to provide feedback parameters
to control the quantities of medications administered by
an implantable insulin pump or ingredients in a food pro-
cessing plant. Sensors are often categorized by the me-
asurands that they are quantifying. Traditionally, the
medical measurands are classified into three main cate-
gories: (1) physical; (2) electrical; and (3) chemical. Phys-
ical measurands include mechanical quantities such as
position, displacement, flow, and pressure and thermal
quantities such as temperature and heat flow. Electrical
measurands are in the form of electrostatic, magnetic
fields and fluxes, and radiation intensity (electromagnetic,
nuclear, etc.). Chemical sensors represent the most widely
used and largest group of biomedical sensors. They mea-
sure chemical quantities such as the humidity, gas com-
ponents, and ion concentration. More recently, the interest
in chemical biomedical sensors is in the development of
biosensors. Biological quantities, such as the concentra-
tion of enzyme substrate, antigens, and antibodies, are
measured by exploiting biological agents that are natu-
rally sensitive to the measured analytes. A biosensor con-
tains biological agents that react with the analyte of
interest. The reactions are detected by optical or electro-
chemical means, and the concentration or presence of the
analyte of interest is deduced. Details of the sensing tech-
niques are described in the section entitled ‘‘Biomedical
Sensing Technologies.’’

With the tremendous improvement of technology, par-
ticularly in microelectronics and miniaturization tech-
niques, biomedical sensors with sophisticated functions
can be integrated together with microprocessor units to
improve their sensing performance. The miniaturization
of already commercially successful macroscopic sensors
and the incorporation of integrated signal conditioning
circuitry have brought a paradigm shift in the way sensors
are employed. The collective cross-disciplinary efforts of
engineers, physicists, chemists, biologists, and physicians
have allowed rapid developments of new materials, real-
time signal processing algorithms, surgical implantation
techniques, and novel sensing modalities. These efforts
have contributed to the vast improvement and successful
implementations of biomedical sensors in a wide range of
applications. The improvement in sensing technology has
enabled us to measure quantities and physiological phe-
nomenon that were difficult or impossible to quantify be-
fore. As a result, the measurands of modern-day sensors
demand a broader and more comprehensive classification,
more specifically, the inclusion of biophotonic and chemi-
cal biosensing principles.

3. BIOMEDICAL SENSING REQUIREMENTS

The specification of sensors depends on where and how the
sensors are deployed. As mentioned earlier, biomedical
sensors have special requirements because of their
uniqueness in applications and their consequences during
operational failures. Most often, a biomedical sensor is
used as a diagnostic tool to measure the instantaneous
physiological status such as heart rate, blood pressure,

and temperature. These diagnostic sensors must be com-
pact, durable, accurate, consume little power, have a fast
response time, and provide disturbance rejection capabil-
ity. Examples of diagnostic biomedical sensors include
digital thermometers, blood pressure sensors, blood oxy-
gen sensors, and endoscopic biomedical imaging probes. In
the case of therapeutic sensors, where the devices are used
to monitor bodily states continuously and have the added
function of controlling actuators to normalize biological
states, the design of the sensors is even more challenging
(7). Many chronic diseases such as diabetes and heart dis-
eases require state-of-the-art implantable sensors and
controlling systems to help in determining and dispens-
ing the amount of medications accurately. The danger of
overcompensation or undercompensation of medications,
which could be potentially fatal, always exists.

Sensors implanted inside the human body require them
to have long-term reliability, stability, robustness; to have
a long lifetime and to be biocompatible. As in the case of
the implantable devices, invasive sensors for in vivo bio-
monitoring or bioimaging require them to be disposable,
small in size, low in mass, and consume little power. Min-
iaturization is the enabling technology that ensures that
the sensors are noninvasive and do not affect the normal
functioning of the body. Sensors that are implanted or in-
serted into human cavities are designed to withstand ster-
ilization procedures that include the use of ethanol,
ethylene oxide (ETO) gas, gluteraldehyde, electron beam
radiation, and autoclave. Issues such as sterilization and
material corrosion have to meet stringent requirements
set by regulatory agencies such as Association for the Ad-
vancement of Medical Instrumentation (AAMI). Biocom-
patibility issues, such as decomposition, oxidation, and
toxic corrosion in the case of metallic implants, could
cause serious health problems. Metalosis, which results
in the spread of potentially toxic metallic particles in the
surrounding tissues or blood stream, could cause irrepa-
rable damage. Therefore, implantable sensors should be
made of biocompatible materials that are structurally sta-
ble to prevent biological rejection, prevent formation of
protein precipitation, and minimize blood clotting. Mate-
rials made from a combination of organic and inorganic
compounds are needed in order to prolong the life of the
implanted device and keep the recipient safe from infec-
tion. In addition, they must be economical and disposable
to be commercially viable.

4. BIOMEDICAL SENSING TECHNOLOGIES

This section provides an introduction to biomedical sen-
sors based on optical, chemical, and biosensing tech-
niques. An overview of their underlying sensing
technologies and their applications is presented. The read-
ers are referred to several optical and chemical sensing
books for more detailed theoretical sensing principles (8–
12).

4.1. Optical Sensors

The field of optics has always been an active area of re-
search and development. The quest for data bandwidth in
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an optical communication network has fueled much of the
developments in optical technologies. Optical units such
as optical fibres, amplifiers, lasers, filters, and high-speed
detectors that were originally developed for telecommuni-
cation networks are finding novel applications in biomed-
ical systems. An optical sensor consists of a laser that
provides the light source, a transmission medium that de-
livers the light beam to the sample, and a detector that
collects the modulated light beam after interaction with
the sample. An optical biosensor is an optical sensor with
the purpose of sensing biological analytes. Examples of
optical biophysical sensing devices include body tempera-
ture and blood pressure sensors. Optical biochemical sen-
sors are used to measure blood chemical content and
detect cancerous tissue.

4.1.1. Optical Biosensing Techniques. Optical bi-
osensing relies on different spectral features or fluores-
cence intensity of the analytes. The outgoing beam
spectrum or intensity will be different from that of the re-
turning beam. The difference is measured by comparing
absolute beam intensity, or by the interference pattern
with a reference beam. The most common spectroscopic
techniques are measurement of optical absorption, fluo-
rescence, reflectance, and interference.

4.1.1.1. Optical Absorption. As an optical beam is
transmitted through a sample, the intensity of the beam
decreases because a portion of it is absorbed by the anal-
ytes. This technique is effective for determining the con-
centration of analytes that have characterized absorbance
(A) well. The absorption is governed by the Beer–Lambert
law:

IT ¼ IOe
�aL; ð1Þ

where, IT is the intensity of the transmitted beam. IO is
the intensity of the incident beam. a is the absorption co-
efficient (uin cm� 1). L is the absorption path length (cm).

The absorbance of the sample is given by

A¼ log
IO
IT

� �

¼ eLC; ð2Þ

where e is the molar absorptivity (Lmol� 1 cm� 1). C is the
concentration of the absorbing species.

As shown in Equation 2, the absorbance A of the sam-
ple is directly proportional to the concentration C of the
absorbing species. It should be noted that the bandwidth
(Dl) of the incident beam and absorbing and scattering
characteristics of the samples may cause deviation from
the perfect Beer–Lambert relationship.

4.1.1.2. Fluorescence. Fluorescence is a phenomenon
that is used commonly in detection of analytes in the bi-
ological science community. This phenomenon occurs
when an analyte absorbs a high-energy photon and re-
leases a lower energy photon at a longer wavelength. The
released photons cause luminescence in the visible range.

Equation 2 can be represented by

loge
IT
IO

� �

¼ � 2:303eLC: ð3Þ

When eLC{1, Equation 3 can be expressed as

IT ¼ IO½1� 2:303eLC�

IO � IT ¼ 2:303IOðeLCÞ: ð4Þ

Without significant scattering and low concentration of
the absorbing species, Equation 4 represents the intensity
of light absorbed in the medium. Intuitively, the fluores-
cence intensity (IF) is expected to be proportional to the
intensity of light absorbed. Therefore,

IF a eLC: ð5Þ

The fluorescence sensing technique is based on the linear
relationship of the luminescence intensity to the concen-
tration of the absorbing species. The recent report on fiber
optic biosensing for Escherichia coli (E. coli) identification
uses fluorescence intensity to identify different strains of
E. coli. The concentration of beta-glucuronidase (GUD),
which is a marker enzyme of E. coli, is proportional to the
fluorescence intensity (13). Figure 2 shows a fiber optic
biosensor complete with an enzymatic reaction chamber.
The analytes diffuse through the permeable membrane
and react with the enzyme in the chamber. A dye that is
sensitive to the change in environmental factors, such as
pH, gas concentration, or any chemical byproducts, is used
to provide spectral information. The spectral change of the
dye is determined from the incoming beam, and the con-
centration of analytes is deduced.

4.1.1.3. Reflectance. Converse to the absorption tech-
nique, the intensity of light reflected from absorbing spe-
cies may also be used to deduce the concentration of the
species. However, the relationship between the concentra-
tion of absorbing species C and the reflectance R is de-
scribed by the Kubelka–Munk (FKM) function, and is

analytes
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Figure 2. A typical enzymatic fiber optic biosensor.
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nonlinear.

FKM ¼
ð1� RÞ2

2R
¼

eC
S

ð6Þ

R¼ ln
IO
Ir

� �

; ð7Þ

where S is the scattering coefficient and e is the molar
absorptivity. Reflectance is less used in fiber optical bi-
osensing than the other two optical detection techniques.

4.1.1.4. Interferometry. Interferometric biomedical
sensing relies on the physical interaction between two or
among more individual light waves usually of the same
origin. The light interaction involves interference of mul-
tiple light waves. The Michelson interferometer is a com-
monly used optical instrument for producing interfering
light patterns for biomedical sensing applications. One of
the latest developments of interferometry techniques for
biosensing applications is the application of optical coher-
ence tomography (OCT) (14) for in vivo biomedical imag-
ing. OCT is a novel sensing technique that allows high-
resolution imaging of subcutaneous tissue samples. Sam-
ple tissue morphology can be created by measuring the
backreflected infrared light. This interferometric-based
approach shows promise for imaging minute cavities or
blood vessels where conventional biopsies cannot be per-
formed effectively. The recent development of the OCT
sensing modality is the incorporation of micromachining
technologies (15,16). Endoscopes incorporating microma-
chined-based OCT sensing modality will find applications
in cardiology for guiding coronary procedures and detec-
tion of early cancer lesions in the colon and esophagus.

4.1.2. Optical Biosensing Applications. Optical bi-
osensor represents the second largest family of biosensors
after chemical biosensors. The field of medicine has ben-
efited greatly from the enormous efforts in the research
and development from the optics community. Many inno-
vative optical noninvasive diagnostic systems used for bio-
medical imaging and analyte detections find their origin
in the telecommunication industry.

4.1.2.1. Optical Oximetry. The knowledge of oxygen
saturation (SO2) of oxygen-carrying compounds, such as
hemoglobin, myoglobin, and cytochromes aa3, is impor-
tant in many clinical diagnostic and therapeutic settings
(17). Optical oximeter is an optical sensor that measures
SO2 with the wavelength-dependent absorption properties
of the aforementioned hemochromes. There are two modes
of operating the optical oximeters: (1) transmission mode
and (2) reflectance mode. Transmission-mode oximetry in-
volves measuring the absorption of the incident light. On
the other hand, reflectance-mode oximetry measures the
reflectance (R) light at two different wavelengths (l1, l2),
one in the red and another in the infrared range. The ox-
ygen saturation is deduced from the following relation-

ship:

SO2¼AþB
Rðl1Þ
Rðl2Þ

� �� �

; ð8Þ

where A and B are empirical constants that are dependent
on the fiber geometry and physiological parameters of
blood. More advanced versions of oximeter use more wave-
lengths to account for hematocrit variations.

4.2. Electrochemical Sensors

Electrochemical sensor is one of the broadest and most
popular types of sensors used to measure chemical me-
asurands. Most of the electrochemical sensors are used for
measuring biomedical analytes such as ionic concentra-
tion in blood or bodily fluids, pH monitoring in gastric
acid, and partial pressure of dissolved oxygen (pO2) and
carbon dioxide (pCO2) (18–22). The principles of sensing
for this class of sensors are based on potentiometric, am-
perometric, and conductivity measurements. A typical
electrochemical sensor consists of two electrodes sub-
merged in an ionic conductive material called the electro-
lyte. The electrodes detect the electrolyte reaction that is
proportional to the concentration of the analytes.

4.2.1. Potentiometric Technique. When a piece of metal
is placed in an ionic solution, opposing charges exist at the
boundary between the metal and the solution. The nature
and concentrations of analytes in the solution and the na-
ture of the electrodes can affect the amount of charge ac-
cumulated. Therefore, the concentrations of the analytes
can be deduced by measuring the charge accumulation at
the material boundary, which can be achieved by placing a
high-impedance voltmeter between the two immerged
electrodes in the ionic solution to measure the difference
in potential. Figure 3 shows the basic components in an
electrochemical cell. The potential measured between the
two electrodes is caused by the redox reactions occurring
at the electrode material and electrolyte interface:

Oxþne� ¼Re; ð9Þ

where Ox denotes the oxidized species, Re the reduced
species, n the number of electrons in the redox reaction,
and e� an electron.

V

Electrodes 

Electrolyte

Figure 3. A typical cell in an electrochemical sensor.
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The difference in potential between the two electrodes
is given by the Nernst equation:

E¼E0þ
RT

nF
ln

aOx

aRe

� �

; ð10Þ

where E0 is the electrode potential at standard state, aOx

and aRe are activities of the oxidized and reduced species,
n is the number of electrons in the reaction, F is the Fara-
day constant, R is the gas constant, and T is the operating
temperature in Kelvin.

4.2.2. Amperometric Technique. Amperometric tech-
nique involves the deduction of the concentrations of anal-
ytes by their linear relationship with the current
generated. As chemical analytes approach the sensing
electrodes, electrons are transferred from the analytes to
the electrode. The transfer of electrons will contribute to
measurable current on the electrode. The current gener-
ated is dependent on the nature of the electrode, concen-
trations of the analytes, and the electric potential on the
electrode. Amperometric sensing devices are by far the
most prevalent and commercially successful electrochem-
ical sensors to date.

4.2.3. Conductivity Technique. The conductivity sens-
ing method measures the ability for a solution containing
the analytes of interest to conduct electric current. The
conductivity of the solution is directly proportional to the
concentration of ions in the solution; therefore, sensors
based on conductivity can be used to measure ionic con-
centration in bodily fluids. The disadvantage of this tech-
nique is that conductivity is nonspecific for a given ion
type. Therefore, this technique is generally used with
membranes that provides analyte selectivity.

4.2.4. Electrochemical Sensor Applications. Electro-
chemical sensors may have advantages over optical bi-
osensors when the medium that contains the analytes is
opaque or the analytes are not optically active. The incor-
poration of miniaturization and microelectronics technol-
ogy has enhanced the performance of electrochemical
sensors. This section describes the commercial applica-
tions of electrochemical sensors.

4.2.4.1. Measurement of pH Level and Gas Concentration
in Bodily Fluids. In most commercially available electro-
chemical sensors, a membrane separates the electrode
from the medium that contains the analyte of interest.
Analyte diffuses through the membrane and reacts at the
electrode-electrolyte interface. The reactions either de-
velop a potential between the two electrodes or generate
a current that is proportional to the concentration of the
analytes. For example, the blood pH measurement is pri-
marily based on the glass electrode covered with a selec-
tive membrane (23). The membrane in the sensor is
permeable to CO2 molecules but impermeable to water,
hydrogen ions (Hþ ), and bicarbonate ions (HCO�3 ). A layer
of sodium-carbonate (NaHCO3) is used between the pH
electrode and the membrane. The following equation

shows the reaction of the diffused CO2 molecules within
the electrolyte (24):

CO2þH2O, H2CO3 , Hþ þHCO�3 : ð11Þ

The glass electrode measure pCO2 indirectly through:

pH¼ constant� log pCO2: ð12Þ

4.3. Biosensors

In recent years, there has been tremendous interest in the
research and development of biosensors. As in the case of
any sensors, biosensors contain two main elements: (1) the
receptor and the (2) transducer. The uniqueness of a bi-
osensor is that the receptor incorporates biological ele-
ments as a part of its sensing system. The biological
receptor (bioreceptor) of the sensor interacts with specific
analytes that are present in a sample, and the transducer
converts the measurands into measurable signals. The in-
teraction is usually chemical in nature, and the reaction
mimics the kind of interactions between living biological
entities. Figure 4 illustrates that the receptor of the bi-
osensor only reacts with a selected analyte.

4.3.1. Immobilization. A transducer produces measur-
able signals as a result of the chemical reaction occurring
at the receptor. The fact that the receptor is made of bio-
materials presents a significant challenge to the fabrica-
tion process of the biosensors. High-fabrication-yield
techniques have evolved throughout the years to effec-
tively connect the bioreceptor to the transducer. The pro-
cess of the connection is called immobilization.
Immobilizing bioreceptors on the transducer surface re-
mains one of the main technical obstacles to overcome
(25,26). The choice of immobilization techniques depends
on the applications, transducer types, and the bioreceptors
involved. In general, six methods of immobilization exist:

4.3.1.1. Absorption. This technique is the most
straightforward and involves minimal materials. Biore-

Bioreceptor Transducer

Analyte

Measurable
signal

Biological element 

Figure 4. Sensing elements of a biosensor.
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ceptors are either physically bonded by hydrogen bonds,
van der Waals, or electrostatic forces. Physical absorption
is usually weak and temporary. Obvious disadvantages of
absorption immobilization are difficulty in reproducibility
of identical biosensors and unreliability in performance. A
stronger absorption is possible by forming chemical cova-
lent bonds between the two entities. Although much
stronger bonds are achieved, absorption immobilization
is a short-term approach, and is suitable for proof-of-con-
cept type biosensors.

4.3.1.2. Microencapsulation. The bioreceptors are pre-
pared in a permeable membrane or dissoluble capsule and
are physically attached to the transducer surface. The
main advantages of this technique include protection of
the receptors against biocontamination, thereby increas-
ing reliability and sensor life; close and strong contact
with the transducer; and robustness of sensor perfor-
mance in an environment with varying temperature, pH,
and chemical concentration.

4.3.1.3. Entrapment. Bioreceptors are physically en-
trapped within an active membrane or gel. Interaction
with analytes is achieved by diffusion through the gel bar-
rier. Potential problems occur when the gel barrier is too
thick for effective diffusion of the analytes. As a result, the
limited chemical reactions slow down sensor response
time.

4.3.1.4. Cross-linking. This approach makes use of a
bifunctional crosslinking reagent, which reacts with sup-
porting material, such as proteins, to chemically bond bio-
receptors. For example, the detection of glucose is
performed by biosensors that use cross-linking as an im-
mobilization technique. Glutaraldehyde is used as a
bifunctional agent to bind the bioreceptors with lysine
residues on the exterior of the proteins.

4.3.1.5. Covalent Bonding. The functional groups of the
bioreceptors are covalently bonded to the support mate-
rial. It is important that the catalytic functional groups of
the enzyme are not involved in the binding process. Co-
valent binding is very strong and is therefore suitable for
commercial sensors because of its long lifetime. The bind-
ing process is usually performed under mild conditions
such as low temperature and low ionic strength to prevent
losing the activity of the enzyme.

4.3.1.6. Natural Interaction. The exploitation of the
natural biological interaction and immobilization tech-
niques shows the most promise. Inherent problems with
other immobilization techniques are avoided by using nat-
urally occurring biological binding processes. This ap-
proach is gentle; bioreceptors are positioned in a
favorable orientation, and their activities are not altered
in the process. The immobilization of enzymes, antibodies,
and bioreceptors has been demonstrated and discussed in
the literature (25–29).

4.3.2. Biosensor Applications. This section describes the
commercial applications of biosensors in various diagnos-

tic and sensing domains. The applications of the bi-
osensors are minimally invasive physically because they
are small in size. They also present minimum disruption
to biological processes because they are biocompatible. As
a result, biosensors are capable of providing rapid and ac-
curate sensing for medical diagnosis. The development of
biosensors has evolved beyond the initial impetus from the
health-care sector. At present, biosensing technology finds
applications in industrial process control, environmental
monitoring, and military applications.

4.3.2.1. Health Care (Glucose Biosensor). The glucose
biosensor is, without doubt, the most commercially suc-
cessful biosensor to date. The purpose of the creation of
the glucose biosensor was to allow accurate measurement
of blood glucose level for people with diabetes (30,31). Di-
abetic patients are characterized by their lack of ability or
limited ability to produce adequate quantity of insulin, a
polypeptide hormone produced by the beta-cells of the
pancreas, which is responsible for the metabolism of blood
sugar contents. The deficiency in insulin results in pa-
tients having higher than normal blood glucose levels.
Therefore, a controlled amount of insulin has to be ad-
ministered, usually by subcutaneous injection, to keep the
blood glucose level close to normal. The desired amount of
insulin injected is determined from the patient’s most re-
cent blood glucose level test. One of the obvious disadvan-
tages is that precise control over the amount insulin
administered is not possible, and hyperglycemia, or hypo-
glycemia is induced. Hence, a closed system incorporating
an implantable glucose biosensor that detects glucose
level in real-time and provides accurate glycemic control
of insulin is introduced. This system independently and
continuously monitors the blood glucose levels of the pa-
tient and responds accordingly. Patients are relieved of the
stress from daily manual insulin injections. It is for the
medical diagnostic application that so much current re-
search has been directed at the development of a cheap,
accurate, and implantable glucose biosensor. Figure 5
shows the operating principles of an implantable insulin
pump.

Patients with renal deficiency during kidney malfunc-
tion suffer from excess waste build-up in their blood and
can be potentially fatal if adequate dialysis is not per-

Glucose 
biosensor 

Insulin
pump 

Normal 
Glucose 

level

Figure 5. A closed-loop insulin control system with implantable
glucose biosensor that monitors blood glucose level continuously.
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formed. It is estimated that 661,330 people will require
dialysis by the end of the decade (32). Therefore, an accu-
rate and easily administered mean of urea monitoring is
required. The use of a biosensor for dialysis monitoring
was recently reported (33). The urea biosensor consists of
two subsystems: (1) a biosensing component and (2) a
photodetection system. The sensor works in conjunction
with a dialysis machine to detect urea concentration in the
dialysate outflow. The sensor uses a unique layer-by-layer
technique (1) to chemically attach an absorbing dye,
Congo Red, and (2) to immobilize urease onto the thin
films. The urease reacts with urea in the dialysate to pro-
duce ammonia, resulting in a pH change of the dialysate.
The absorbance spectra of Congo Red molecular changes
as pH changes. Hence, the concentration of urea can be
deduced by simple device calibration.

The Centers for Disease Control and Prevention esti-
mates that there are 20,000 illnesses that can be attrib-
uted to E. coli infections (34). The detection of E. coli
O157:H7 with high affinity and sensitivity has increased
the use of testing devices such as biosensors. The recent
development of a biosensor for bacterial detection focused
on immunoassay using conductive polymers, such as poly-
aniline, polypyrrole, polyacetylene, and polythiophene
(35,36). The conductive polymers detect biological events
and translate them into sensible electrical signals. An ex-
ample of an electrochemical sandwich immunoassay bi-
osensor using polyaniline for detecting E. coli O157:H7
was reported (37). The biosensor consists of two types of
proteins: capture protein and reporter protein. The cap-
ture protein is immobilized on a pad between two elec-
trodes, and the reporter protein is binded to polyaniline.
After sample application, the target analyte binds to the
reporter protein and forms a sandwich complex with the
capture protein. The polyaniline in the sandwich complex
forms a molecular wire that conducts an electrical signal
that is proportional to the amount of target analyte. It is
reported that the biosensor could detect approximately
7.8 � 101 colony-forming unit per milliliter of E. coli
O157:H7 in 10min.

4.3.2.2. Food Industry (Lactose Biosensor). Demand and
an increasing need exist to monitor and make online mea-
surement of food contents for quality assurance and safety
assessment. The food industry performs lactose analysis
during the fermentation process for quality control. The
constant and direct monitoring of specific compounds in
the food has the potential to increase production yield by
increasing productivity and reducing unnecessary mate-
rial costs. The use of biosensors enables real-time feedback
control of the production lines. Commercially available bi-
osensors for the food industry are used to monitor glucose,
galactose, sucrose, uric acid, amylase, L-lysine, L-lactate,
D-lactate, and many forms of organic acids. The dairy and
fermentation industry is one of the biggest markets for
biosensors. The detection of lactose, for example, uses an
amperometric multienzyme system (38). The lactose con-
centration is determined by the following cascaded bio-

chemical and electrochemical reactions:

LactoseþH2O �!
b-galactosidase

D-galactoseþ b-D-glucose

b-D-glucoseþO2 �!
glucose oxidase

D-glucano-d-lactoneþH2O2

The depletion of O2 during chemical reaction (2) or oxida-
tion of H2O2 is measured by an electrode to determine the
concentration of lactose. Alternatively, horseradish per-
oxidase can be used to oxidize H2O2, with 5-aminosalycilic
acid as a mediator (39). The oxidized version of the medi-
ator is reduced at the electrode to produce an amperomet-
ric signal that is proportional to the lactose concentration.
Although biosensors show enormous potential in the food
industry, many challenges must be overcome before gain-
ing industry-wide acceptance. Issues such as more effec-
tive immobilization techniques, protection from strong
denaturing agents, and reliable mass-production technol-
ogy must be addressed.

4.3.2.3. Military (Toxicity Biosensor). Our body requires
naturally occurring proteins called enzymes to act as a
catalyst in many biological processes. It is, therefore, not
surprising that enzymes are the most commonly used bio-
receptors in biosensors to facilitate enzymatic reactions.
Enzymes are obtained by purification from their sources,
and precaution is taken to avoid denaturing of the en-
zymes, which results in the loss of enzymatic activities.
This purification process can be eliminated if whole cells
are used as bioreceptors. The advantages of cell-based bi-
osensors include:

* Less susceptible to changes in environmental condi-
tions;

* Cost effective because no purification steps are re-
quired;

* Longer lifetime because the cell is an enclosed envi-
ronment;

* Enzymes already in the optimal environment to per-
form their duties.

Cell-based biosensors have been demonstrated previously
with much success (40,41). Perhaps the most common cell-
based biosensor is one that uses yeasts as the bioreceptors.
Yeasts are robust, with wide physiochemical tolerance and
tough cell walls. They are also very well understood;
therefore, genetic alteration to increase permeability of
cell membranes, selectivity in analyte recognition, and
enzymatic activities is possible. The constant threat of
terrorism has renewed interests in the military applica-
tions of biosensors. The ability to detect and measure en-
vironmental toxicity is crucial to safeguard property and
lives. The recently reported toxicity biosensor with genet-
ically modified Saccharomyces cerevisiae (type of yeasts)
shows enormous potential (27). The genetically modified
Saccharomyces cerevisiae is made bioluminescent. The in-
tensity of the light generated reduces as the concentration
of toxin increases. The Saccharomyces cerevisiae-based bi-
osensor appears to perform very well in harsh toxic envi-
ronments.
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5. FUTURE TRENDS

The development of futuristic sophisticated biomedical
sensors will continue to exploit novel technologies, as
they are available to improve performance and usability.
Implantable biosensors with wireless and telemetry capa-
bility are one of the latest research topics. Smart sensors
with on-chip processing modules can be realized with in-
tegrated circuit fabrication techniques. Sensors with mul-
tiple functions or multiple sensors may also be combined
with integrated circuits to provide a robust sensing capa-
bility. Large-scale smart-sensor networks could be de-
ployed in various clinical theaters to enhance
performance by providing more informative and accurate
descriptions of the measurands.

5.1. Wireless Sensor Networks

The transfer of information to and from sensors implanted
within a patient is the subject of recent research. One of
the most obvious requirements of an implantable sensor is
that the sensor must be noninvasive and must minimize
any effects it has on normal biological functioning of the
body. This important requirement motivated the use of
wireless communication links with external control, or
computer systems. With wireless techniques, interconnec-
tions to the sensor chip can be eliminated. Challenges of
wireless sensor networks have been discussed extensively
(42–46). The implementation of wireless sensors for bio-
medical applications has been reported (47,48). The use of
a camera, which transmits images to an array of embed-
ded smart sensors within the eye, shows tremendous po-
tential as a visual aid to the visually impaired. The
artificial retina sensor array consists of two components:
(1) integrated circuits for signal processing and (2) elec-
trical probes that transmit electrical pulses to the retina
nerves. The artificial retina has the capability to transmit
and receive data. As the array of sensing devices is em-
bedded within the eye, the challenge is to successfully
network the sensors and the camera to an external pro-
cessing unit via wireless communication protocols. Figure
6 shows the implantable microsensor array and its loca-
tion within the eyeball.

5.2. Integrated Multisensors

Next generation sensors will benefit from the advance-
ment in fabrication techniques, telecommunication proto-
cols, and low-power integrated circuitry. Biomedical
instruments based on micro-electromechanical systems
(MEMS), to realize lab-on-a-chip devices, offer the poten-
tial for large-scale biological extraction and clinical anal-
ysis on the same silicon chip (49,50). Systems-on-chip
technology provides the ability to build functioning sys-
tems on a single silicon chip to reduce development time
and cost. The integration of lab-on-a-chip and systems-on-
chip technologies to create a multiple-function sensor mi-
crosystem has been proposed (51). An integrated multi-
function sensor incorporating multiple sensors, an
application-specific integrated circuit (ASIC), a wireless
transmitter, and a battery is described. The sensing device
may be used to detect abnormalities by real-time moni-

toring of the gastrointestinal (GI) tract. The device con-
tains sensors for measuring conductivity, pH,
temperature, and dissolved oxygen. The circuitry for an-
alog signal condition, multiplexing, analog-to-digital
(ADC), digital-to-analog (ADC), oscillator, and transmit-
ter are implemented using ASIC technology. A growing
trend exists for more integrated and performance-en-
hanced multifunction biomedical sensors. Given the abil-
ity to detect and process more physiological and biological
parameters, future sensors will be able to provide a more
advanced and complete picture of our biological states.

5.3. Wearable Sensors

Often, it is desirable to have continuous monitoring of
physiological signals to detect any abnormalities. In situ-
ations where sensors are used as part of a feedback mech-
anism to counteract a potentially debilitating disease such
as diabetes, implantable sensors are the obvious choice.
However, implantable sensors may not be the most eco-
nomical, and certainly not the only, option. In cases where
sensors serve as diagnostic tools to advance disease detec-
tion or prevention, noninvasive wearable sensors are a
cost-effective and easy-to-maintain alternative. Wearable
biosensors (WBS) may be used to detect elevated blood
pressure or heart rate variability after taking dose-critical
medication. WBS will be an indispensable instrument for
patients who suffer from chronic cardiovascular diseases.
WBS will continuously monitor for physiological indices
(abnormal heart rate or blood pressure) that precede a
heart attack. Life threatening situations or costly hospi-

Retina

Optic nerve

Retina prothesis chip

Figure 6. Wireless artificial retina embedded within the eye (r
with permission from IEEE) (29).
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talization can be effectively avoided. The development of
WBS with advanced photoplethysmographic (PPG) tech-
niques to deduce the patient’s cardiovascular state has
been reported (52). The WBS is implemented as a ring
around a patient’s finger. Figure 7 shows a WBS prototype
using a coin-sized battery as a power source. Physiological
parameters such as heart rate, oxygen saturation, and
heart rate variability may be detected with the wearable
PPG sensor. Challenges in WBS include minimizing ef-
fects of motion artifacts, interference with normal biolog-
ical functioning (blood circulation in this case), and the
power requirement. In addition, the WBS should not
cause any discomfort to the wearer. Results have indi-
cated that WBS has the potential to provide reliable and
effective biosensing over a broad range of health applica-
tions.

Another notable wearable sensor technology that led to
a successful spin off, Sensatex Inc., is the Georgia Tech
Wearable Motherboard developed at Georgia Tech (53).
The technology evolved from an initial military focus to
everyday civilian medical applications. The Smart Shirt is
a wearable health-monitoring system that can record
heart rate, body temperature, pulse oximetry, and many
other physiological parameters. The vital signals can be
transmitted wirelessly to a processing unit that can per-
form real-time tracking of defining physiological events to
trigger preventive actions before the onset of fatal symp-
toms. The development of the Smart Shirt technology
takes into account the following design criteria: (1) wear-
ability; (2) durability; (3) usability; (4) maintainability; (5)
performance; and (6) functionality. By integrating the lat-
est technologies in telemedicine and information process-
ing, the Smart Shirt has the potential to make significant
impact by advancing clinical studies and diagnosis of dis-
eases that display subtle symptoms before an episode.

Another example of a successfully commercialized
wearable sensor technology is a GlucoWatchs Biographer,
manufactured by Cygnus Inc., that can monitor blood
sugar levels for up to 13 hours. The biographer is worn
on a person’s forearm like a wristwatch to provide fre-

quent, automatic, and noninvasive measurement of glu-
cose level. The glucose is extracted through the skin by
iontophoresis, and the glucose oxidase reactions are mea-
sured by an electrochemical sensor (54). A current gener-
ated by the electrochemical reaction is converted into a
glucose measurement by signal processing algorithms. Al-
though biographer represents a significant advancement
in wearable technology for glucose measurement, even
Cygnus recommends that it should not be used as a re-
placement to conventional glucose meters or implantable
glucose sensors.

A huge concerted effort exists in the Europe Union,
which includes over 30 european research and academic
institutes of excellence with strong industrial support, in
developing Intelligent Biomedical Clothes (IBC). Notably,
Italy is one of the major players in this field. The Centro
‘‘E. Piaggio’’ at the University of Pisa has demonstrated
futuristic e-Texiles, WEALTHY, which contains strain fab-
ric sensors based on piezo-resistive yarns, and fabric elec-
trodes realized with metal-based yarns (55). WEALTHY is
a wearable and wireless instrumented garment capable of
recording physiological signals such as respiration rate,
electrocardiogram, electromiogram, and temperature. A
miniaturized short-range wireless system can be inte-
grated in the sensitive garment and used to transfer the
signals to processing PCs, PDAs and mobile phones. The
performance of the high-tech garment remains unaffected
after repeated washing and is fully reusable.

6. CONCLUSIONS

Biomedical sensing technologies and their applications
are presented in this chapter. Future trends of biosensing
technologies seem to be moving toward a more integrated,
multifunctional, and real-time monitoring approach. The
research and development of biomedical sensors will,
without doubt, continue to flourish because of the unique-
ness and importance of their applications. Technologies
originally developed for optical and wireless communica-
tion networks or other exciting application areas will
eventually be adapted for medical biosensing.
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BIOMEDICAL TRANSDUCERS
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1. INTRODUCTION

A transducer is a device that converts a measured object
quantity into an electrical signal. Biomedical transducers
are transducers with specific uses in biomedical applica-
tions, such as physiological measurement and patient
monitoring, and in health care. The object quantities in
biomedical measurements are physical and chemical
quantities that reflect the physiological functions in a liv-
ing body. Typical object quantities and transducers or sys-
tems for biomedical measurements are listed in Table 1.
Although some quantities, such as blood composition, can
be determined from a sample extracted from the body,
real-time and continuous measurements can be achieved
if a transducer is attached to the body, and use of a trans-
ducer attached to the body is essential when continuous
monitoring of an object quantity is required.

Usually, a measurement system consists of a trans-
ducer and an electronic instrument as shown in Fig. 1 (1).
The physical or chemical quantity that characterizes the
physiological function in the body is detected by the trans-
ducer and converted into an electrical quantity. Once the
object quantity is converted into an electrical signal, then
ordinary electronic instruments, such as computers, can
be used to analyze, display, or store the data.

Sometimes, measurements require active procedures to
be applied to the object, such as excitation, transmission,
illumination, irradiation, stimulation, application, or in-
jection. Such procedures are considered part of the mea-
surement process. A transducer that involves active
procedures is called an active transducer, and a trans-
ducer without such functions is called a passive trans-
ducer.

In principle, many physical or chemical quantities in
the body can be measured by passive transducers inserted
into the body. For example, if a small pressure transducer
can be introduced into an artery, then blood pressure can
be measured accurately. However, to realize this, a surgi-
cal procedure is required, and such an invasive procedure
is not acceptable in the ordinary patient monitoring situ-
ation, unless continuous blood pressure monitoring is es-
sential for care of the patient. When invasive blood
pressure measurement is unacceptable, a noninvasive
measurement is employed, in which an external pressure
is applied, and the pulse rate is detected to determine the
systolic and diastolic pressures.

Although use of an active procedure is unavoidable in
actual measurement situations, its influence on the body
should be minimized for two reasons: (1) to minimize haz-
ards, and (2) to minimize the measurement errors because
of the change in object quantity caused by the active pro-
cedure. Therefore, the level of the active procedure should
be the minimum required for achievement of the mea-
surement.

Many situations exist where different measurement
methods are required, and many types of transducers
have been developed. Although noninvasive transducers
are desirable, their use is not possible in some cases, and
use of an invasive procedure, such as one introducing a
fine needle probe into tissue, is sometimes unavoidable.
Even in such cases, effort is taken to minimize the effect of
the invasive procedure. A transducer in which the inva-
sive effects are reduced is called a lessinvasive transducer.
In some situations, a transducer has to be placed within
the body. Implantable or indwelling transducers are used
in such situations. When a continuous physiological mea-
surement is required in an unconstrained subject, mea-
surement has to be performed by a transducer that can be
worn. For patient care or health management in the home,
transducers for home use are required, and in the follow-
ing sections, transducers for this purpose are described.

2. NONINVASIVE AND LESS-INVASIVE TRANSDUCERS

A noninvasive transducer is a transducer that does not
involve an invasive technique, such as puncturing of the
skin or blood vessels for the insertion of different types of

Table 1. Typical Object Quantities and Transducers or
Systems for Biomedical Measurements

Object quantity Transducer or measurement system

Blood pressure Diaphragm-type transducer
Cuff technique
Tonometric transducer

Blood flow in a vessel Electromagnetic flowmeter
Ultrasonic flowmeter
Dilution method
Clearance method
Laser Doppler flowmeter
Plethysmography
Magnetic resonance imaging

Respiratory air flow Rotameter
Pneumotachograph
Hot-wire anemometer
Ultrasound flowmeter
Volume-type spiromer
Body plethysmography
Impedance plethysmography

Body motion Displacement and rotation transducers
Optical motion analyzer
Magnetic induction transducer
Accelerometer
Gyroscope
Force plate

Body temperature Contact thermometer
Infrared radiation thermometer

Bioelectric potential Body surface electrode
Extracellular electrode
Intracellular electrode

Biomagnetism SQUID magnetometer
Fluxgate magnetometer

Body fluid component Electrochemical transducer
Optical transducer
Acoustic transducer
Functional magnetic resonance imaging

1
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mechanical objects (2). Although a transducer may not
need to puncture the skin for use, it will be regarded as
invasive if it requires the application of energy to a patient
above the level at which damage to the tissue can occur. In
contrast, when the applied energy of a required procedure
is at a low level, such that any adverse effect is negligible,
it can be regarded as noninvasive. Many active proce-
dures, such as ultrasound, visible or near-infrared light,
electric current, magnetic flux, x-ray and gamma-ray, me-
chanical force, heat load, and inhalation of a gas, have
been successfully used in noninvasive transducers.

Ultrasound is a convenient tool in noninvasive mea-
surements, because a sharp beam can be easily available,
it can transmit in the tissue fairly well, and it is absolutely
safe at a level that is needed to detect back-scattered sig-
nal. When a short burst of ultrasonic wave is transmitted
from a crystal into the tissue, back-scattered signals from
tissue boundaries can be detected by the same crystal. The
distance between the transmitter/receiver crystal and the
scattering object can be determined from the traveling
time of the wave. Repeating this procedure, the motion of
the scattering object can be observed in real-time. With
this technique, the motion of a heart valve can be moni-
tored noninvasively from the body surface, as shown in
Fig. 2.

The ultrasound scattered at a moving object causes
Doppler shift, and the velocity of the object can be deter-

mined by frequency analysis of the Doppler component. As
ultrasound is scattered by blood cells, blood flow velocities
can be measured noninvasively. As shown in Fig. 3a, back-
scattered signal from a definite sample volume can be ex-
tracted by gating the received signal with a time window.
In the ordinary blood pressure measurement method, a
cuff is attached to the upper arm and the sound of the
vascular activity, called the Korotkoff sound, is audibly
detected with a stethoscope to determine the systolic and
diastolic pressures. Although this method is noninvasive,
it requires a medical professional’s presence, and thus in-
volves a subjective factor. To make the measurement ob-
jective in nature, and to obtain measurement results as an
electrical signal, electronic blood pressure meters are
available, which also use a cuff that is attached to the pa-
tient’s upper arm; but the systolic and diastolic pressures
are determined by detecting the change in pulsatile pres-
sure in the cuff with a pressure sensor, or by detecting the
vascular sound with a microphone. Such a system can be
regarded as a noninvasive transducer that converts intra-
vascular pressure into an electronic signal.

When a patient’s blood circulation is unstable, and a
fatal event, such as hemodynamic shock, may occur, the
blood pressure is monitored with an arterial catheter con-
nected to a pressure transducer. Although this method is
invasive, it is commonly used in high-risk patients. Non-
invasive continuous monitoring of blood pressure has been
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Figure 1. The general structure of a measurement system.
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Figure 2. Ultrasonic transducer for noninvasive
detection of valvular motion of the heart with M-
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realized with different techniques. The vascular unloading
technique is based on the principle that the internal pres-
sure in a cavity can be monitored with a controlled exter-
nal pressure set to equate both pressures at each moment.
This principle was realized with a pneumatic servo-con-
trolled system, schematically shown in Fig. 4 (3). A probe
with an infrared light source, a photo detector, and a cuff is
attached to the finger, and the cuff pressure is controlled
such that the light transmittance is constant. The change
in transmittance is mainly caused by pulsation of the ar-
teries, so if the pulsation can be compensated for by ap-
plying an external pressure, the change in the external
pressure has to be the same as the intra-arterial pressure.
This condition can be achieved with a fast-response pneu-
matic servo-control system. As a result, the arterial pres-
sure waveforms, as well as its absolute pressure level, can
be monitored continuously, giving similar results to an in-
tra-arterial catheter connected to a manometer. Therefore,
this technique is sometimes called the noninvasive cath-
eter-manometer system (4).

Another noninvasive method of measuring intra-arte-
rial pressure is the use of tonometry (5). The principle of
this technique is based on the use of reaction force mea-
surements. When a flat plate is pressed onto a flexible de-
formable boundary membrane, on which internal pressure
is exerted, then the internal pressure can be measured
from the outside as the reaction force, regardless of the
transverse tension developed in the membrane. This prin-
ciple has been applied to intraocular pressure measure-
ments. The same principle has also been applied to
arterial pressure monitoring, in which a probe is attached
to the wrist so that the radial artery is partially occluded,

as shown in Fig. 5 (3). In this example, the transducer has
a pressure sensor array, and the highest recorded value
among the sensor outputs corresponds to the arterial pres-
sure.

Arterial blood oxygen saturation can be monitored non-
invasively with a pulse oximeter (6). As a result of the
difference in the spectral absorption of oxyhemoglobin and
reduced hemoglobin, the oxygen saturation level of a blood
sample can be determined by measuring the absorption at
two different wavelengths, typically in the red and infra-
red part of the spectrum. However, human tissue contains
arterial and venous blood, and hence, light absorption by
arterial blood cannot be determined simply from the tissue
absorption. However, the arterial component of light ab-
sorption can be estimated selectively by extracting the
pulsatile component of the tissue absorption (7). Monitor-
ing of the arterial oxygen saturation level is usually per-
formed with a patient’s finger, as shown in Fig. 6. The
arterial oxygen saturation level is determined from the
ratio of amplitude of the pulsatile components at two dif-
ferent wavelengths.

3. NONCONTACT TRANSDUCERS

Some physiological quantities can be measured without
placing a transducer in contact with the body. For exam-
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Figure 3. Ultrasound Doppler blood flow measurement with
range discrimination by gating the received signal with a time
window.
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ple, the body surface temperature can be measured with a
radiation thermometer, and the temperature distribution
on the body’s surface can be observed with a thermal cam-
era or a thermography system. Optical, electromagnetic,
acoustic, and pneumatic techniques can be employed to
realize noncontact measurement of physiological quanti-
ties.

Noncontact transducers have the advantage of being
able to avoid contamination, and thus prevent infection.
They are also inherently safe against electrical hazards,
such as micro-shocks caused by a leakage current passing
through the heart. They also avoid causing discomfort by
mechanical contact with the body surface. Such features
are important where the tissue is sensitive, such as on the
cornea or on burned skin.

Pneumatic methods are sometimes employed to realize
noncontact measurements, and Fig. 7 shows an example of
a noncontact intraocular pressure measurement system
(8). This technique produces a linearly increasing air
pulse that impinges on the cornea. It detects the point
when the corneal surface becomes flattened. At that point,
the external and internal forces at the cornea are bal-
anced, and the internal pressure can be estimated from
the force developed by the air pulse.

A noncontact measurement is similar to a remote-sens-
ing function, such as the visual, auditory, and olfactory
systems by which animals can obtain extensive informa-
tion from a distance. Although the performance of many
available artificial-sensing techniques is still inferior to

the natural senses of animals, especially in smell sensing,
performance similar to those of animal senses may be ar-
tificially realized in principle, and thus further develop-
ments are expected, especially in detecting chemical
quantities with sensitivity similar to that of the animal
olfactory function.

4. INDWELLING TRANSDUCERS

In the intensive care of high-risk patients, some transduc-
ers are placed in the body, because of the need for accurate
and continuous monitoring of the physiological condition
of the patient. Even in a situation where continuous mon-
itoring is not necessary, the constant presence of a trans-
ducer is sometimes more convenient than having to place
and remove the transducer for each measurement.

A simple way to place a transducer in the body is to use
a natural orifice. For example, rectal thermometer probes
are used for long-term body temperature monitoring. Dur-
ing anesthesia, an esophageal thermometer probe is some-
times used instead, because the esophageal temperature
undergoes rapid changes in temperature, but rectal tem-
perature does not (9). When a balloon catheter is placed in
a patient’s bladder, a temperature sensor can be placed at
the tip of the catheter to monitor body temperature. Fig-
ure 8 shows a thermistor-tipped bladder catheter for that
purpose. The temperature obtained with such a probe is
close to the rectal temperature and can be a reliable mon-
itor of body temperature (10), which is advantageous for a
patient for whom urine drainage is necessary.

When monitoring is essential for patient intensive care,
a transducer can be inserted in a blood vessel for periods of
many days. For example, the thermo-dilution method is
used to monitor cardiac output (11). Figure 9 shows a
method in which a thermo-dilution catheter is inserted
intravenously into the pulmonary artery. To measure the
cardiac output, a small bolus of cold saline is injected into
the right atrium, and the time course of the changes in
blood temperature is measured, which exhibits a dilution
curve for an impulsive heat input. The cardiac output is
then calculated from the heat input and the dilution
curve. Although the thermo-dilution method requires an
invasive procedure, the cardiac output can be measured
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repeatedly once the thermo-dilution catheter has been in-
serted.

In principle, transducers can be implanted in tissue. If
the data readout can be obtained without connecting a
cable through the skin, then it will be safer and more con-
venient than an indwelling transducer using a cable con-
nection. Even if it is unacceptable to place a transducer
with a surgical procedure in ordinary patients, it will be
possible to place a small transducer in artificial organ
components that can be implanted in the body. Data mea-
surements can then be taken with either electromagnetic
or optical coupling. In practice, cardiac pacemakers have
sensing mechanisms in which cardiac potentials can be
detected from the electrode so as to control the pacing rate,
and some have a capability for data output, such as the
trend in heart rate (12). Rate-responsive pacemakers have
a sensor that detects physiological quantity such as tem-
perature or pH.

5. WEARABLE TRANSDUCERS

Continuous monitoring is employed for the long-term ob-
servation of physiological changes. From the long-term
data obtained, rare episodes, such as an arrhythmia oc-
curring over a short period, can be identified, and effective

action, such as the use of anti-arrhythmic agents, can be
taken. Such a technique is called ambulatory monitoring.
To realize long-term continuous monitoring in uncon-
strained patients, a monitoring system has to be wear-
able, and thus wearable transducers are required for such
purposes.

The most common monitoring item in unconstrained
subjects is the electrocardiogram (ECG), such as the Ho-
lter ECG (13). In ordinary Holter ECG monitoring, three
disposable electrodes, shown in Fig. 10, are attached to the
chest wall, and the ECG is driven and recorded continu-
ously for 24 or 48 hours. The data are stored in digital
memory.

The ambulatory blood pressure monitoring system is
also used. Although its principle is the same as the ordi-
nary electronic blood pressure meter, intermittent mea-
surements can be performed fully automatically in it (14).
Strictly, the monitoring here is not continuous, but rather
intermittent. However, the measurement interval can
range from every few minutes to once an hour, according
to the monitoring purpose.

To monitor respiration in an unconstrained subject, the
inductance plethysmography technique, as shown in Fig.
11, can be used. This technique consists of two coils ar-
ranged in a zigzag fashion, secured by two elastic bands on
the rib cage and the abdomen. The inductance of each coil
changes according to the cross-sectional area, and thus,
the two coils record the volume changes in the rib cage and
abdomen, allowing for an estimation of the tidal volume
(15).

Body motion can be detected with an accelerometer at-
tached to body segments. Accelerometers produced by sil-
icon fabricated technology are commonly used for this
purpose. For a rough estimate of the level of physical ac-
tivity, the acceleration measured at one or more selected
sites can be employed. For example, a rough estimate of
the average energy expenditure can be made by monitor-
ing the vertical acceleration at the waist (16), and the ac-
celeration at the wrist can be an indicator for monitoring
sleep (17).

Ring-type monitors are also increasing in popularity. A
study has shown that a small electronic instrument at-
tached to a finger ring can be used to monitor heart rate
and arterial blood oxygen saturation (18).

Although chemical quantities are always difficult to
monitor with wearable noninvasive transducers, it has
been shown that glucose levels in interstitial fluid can be
estimated with an enzymatic biosensor combined with
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iontophoresis, and a wristwatch-type wearable transducer
system has been developed for this purpose (19).

6. TRANSDUCERS FOR HOME USE

Some medical devices, such as clinical thermometers and
blood pressure meters, contain transducers and have been
used in the home. Although the number of transducers for
home use is limited, their potential importance has been
stressed recently, for many reasons, including their ability
to cope with the increase in the population of elderly cit-
izens, their ability to obtain information for early diagno-
sis and disease prevention, their ability to allow for
patient care at a distance, their ability to reduce periods
of admission in hospital, their ability to reduce costs, and

their ability to provide home care for the many patients
who prefer it (20). Transducers for home use must be sim-
ple, safe, reliable, and inexpensive, and they must not dis-
turb normal home life. Most transducers used in hospitals
and medical facilities do not satisfy such requirements,
and thus special considerations must be taken into ac-
count in the design of home transducers.

Blood pressure measurement is not restricted to the
upper arm. As shown in Fig. 12, blood pressure monitors
at the wrist position and on a finger are also used. In ap-
plications where the patients use the instrument them-
selves, the cuff is more convenient to attach than the
upper-arm type. However, errors caused by gravitational
force, which is proportional to the relative height from the
heart, is larger than that for measurements taken at the
upper-arm location.

The heart rate or pulse rate is often monitored at home.
Although it is possible to manually detect arterial pulses
by placing a finger on the radial artery and counting the
number of pulses per minute, a wristwatch-type pulse rate
meter, as shown in Fig. 13, can also be used to display the
pulse rate by placing a fingertip on the sensor, which con-
sists of a small light source and a photo sensor.

Body temperature has commonly been measured at
home, and frequent measurements are required in the
home care of chronic diseases. Basal body temperature
measurements are also required to monitor the menstrual
cycle. A high degree of temperature accuracy is required
for clinical thermometers, typically 70.1K for ordinary
use and 70.05K for basal body temperature measure-
ments. Although mercury-in-glass clinical thermometers
have been used until recently, these have been replaced by
electronic thermometers to avoid the risk of mercury con-
tamination from accidental breakage.

The ordinary clinical electronic thermometer has a
thermistor as the sensor, and the body temperature is dis-
played as a digital value. Completion of a measurement is
notified by an audible beep. Although the response time of
the sensor is faster than that of a mercury-in-glass ther-
mometer, the time required for the sensor to reach a stable
oral temperature is about the same, because of the fixed
heat capacity of the tissue near the thermometer tip. Some

Rib cage coil

Abdominal coil

Figure 11. An inductance plethysmography for monitoring res-
piration.

Figure 12. Wrist-type (left) and finger-type
(right) blood pressure monitors.
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models include an algorithm that can predict the final
temperature, which has reduced the measurement time
from about 3min to 1min or less.

The tympanic thermometer, which uses an infrared ra-
diation measurement, is becoming popular. It has an in-
frared sensor, usually a thermopile that is installed near
the probe tip, which is inserted into the auditory canal and
oriented toward the tympanic membrane, as shown in Fig.
14. As the response time of the detector is very fast, and
the tympanic temperature is close to the deep body tem-
perature, a measurement can be carried out within a pe-
riod of a few seconds. It was shown that the accuracy of
tympanic thermometers remains in the acceptable range
for ordinary clinical use (21,22).

For continuous monitoring of body temperature, de-
vices that are used in hospitals, such as rectal or bladder
thermometers, are unacceptable for use at home. How-
ever, the deep body thermometer, which uses the zero-
heat-flow method, can be used without difficulty even for
patient care at home. As shown in Fig. 15, a deep body
thermometer probe has two temperature sensors to detect
the outward heat flow from the body, and it is compen-
sated for by a servo-controlled electric heating function.
When the servo-control operates precisely, no heat can
penetrate into the probe, and thus the probe can be re-
garded as being an ideal heat insulator. If a region of the
surface of the skin is perfectly insulated, then the tem-
perature of the surface of the skin beneath the probe eq-
uilibrates to the deep tissue temperature. It has been
shown that the temperature obtained by attaching the
probe at the chest, abdomen, or forehead is close to the
deep body temperature value (23).

Body weight is an essential parameter for health man-
agement. The body-mass index, defined as the weight (in
kilograms) divided by the square of the height (in meters),
is sometimes used for this purpose. A detailed study has
shown that a greater body-mass index is associated with a
higher mortality (24). It is known that people with body-
mass indices between 19 and 22 live the longest, and that

death rates are notably higher for people with indices
above 25. A scale is available, in which family members’
heights can be memorized, and the body-mass indices can
be displayed by selecting a button.

Body composition, especially the amount of body fat, is
a better determination of health than the body-mass in-
dex. Although body fat can be derived from body density, it
is not easy to determine body density at home. Sometimes,
body fat can be estimated from the thickness of the sub-
cutaneous fat layer, which can be measured directly with a
skin-fold caliper. A convenient method of estimating body
fat is to use whole-body impedance measurements. The
operating principle of this method is based on the fact that
different tissues have different electrical impedances. In
the low-frequency region, o1MHz, the resistivity of skel-
etal muscle in the transverse direction is about 16Om, and
the resistivity of fat is 25Om. Body impedance is usually
measured with a four-electrode technique, in which a con-
stant alternating current with a frequency of f¼ 50–
100kHz and a magnitude of I¼ 0.1–1mA is applied be-
tween the outer electrode pair, and the alternating voltage
developed between the inner electrode pair is then de-
tected. In a commercial instrument, the four electrodes
are located on a weighing scale, as shown in Fig. 16. The
alternating excitation current is applied between the toes
of both feet, and the voltage developed between electrodes
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at both heels is then detected. As the impedance between
the feet and the body weight can be measured simulta-
neously, the approximate mass of fat can be estimated
from a comparison between the measured body weight
and the weight estimated from the observed impedance,
assuming a lean body type. It has been shown that the
impedance technique is highly reproducible for estimating
lean body mass (25).

The use of near-infrared interactance to determine
body composition has been studied (26). This method is
based on the difference in absorption spectra between fat
and lean tissue. In a commercial instrument, the specific
wavelengths of l¼ 938 and 948nm are used, and the back-
scattered light is measured. Although the measurement
can be performed at any site on the body, measurements at
the biceps are mostly used to determine the whole body-fat
value.

7. BIOMIMICRY TECHNOLOGIES

Although many studies have been carried out on biomed-
ical transducers and instrumentation, it may be said that
existing devices have not reached their attainable limits.
If their performances are compared with the sensing
mechanisms of biological receptors, then many sensing
organs exist superior to current artificial devices, which
implies that many possibilities for improving the perfor-
mance of artificial devices still exist. To achieve improve-
ment, mimicking biological systems may be a possible
approach, but it is also believed that high-tech solutions
will eventually exceed the performance of biological sys-
tems, because many technologies are available that are
not found in biological systems.

An example of a biological sensing function that does
not have an artificial counterpart is tactile sensation. The
softness of an object is sensed manually by touch with a
fingertip. However, no comparable artificial device exists
that can measure the elasticity or deformability of soft
tissue. Although there have been attempts to estimate the
visco-elastic properties of soft tissues by measuring the
stress-strain relationship under high-frequency-applied

shear forces (27), such systems are bulky and not as smart
as a fingertip.

A remarkable feature of some receptors is the fact that
standards of the quantity to be measured are contained in
them. For example, a body temperature receptor can sense
the absolute level of temperature so that it can provide
signals to control the dissipation of heat from the body
from the difference between the set point and the body
temperature. Although existing temperature sensors need
calibration before use, receptor cells do not need any cal-
ibration. In principle, a temperature standard can be ob-
tained from a phase transition temperature, such as the
ice point of water, but no convenient molecular standard
temperature exists that undergoes a phase transition at a
temperature close to body temperature. If a transducer
with its own internal standard becomes available, then no
temperature calibration would be necessary, and it would
be highly reliable. Such a chemical indicator for pH would
be a molecule that changed its light absorption at a spe-
cific pH, which would then be a molecular standard. A fi-
ber optic pH transducer using such a chemical indicator
has been attempted (28), but it still needed a calibration
step.

A remarkable feature of biological receptor organs is
their capability to discriminate molecular species with ex-
tremely high sensitivity. In particular, the olfactory func-
tion of some animals, such as dogs, is far above that of any
chemical analyzer. Although many types of biosensors
have been developed, their sensitivities are still far below
that of the olfactory receptors of animals, and only preci-
sion chemical analyzers, such as mass spectrometers, can
detect molecules at very low concentrations, which can be
used to detect many chemical species in exhaled air (29),
but a mass spectrometer is a bulky instrument employing
high vacuum technology. If a simple smell sensor with
sensitivity similar to that of a dog could be developed, it
would be able to gather much information from a distance,
as a dog does, and would be applicable to patient moni-
toring at home.

In ordinary clinical examinations, much important in-
formation is obtained from blood analysis. Some items,
such as the blood glucose level, can be analyzed with a
small volume of blood, even in the order of a few microli-
ters. However, to obtain a blood sample, an invasive tech-
nique, such as puncturing the finger with a lancing device
or a needle, has to be used. The mosquito is far smarter at
taking a drop of blood than any available artificial punc-
turing system. A mosquito penetrates the skin by putting
a probe that is about 30 mm in diameter and 2mm long into
a small blood vessel, and then removes a few microliters of
blood in a period of a few minutes (30). No pain is involved
for the victim, who only experiences a slight tingling sen-
sation, if an itching sensation does not remain. If an ar-
tificial device mimicking a mosquito could be developed
with micromachining technology, then blood samples
could be obtained automatically.

As shown in the examples above, biomimicking tech-
nologies are one approach to attain future biomedical
transducers with performances that would be similar to
animal sensors, and would also be a step nearer to achiev-

Body weight and fat percentage display

Current electrodes

Voltage electrodes

Figure 16. A body scale with impedance electrodes for body fat
measurement.
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ing the much higher level of sophistication that is realized
in biological systems.
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Biometrics deals with the automatic recognition of indivi-
duals based on statistical analysis of physiological and/or
behavioral characteristics. Any human physiological or
behavioral characteristic that is unique, universal, stable,
and collectable could be used as a biometric characteristic.

In the modern automated world, access to a reliable
authentication system becomes increasingly essential.
However, traditional authentication methods based on
the user’s exclusive knowledge, such as password, perso-
nal identification number (PIN), or something belonging
to one, such as a cardkey, smart card, or token [like
identity cards (ID)], can hardly meet the requirements of
the reliability of an authentication system because pass-
words or PIN may be forgotten and ID cards can be lost,
forged, or misplaced. Compared with traditional methods,
biometrics can provide enhanced security and conveni-
ence. As biometric recognition systems are increasingly
deployed for many security applications, biometrics and
its applications have attracted considerable interests.
Recently, biometrics has emerged as one of the most
reliable technologies for future human identification and
verification.

1. HISTORICAL ASPECTS OF BIOMETRICS

As a term, ‘‘biometrics’’ is derived from the Greek words
bio (life) and metric (to measure). The study of biometrics
can be traced back several centuries. In the fourteenth
century, fingerprint was a characteristic that distin-
guished young children from each other in China, as
reported by explorer and writer Joao de Barros. In the
1890s, Bertillonage, a method of bodily measurement, was
used by police authorities throughout the world (1). From
then on, fingerprint-based biometric technology has be-
come essentially important in forensic applications for
criminal investigation, which also promote the develop-
ment of biometrics.

Automated biometrics has a 40-year history; however,
it has received intensive attention only in the last 25 years
because of the challenging task of designation of an
automated biometrics system for large population identi-
fication. In late 1960s, the Federal Bureau of Investigation
(FBI) began to automatically check finger images, and by
the mid-1970s, several automatic fingerprint-based iden-
tification systems had been installed (2). Based on the
success of biometric technologies in law enforcement, the
applications of biometrics have been extended to a wide
range of civilian markets, including access control, e-
business, network security, and other various security
applications.

With the spread of biometrics, more and more research
fundings are being devoted to this important security
technology. Besides fingerprint, many other biometric
technologies are also developed, including face, iris,
speaker, and signature. Electrocardiogram (ECG) signals,
photoplethysmography (PPG) signals, and evoked action
potentials (EAPs) have been investigated recently for
human recognition. Biometrics has separated from the
original subset stage of signal processing, pattern recogni-
tion, image processing, computer vision, computer secur-
ity, and other subjects, and it has developed into a
relatively new and independent research area.

2. WHAT IS BIOMETRICS?

Biometrics deals with the automatic recognition of indivi-
duals based on statistical analysis of physiological and/or
behavioral characteristics (2,3). Any human physiological
or behavioral characteristic that is unique, universal,
stable enough, and collectable could be used as a biometric
characteristic (4).

Common physiological characteristics include finger-
print, iris, face, palm, and retina. These characteristics
are based on direct measurements of part of the human
body. Although the behavioral characteristics, such as
voice, signature, and keystroke dynamics, are traits that
are learned or acquired, they are based on indirect mea-
surements and data are collected from an action of a
human. No matter which biometric technology, physiolo-
gical or behavioral, any one of them cannot be separated
from the other completely. Some typical physiological and
behavioral characteristics are shown in Fig. 1 (4).

3. BIOMETRIC SYSTEM STRUCTURE

There are two kinds of biometric systems: verification
system and identification system. Figure 2 (5) shows the
structure of a typical verification system and a typical
identification system. Verification systems are based on
biometric characteristics to verify whether someone really
is whom he or she claims to be. Such systems usually
receive two inputs: One is the claimed identity of the user
requesting verification, which might be an ID number, a
username, or a PIN, and the other is the biometric
characteristic(s) of that user. The claimed identity is
used to retrieve a particular biometric template stored in
advance in a database, and this template is used as a
reference to be compared against the currently offered
biometric. The similarity between the template and the
test determines the system output, match or no match.
These systems are usually referred to as one-to-one
matching.

On the other hand, identification systems answer the
question, ‘‘Who am I?’’ Therefore, these systems only
receive one input, which is the biometric characteristic(s)
of the user requesting identification. A database estab-
lished in advance is scanned for a matching biometric. If a
matched biometric is found in the database, this person is
identified. The output returned by these systems is an
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identity such as a username or ID number. These systems
are usually referred to as one-to-many matching (5).

4. HOW DOES BIOMETRIC SYSTEM WORK?

No matter which kind of biometric system, it can be
divided into two parts: the enrollment module and the
recognition module (2,3,5,6). The enrollment module reg-
isters a user’s biometric and trains the system to authen-
ticate a given person, whereas the recognition module
identifies or verifies the user’s biometric. Although prob-
ably based on different biometric characteristics, all bio-

metric systems follow the same functioning procedure.
Both enrollment and identification modules consist of data
collection and feature extraction. The difference is that
one storage stage is involved in enrollment module,
whereas comparison and matching stages are included
in the identification module.

4.1. Data Collection Stage

The data collection stage is the first stage in human
recognition systems. Therefore, the quality of the captured
data is crucial to the performance of the whole system.
The less noise, the better the performance. This stage
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completes data capture, together with data preprocessing
sometimes, of a physiological or behavioral sample input
into the system by users. The original signals are then
translated into digital formats for computer processing.
Different systems use different devices for data collection.
In general, cameras or sensors are employed for physiolo-
gical biometric acquisition. Video cameras are used to
capture iris and face images. Some specially designed
fingerprint scanners are available in the market. Newly
investigated PPG-based verification technology uses an
infrared optical sensor as its data acquisition device.
Behavioral characteristic capturing devices are distinct
from each other. A voice-based system uses only a micro-
phone, and a signature-based system uses a writing board.

4.2. Feature Extraction Stage

The feature extraction stage typically comprises three
modules: segmentation, feature extraction, and quality
control as shown in Fig. 3.

The segmentation module decides whether there is a
biometric signal in the received raw data, which is de-
tected in the data collection stage. If so, it segments the
biometric signal from the received signal.

Feature extraction module extracts unique biometric
features from the segmented signal and then generates a
feature vector that should be distinct for any two persons
while similar enough for different samples of the same
person. Therefore, feature extraction module must process
the signal in some way to preserve or enhance the
between-individual variation while minimizing the
within-individual variation. The output of this module is
a set of numerical features or called feature vector.

The quality control module then performs a statistical
check on the extracted features. If this check is not
successfully passed, the system may alert the user to
resubmit the biometric pattern.

4.3. Matching Stage

In the comparison stage, the newly extracted template
from a sample is compared with a registered one in the
database. The comparison algorithm should tolerate in-
significant changes from the same person and yet distin-
guish persons by the difference of the samples. For
identification systems, comparison means that the new
template should be compared with all registered tem-
plates in the database, whereas for verification systems,
it means that the new template is only compared with a
particular registered template.

4.4. Decision Stage

In the decision stage, the system determines whether the
template extracted from the new sample matches the
registered one. Based on the comparison results, a match-
ing score is gained to show the consistency of the observed
template. Generally, a threshold is set to give a definite
answer of ‘‘yes’’ or ‘‘no,’’. When the matching score is
greater than the threshold, an answer of ‘‘yes’’ is given;
otherwise ‘‘no’’ is the output.

5. PERFORMANCE EVALUATION

Performance evaluation is a difficult and important aspect
in biometric technologies. As described, a score indicating
the similarity between the registered template and the
test sample is obtained from the comparison. If the score
exceeds the stated threshold, a match is returned.

Two performance measurements to rank the level of
matching accuracy have been used for many years: false
rejection rate (FRR) and false acceptance rate (FAR). The
FRR is the probability that the real system users are
rejected by the system; the FAR is the probability that the
impostors are accepted. Both rates can be described as a
percentage using the following simple calculations (2):

FRR¼
NFR

NAA
� 100% ð1Þ

and

FAR¼
NFA

NIA
� 100%; ð2Þ

where NFR and NFA are the numbers of false rejections
and false acceptances, respectively. NAA is the number of
authorized identification or verification attempts, and NIA
is the number of impostor identification attempts.
Although FRR and FAR are the most commonly used
evaluation principle for identification systems, it is diffi-
cult to justify the performance of a biometric system
simply by FRR and FAR.

Another evaluation method is the equal error rate
(EER) or the crossover rate. EER, representing the accu-
racy level at which FRR equals FAR, is a general indicator
of a system’s resistance to impostors and ability to match
templates with authorized users. Therefore, EER is com-
monly used as a representation of overall system accuracy.

Receiver operation curve (ROC) and the difference
between the means of the genuine distribution and im-
postor distribution (d0) are two other commonly used
evaluation methods. ROC provides a measure of the
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Figure 3. Typical signal processing procedure
of a biometric system.
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system performance at different operating points. It is a
good representation of the tradeoff between FAR and FRR
and can be used to select an appropriate operating point
for a particular application. d0 is defined as the difference
between the means of the genuine distribution and im-
postor distribution divided by a conjoint measure of their
derivation

d0 ¼
jjMimpostor �Mgenuinejj
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ðSD2
impostorþSD2

genuineÞ=2
q ; ð3Þ

where Mgenuine, Mimpostor, SDgenuine, and SDimpostor are the
means and standard derivations of the genuine distribu-
tion and impostor distribution, respectively (2).

Recently, a variant of ROC plot, the detection error
tradeoff (DET) curve (7), has been used as a measure for
evaluation that plots FRR and FAR on both axes, giving
uniform treatment to both types of error. A complete DET
curve can fully describe system error tradeoffs. Compared
with the ROC plot, the DET curve may move the curves
away from the lower left corner when performance is high
and produce linear curves, which makes system compar-
isons easier (8). The evaluation methods mentioned serve
as a guide to understand a system’s general ability, but
when a particular biometric system is installed, some
other factors should still be considered, including vulner-
ability, convenience, cost, intrusion to person, applicabil-
ity, speed, storage size, and stability.

6. TYPES OF BIOMETRICS

Various biometric technologies have been proposed, in-
vestigated, and evaluated for recognition applications.
Each of them has its intrinsic advantages and disadvan-
tages and appeals to a particular application. The existing
and widely used biometric technologies are summarized
as follows.

6.1. Fingerprint

Fingerprint recognition is one of the earliest and most
widespread techniques of biometric technologies. It uses
the pattern of friction ridges and valleys on an individual’s
fingertips to recognize persons. Their formations depend
on the initial conditions of the embryonic development and
are considered unique to all persons; even the same
fingers of identical twins are different from each other.

Commonly used features include: (1) the directional
field (the local orientation of the ridge-valley structures),
(2) the singular points (the discontinuities in the direc-
tional field), and (3) the minutiae (the details of the ridge-
valley structures) (3). Figure 4 (4) illustrates these fea-
tures for a sample fingerprint. The ridges and valleys form
special structure characteristics of fingerprints and can be
classified into six categories: right loop, left loop, twin loop,
whorl, arch, and tented arch. Minutiae offer a compact
representation of a fingerprint. Usually two types of
minutiae characteristics are used for their robustness
and stability: ridge ending (the point at which a ridge

ends) and bifurcations (the point at which one ridge
divides into two).

A greater variety of fingerprint devices are available
than for any other biometrics at a low cost, and the
relatively small size allows the sensor to be integrated
into other devices. Although fingerprint recognition is one
of the most mature biometric technologies and has been
widely used in forensic applications for criminal investi-
gation, experiments have shown that the sensor of a
fingerprint recognition system cannot provide sufficient
resolution images for up to 5% of the people because of
special problems, like intensive use of manual tools lead-
ing to fingerprint damaging by friction and erosion (8–10).

6.2. Palmprint

Like the fingerprint, the palmprint also has a long history
as a reliable human identifier. The palm is the inner
surface of the hand between the wrist and the fingers
and has been found to have distinctive and stable features,
which could be categorized as geometry features (e.g.,
width, length, and area of a palm), line features (e.g.,
principal lines, coarse wrinkles, and fine wrinkles), and
point features (e.g., minutiae and delta points). Geometry
features are easily captured; however, it is relative easy to
create a fake palm, whereas point features can only be
obtained from the fine resolution image, which costs the
storage much. Therefore, line features, such as principal
lines and coarse wrinkles, are usually adopted as the
biometric features. Figure 5 illustrates three principal
lines of a palm that are named as heart line, head line,
and life line, respectively (11). Both location and form of
principal lines keep stable from time to time and have
become important biometric features. Some advantages
have been achieved by using line features (12): (1) It can
be used on the image with low resolution; (2) significant
features can be determined even in the presence of noise;
(3) a line contains more information than a point com-
pared with fingerprint biometric features. There is an
increasing application of palmprint biometrics for its
stability and uniqueness. Automatic palmprint recogni-

(a) (b)

Figure 4. (a) The orientation and (b) the minutiae of a finger-
print (4).
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tion systems already have been developed for law enforce-
ment applications (13,14).

6.3. Face

Face-based identification systems were developed from
the late 1980s, and the systems can be commercially
available in the 1990s. Face-based identification systems
analyze the characteristics of a person’s face image, in-
cluding distances between eyes, nose, mouth, and jaw
edges. Similar to fingerprint recognition technology, there
are a variety of approaches to face recognition. Two
primary face recognition approaches are (1) the transform
approach and its variants (15): using a set of orthonormal
basis vectors to represent the universe of face image
domain; and (2) the attribute-based approach (16): facial
attributes are first extracted from the face image and
those invariant geometric properties are used as recogniz-
ing features. An advantage of face-based biometric tech-
nology is that it provides continuous personal identity
recognition. Another benefit is that it uses smaller tem-
plates. Face-based biometric technology has become one of
the most acceptable biometrics. However, change of face
expressions and slight variants on the face can greatly
affect system performance.

6.4. Iris

The use of iris for personal identification was originally
proposed by ophthalmologist Frank Burch in 1936. Iris-
based biometric systems (17) analyze the distinctive fea-
tures of the human iris that exist in the colored tissue
surrounding the pupil for human recognition. Currently,
three major types of iris-based recognition systems are
kiosk-based systems, physical access devices using motor-
ized cameras, and inexpensive desktop cameras (5). Iris
recognition technology is extremely powerful for high
security applications because of the uniqueness of the
eyes, even between the left and right eye of the same
person. And its relatively high speed and easy of use make
it a great potential biometric. However, it encounters some

difficulties in capturing iris images if the users are not
willing to hold their heads in the right spot for the scan.
Besides, it is difficult to minimize the size of image capture
devices and it requires expensive high-resolution image
for vertex detection in feature extraction.

6.5. Infrared Facial and Hand Vein Thermograms

A thermogram-based system uses the pattern of heat
radiation from the human body, which is considered a
characteristic of each body, for authentication. Thermo-
grams can be acquired by an infrared sensor, and these
thermal images indicate the heat emanating from differ-
ent parts of human body. Nowadays, facial thermogram
(18) based recognition systems are commercially avail-
able. A hand vein thermogram-based recognition system
requires near-infrared imaging technology to obtain the
hand vein structure. A thermal image obtained by sensing
the infrared radiation from the face of a person is shown in
Fig. 6 (4), and an infrared image of the back of a clenched
human fist is shown in Fig. 7 (4). A thermogram-based
system seems to be acceptable by the public for it is
noncontact. However, the applications of a thermogram-
based system may be dramatically limited by the sur-
rounding conditions, such as air conditioner and vehicle
exhaust pipes. Furthermore, the high price of infrared
sensors is also a factor prohibiting the widespread use of
thermograms for identification.

6.6. DNA

DNA is often called the code of life and is known to be
totally unique for each person except identical twins, who
have an identical DNA pattern. DNA identification sys-
tems (4,19) are based on the distinctive signature at one or
more polymorphic loci. Currently, most DNA-based recog-

1
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Figure 5. A palm with three principal lines, which are named as
heart line, head line, and life line, respectively (11).

Figure 6. An image of facial thermograms for biometrics (4).
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nition systems are used in forensic applications and their
testing procedures involve the use of restriction endonu-
cleases, which are used to cleave a person’s DNA into a
reproducible pattern of fragments at recognition sites,
DNA probes, and Southern blot hybridization, to isolate,
detect, and visualize specific target DNA fragments. DNA
recognition is the most precise biometric technology and is
widely accepted as absolutely accurate. But it may en-
counter some problems in applications, such as contam-
ination, sensitivity, privacy issues, and even
discrimination.

6.7. Retina

A retina-based biometric system analyzes the pattern of
blood vessels situated on the back of the eye to recognize
persons (4). Figure 8 (4) illustrates the vasculature struc-
ture of a retinal image, which is considered to be unique to
each person and each eye. The first retina scan device for
commercial use was made in 1984. Typically, a retina scan
device is composed of a low-intensity light source, an
optical coupler, and a pattern reader that can work at a
high level of accuracy. The retina is claimed to be the most
accurate biometric available today. And it is also a long-
term and high-security biometric trait for the continuity of
the retina pattern throughout life and the difficulty in
mimicking the retina vasculature. Unfortunately, it does
require the user to remove glasses, place their eye close to
the device, and focus on a certain point, which may
mislead the user into thinking that it is harmful to the
eyes. And the cost of the hardware for scanning limits its
applications to some particular situations.

6.8. Hand and Finger Geometry

Hand geometry (4,20) has become a popular biometric
topic recently. The geometry of the human hand is not
unique, but it does provide sufficient information for
recognition. This technology measures and analyzes the
shape of the hand such as length of fingers, width, and
thickness of the hand for recognition. It is easy for users to

work the system and has no negative public attitude to
overcome. The size of storage is very small, which is an
attractive feature for bandwidth- and memory-limited
systems. However, hand image capturing devices require
the cooperation of users, and they are inconvenient as
they limit flexibility of the hand.

Finger geometry is a variant of hand geometry, which
relies only on geometrical invariants of fingers (index and
middle), and it is relatively new in the biometrics area,
and thus not as mature as hand geometry.

6.9. Ear

The shape and structure of an ear may not unique, but
they are distinctive enough for identity recognition, and
they do not change radically over time. Ear recognition
technology (4,21) is based on the comparison of the dis-
tances of salient points on the ear from a landmark
location on the ear. The features used for ear recognition
are shown in Fig. 9 (4). Ear-based recognition technology
is promising for it is easy to extract features from the ear.
However, because it is still a new research topic, no
commercial system is available in the market yet.

6.10. Odor

It is well known that odor exuded from an object is an
indicator of its chemical components, which makes it
possible for the object to be distinguished by its odor.
Odor-based recognition systems (4,22) first detect the odor
of one person by an array of chemical sensors, each of
which is sensitive to a certain group of odor, and then the
feature vector is constructed by the characteristics of the
normalized measurement from each sensor. After the
detection, sensors have to be initialized by a flux of clean
air. Odor-based biometric systems require odor sensors
with extremely high odor sensitivity and selectivity.
Furthermore, it is still not clear if the invariance in an
odor could be detected by the chemical sensors in the
environment in which chemical components vary under
the present time.

Figure 8. An image of retina for recognition (4).

Figure 7. An image of hand veins for identification (4).
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6.11. Speaker

Speaker recognition uses the speaker-specific information
included in speech waves to recognize who is speaking.
This technology involves elements of both behavioral and
physiological characteristics: the shape of the vocal tract
that determines how a voice sounds and the user’s beha-
vior that determines what is spoken and in what tone.

Speaker recognition methods can be divided into text-
dependent (23) and text-independent (24) methods. The
former one requires the same passwords to be used for
both enrollment and recognition. The latter one does not
place any constraint on the phrase used for enrollment or
recognition. Speaker recognition has the most potential
for growth, not only because the voice is easy for the user
to provide, but also because the required speech collection
hardware is readily available on most personal computers
today. However, as in many behavioral biometric systems,
the performance of the matching system is contingent on
users’ motivation to verify. This technology is potentially
more susceptible to attacks than other biometrics.
Furthermore, low-quality capturing devices and ambient
noise may challenge its accuracy, and the large size of the
template limits the number of potential applications.

6.12. Signature

Signature verification analyzes the way that a person
signs his or her name, by measuring dynamic signature
features such as speed, pressure, and angle. There are two
types of signature recognition systems: offline (or called
static) (25) and online (or called dynamic) signature
systems (26). In an offline system, the signature is written
on paper and an optical scanner or a camera digitizes the
signature data. Afterward, the signature is verified
through examining the overall or detailed shapes of the
signature. In an online system, the signature is acquired
in real time with a digitized pen tablet (or an instrumen-
ted pen or other touch panel specialized hardware), which
captures both the static and dynamic information of the

signature during the signing process. Because the acquisi-
tion of the offline signature is somewhat complex with
weak performance, these systems are limited and usually
used as an aid in legal cases to identify criminals. How-
ever, an online signature verification system can use not
only the shape information of the signature, but also the
dynamic time-dependent information. Therefore, its per-
formance (accuracy) is normally considered to be better
than that of an offline system.

Although the study of human signatures has a long
history, automatic signature verifications is still a new
topic in the biometrics domain. Automatic signature tech-
nology is potentially one of the most powerful and publicly
acceptable means of personal authentication currently
available and this technology is not privacy invasive.
More importantly, people easily accept it as an identity
recognition method because people are accustomed to the
signature as a means of transaction-related identity re-
cognition and most would see nothing unusual in extend-
ing it to biometrics applications. However, signature
acquisition hardware may limit the applications of signa-
ture recognition systems and network response is an
important consideration. Nowadays, this technology is
mainly employed in e-business and in other applications
in which a signature is an already accepted method for
personal authentication.

6.13. Keystroke Dynamics

Keystroke dynamics biometric technology (2,4,6,27) is a
purely behavioral biometrics compared with speaker and
signature technologies. This technology uses a person’s
distinctive typing pattern on a keyboard, such as the
length of time a user held down each key and the time
elapsed between keystrokes, for recognition. Although
this behavioral biometrics may be not unique to each
person, it offers sufficient discriminatory information for
identity recognition. Generally, typical matching ap-
proaches use neural network architecture to associate
identity with the keystroke dynamics features and this
technology is normally deployed and integrated with pass-
words. Although there are limitations in the potential
accuracy of keystroke dynamics verification technology,
it can be operated in environments and applications where
other biometrics cannot work efficiently. Some commercial
keystroke dynamics verification systems are already in
the market.

6.14. Gait

The use of gait as human identity is very recent, and no
commercial system based on gait (4,28) exists. Gait is the
distinctive and particular way that each person walks,
which can be understood from a biomechanics standpoint.
Typically, gait-based recognition systems extract gait fea-
tures from video, which include characteristics of several
different movements of articulate joints and muscles. One
major merit of gait-based biometrics is its acceptability by
the public, for people are adept at recognizing a person at
a distance from his or her gait. Another one is its non-
concealable nature. However, the main challenge to this
technology is the gait variance over a large period of time,

Figure 9. An ear image and the features used for ear-based
verification (4).
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caused by large fluctuation of body weight, major shift in
body weight, or inebriety. And automatic extraction of gait
features from video is also an ambitious problem to be
solved in gait biometric technology.

6.15. Electrocardiogram (ECG)

Recently, a new approach based on ECG (29) for human
identification is proposed. An ECG is a technique that
records a well-coordinated series of electrical events that
take place within the heart, caused by the smooth, rhyth-
mic contraction of the atria and ventricles for blood
circulation. This set of electrical events, which is intrinsic
to the heart, is not only valuable in clinical applications
but also a good biometric trait for human recognition.
Preliminary exploration was carried out based on the
distinctive features of the ECG waveform in the time
domain. A standard 12-lead rest ECG was collected, and
the representative features were extracted from the wave-
form of ECG as shown in Fig. 10 (29). With further
investigation, one recent research result has shown that
the signal from one lead is enough for human identifica-
tion (30). Actually, in all of these identification methods, it
is difficult to implement identification on moving humans.
Although biometric technology based on ECG analysis can
solve this problem and can achieve a high recognition rate,
which indicates that ECG is a potential biometric signal.
In addition, ECG is a one-dimension signal that is easy for
signal processing. However, there are still problems with
this new biometric method. It is inconvenient for users to
place several electrodes on the body, and several other
issues, like data collection, motion effects, and the stability
of ECG, are still under study.

6.16. Photoplethysmographic (PPG) Signal

The application of the PPG signal for human verification
purposes is a new exploration (31). Typically, photo-
plethysmography uses an infrared optical sensor to detect
the volume change of red blood cells in the peripheral
microvascular bed associated with each pressure pulse
initiated by the heart. PPG signals may not be unique to
each individual, but they do provide sufficient character-

istics for identity verification. The first trial of this newly
proposed biometric method is based on four features,
which are extracted from the PPG signals in the time
domain as shown in Fig. 11 (31). The Euclidean distance
was adopted as the criteria of decision-making, and the
pilot investigation shows a promising verification result;
i.e. 16 subjects were successfully recognized out of 17. The
PPG-based biometric system uses an easily collected
signal, which can be simply obtained at peripherals,
such as the fingertip, by optical sensor. Besides, PPG-
based biometric systems can be easily combined with
other biometric techniques for personal identity recogni-
tion. However, the PPG signals vary substantially under
different conditions, especially under different pressures
and temperatures. Further study is needed to solve these
problems.

6.17. Muscle Evoked Action Potential (EAP)

The use of muscle EAP for human identification was
proposed in 2003 (32). EAP is an electrical waveform
elicited in the nervous system or muscle, which is excited
by an external stimulus. In the pilot study, muscle EAPs
were collected from individuals at hypothenar eminence,
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which is activated by external stimulating the ulnar
nerve. The template for each person was constructed by
the wavelet coefficients of the muscle EAP on a specified
scale. The decision making on human identity is based on
the calculated Euclidean distance between the registered
and the sample template. The preliminary result indicates
great potential of this biometric technology. The major
merits of muscle EAP-based biometrics are that the signal
is very stable within the same person and remarkably
distinctive between individuals, as shown in Fig. 12 (32).
In addition, the muscle EAP is a one-dimension signal,
which is easy to process. However, as a newly proposed
technology, muscle EAP-based biometrics is under further
investigation. One limit of using muscle EAP is that its
data collection requires electrical stimulation, which af-
fects its acceptability in public. Besides, the reliability of
muscle EAP in the long term still needs further examina-
tion.

6.18. Multimodal Biometrics

No matter which biometric technology is employed, each
technique has its advantages and limitations, and no
single biometric technology can efficiently meet all desired
performance requirements of an application. Currently,
the performance improvement of biometric technologies
can be realized mainly through two ways: exploring more
accurate and reliable biometric characteristics, as well as
efficient integration of existing biometric technologies,
called multimodal biometrics, which combines multiple
biometrics in making an identification system. Integration
of two or more biometric technologies may overcome the
demerits of one technology by the merits of another

technology. Multimodal biometrics can achieve at least
one or both advantages: the identification accuracy im-
provement and the identification speed improvement at
matching step. Researchers have investigated some fusion
technologies to improve the performance of this type of
recognition system (33).

7. BIOMETRICS APPLICATIONS

Biometrics-based human recognition systems have been
employed in many practical applications, which can be
simply classified as follows:

* Criminal Identification: Criminal recognition is
perhaps the earliest and largest biometric applica-
tion, in which biometrics-based identity authentica-
tion systems are used to recognize the identity of a
suspect or detainee. Fingerprint and palm-based
recognition technologies have been widely used in
this application. In turn, this application also pro-
motes the development and widespread of biometric
technologies.

* Access Control: Biometric technologies have been
used as a means of access control in many high secure
environments for decades. Nowadays, the primary
applications of biometrics in access control lie in
physical access control, which uses biometrics to
recognize the identity of the individual entering or
leaving one place, typically a room or a building.

* Computer and Network Security: With the rapid
development of the computer network, the security of
e-world has suffered growing problems, such as
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hacker and electronic eavesdropping, which have
already threatened the prosperity and productivity
of corporations and individuals using the Internet.
Therefore, computer and network security based on
biometric technologies has evoked great public inter-
est. Biometric technology-based security computer
systems are used to recognize the identity of indivi-
duals accessing the network, computer system, soft-
ware applications, or other computer resources, and
these systems remove the need for various traditional
security methods, which are mainly passwords and
tokens. Different from other applications, biometrics
technology-based security computer systems require
incorporating portable or handheld devices with the
ability to be secured. Nowadays, fingerprint and voice
recognition are the most promising techniques in this
application.

* E-Commerce Applications: E-commerce develo-
pers explore biometric technologies to recognize the
identity of individuals conducting remote transac-
tions for goods or services. It is obvious that biometric
technologies will provide higher security than tradi-
tional authentication mechanisms such as passwords
and PINs. Generally, e-commerce applications in-
volve remote user authentication, unsupervised en-
rollment, and transactional verification processes.

* Citizen Identification: Biometrics-based national
identity management systems have already been in
use in some countries to complement or replace
traditional authentication methods like document
provision and signature. These systems use biometric
technologies for identity recognition for the purpose
of card issuance, voting, immigration, social services,
or employment background checks. Generally, these
systems involve storing a biometric template on a
card as a national identity document.

* Telephone Systems: Being frequently attacked from
increasing fraud, telephone companies now use bio-
metric technologies to defend against these on-
slaughts. In general, these systems involve remote
user authentication, unsupervised enrollment, and
verification processes. It is obvious that speaker
recognition is well suited the telephone environment
and will quickly become popular in this new market.

* Time, Attendance, and Monitoring: Time, atten-
dance, and monitoring systems are usually deployed
to restricting, registering, or controlling the presence
of an individual in a given place. Although there are
many advantages of biometric systems over tradi-
tional authentication methods that are usually per-
formed by punch cards, biometric-based monitoring
systems might sometimes elicit privacy problems.

* An Application Example: Recently, a multimodal
identification system, BioID, was developed by the
Dialog Communication System Company (DCS AG)
for access control utility (34). Figure 13 (34) gives the
schematic diagram of a BioID system, which employs
three different biofeatures, face, voice, and lip move-
ment, as well as biometric traits. At the data collec-
tion stage, the system records a sample of a person
speaking, in which a 1-second sample consists of a 25-
frame video sequence and an audio signal. Different
signal processing methods are applied to extract
features representing unique characteristics of users’
speech, face, and lip movement. In detail, the speech
signal is divided into several segments, each of which
is represented by an audio feature vector composed
by cepstral coefficients. A class of the audio feature
vectors is collected as the biometric characteristics of
the speech. Face recognition is completed by two
steps: face localization and facial feature extraction.
To detect the location of a face in an arbitrary image,
BioID adopts the first image in the video sequence
and uses a model-based algorithm, which is based on
Hausdorff distance, to match a binary model of a
typical human face to a binarized, edge-extracted
version of the video image. Figure 14 (34) demon-
strates the face localization process. All faces cap-
tured from different users are scaled to a uniform
size, and appropriate facial features are extracted,
such as the head size, to form a feature vector. The lip
movement is characterized by vector fields, which
represent the local movement of each image part to
the next image in the video sequence. Specifically, the
first 17 images for the mouth area are cut from the
video sequence to construct 16 vector fields, which
are then used to create a one-dimensional feature
vector as the pattern for lip movement. Finally,
feature vectors representing uniqueness of speech,
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Figure 13. Schematic diagram of a BioID
system (34).
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face, and lip movement, respectively, are collected as
the biometric pattern for a user.

As shown in Fig. 13, image and audio features are
extracted by the synergetic computer and vector quanti-
fier, respectively. The template patterns for all users are
constructed and stored in the system for human recogni-
tion. For a specific identification task, a sample, contain-
ing the audio and video signals, is input to the BioID
system. After signal processing and feature extraction, the
sample pattern is compared with all template patterns
and three scores are obtained by comparing the features of
voice, face, and lip movement, respectively. The decision
strategy can be designed by the system operator to achieve
a different security level or recognition accuracy by choos-
ing sensor fusion methods, weights for different biometric
traits, and the thresholds for comparison results. Figure
15 (34) shows the available options for decision strategy.
For example, in normal operation, a two-out-of-three
method is chosen for sensor fusion; i.e., a person will be
identified with an ID when two out of his three biometric
traits are best matched to those of the corresponding
template pattern without falling below threshold values
set in advance. The three-out-of-three strategy can be
selected for a higher security level. In addition, the
identification accuracy can be improved by adjusting the
weights assigned to feature vectors of face, voice, and lip
movement. For example, if the system always correctly
identifies a person by voice, the weight assigned to its
feature vector will be enhanced. BioID can be employed in
any technical system in which access control is needed.
Figure 16 (34) shows one application example when a user

poses in front of the PC camera and speaks his name for
seeking access to a computer network.

8. CONCLUSION

Compared with traditional authentication technologies,
biometrics is distinctive because it uses natural signals of
human beings for identity recognition. Signal processing,
such as neural network, and other relative techniques
have advanced the development of biometrics consider-
ably. Various biometric technologies have been explored by
many research groups, and biometrics is emerging as one
of the most reliable technologies for future human recog-
nition. However, biometrics is still in its developing stage.
The exploration of new signatures from the human body
and efficient integration of existing biometric technologies
are two hot topics in this area. And interwoven develop-
ment of data acquisition, signal processing, classification
technique, and performance evaluation criteria, would
offer an opportunity to stimulate further development of
biometric technology.

Figure 16. A user who is trying to access to a computer network
through the BioID system (34).

Figure 14. The face localization process of a BioID system (34).

Figure 15. The available options for decision strategy of a BioID
system (34).

BIOMETRICS 11



BIBLIOGRAPHY

1. Court Technology Laboratory (CTL) (2003). Available: http://
clt.ncsc.dni.us.

2. D. D. Zhang, Automated Biometrics: Technologies and Sys-

tems. Amsterdam: Kluwer Academic Publishers, 2000.

3. D. D. Zhang, Biometric Solutions For Authentication In An E-

World. Amsterdam: Kluwer Academic Publishers, 2002.

4. A. Jain, R. Bolle, and S. Pankanti, Biometrics: Personal

Identification in Networked Society. Amsterdam: Kluwer
Academic Publishers, 1999.

5. S. Nanavati, M. Thieme, and R. Nanavati, Biometrics: Iden-

tity Verification in a Networked World. New York: Wiley
Computer Publishing, 2002.

6. S. Pankanti, R. M. Bolle, and A. Jain, Biometrics: The future
of identification. Computer 2003; 33:46–49.

7. A. Martin, G. Doddington, T. Kamm, M. Ordowski, and M.
Przybocki, ‘‘The DET curve in assessment of decision task
performance,’’ in Proc. ESCA 5th Eur. Conf. Speech Comm.
and Tech., EuroSpeech ’97, Rhodes, Greece, 1997: 1895–1898.

8. J. Ortega-Garcia, J. Bigun, D. Reynolds, and J. Gonzalez-
Rodriguez, Authentication gets personal with biometrics.
IEEE Signal Processing Mag. 2004; 21(2):50–62.

9. P. Peter, The smart cards are coming y really. Available:
http://www.forbes.com/technology/feeds/general/2005/02/
11/generalbhsgml_2005_02_11_19213_791446171-0019-KEY-

WORD.Missing.html.

10. Summary of NIST standards of biometric accuracy, tamper
resistance, and interoperability. Available: http://www.itl.-
nist.gov/iad/894.03/NISTAPP_Nov02.pdf.

11. W. Shu and D. Zhang, Palmprint verification: an implementa-
tion of biometric technology, Proc. 14th Int. Conf. on Pattern
Recognition, 1998: 219–221.

12. D.D. Zhang, Palmprint Verification in Automated Biometrics.
Boston: Kluwer Academic Publishers, 2000.

13. NEC Automatic Palmprint Identification System (2003).
Available: http://www.nectech.com/afis/download/Palm-

printDtsht.q.pdf.

14. Automatic Palmprint Identification System (2003). Available:
http://www.printrakinternational.com/omnitrak.htm—

Printrak.

15. J. Zhang, Y. Yan, and M. Lades, Face recognition: Eigenface,
elastic matching, and neural nets. Proc. IEEE. 1997; 85:1423–
1435.

16. M. J. Lyons, J. Budynek, A. Plante, and S. Akamatsu,
Classifying facial attributes using a 2-D Gabor wavelet
representation and discriminant analysis. Proc. Automatic
Face and Gesture Recognition, Proceedings. Fourth IEEE
International Conference, 2000.

17. G. O. Williams, Iris recognition technology. IEEE Aerospace

Electronic Syst. Mag. 1997; 12:23–29.

18. F. J. Prokoski, R. B. Riedel, and J. S. Coffin, Identification of
individuals by means of facial thermography. Proc. IEEE 1992
International Carnahan Conference on Security Technology:
Crime Countermeasure, Atlanta, GA, Oct. 14–16, pp. 120–
125.

19. R. Sanchez-Reillo and A. Gonzalez-Marcos, Access control
system with hand geometry verification and smart cards.
IEEE Aerospace Electronic Syst. Mag. 2000; 15:45–48.

20. B. Lehr, DNA’s lasting imprint. IEEE Potentials. 1989; 8:6–8.

21. M. Burge and W. Burger, Ear biometrics in computer vision.
Proc. 15th Int. Conf. on Pattern Recognition, 2000: 822–826.

22. K. Cai, T. Maekawa, and T. Takada, Identification of odors
using a sensor array with kinetic working temperature and
Fourier spectrum analysis. IEEE Sensors J. 2002; 2:230–234.

23. K. Chen, D. Xie, and H. Chi, A modified HME architecture for
text-dependent speaker identification. IEEE Trans. Neural

Networks. 1996; 7:1309–1313.

24. R. A. Finan and A. T. Sapeluk, Text-independent speaker
verification using predictive neural networks. Proc. Fifth Int.
Conf. on Artificial Neural Networks, 1997: 274–279.

25. E. J. R. Justino, A. El Yacoubi, F. Bortolozzi, and R. Sabourin,
An off-line signature verification system using hidden Mar-
kov model and cross-validation. Proc. XIII Brazilian Sympo-
sium on Computer Graphics and Image Processing, 2000:
105–112.

26. L. Nakanishi, N. Nishiguchi, Y. Itoh, and Y. Fukui, On-line
signature verification method utilizing feature extraction
based on DWT. Proc. 2003 Int. Symp. on Circuits and
Systems, 2003: 25–30.

27. J. A. Robinson, V. W. Liang, J. A. M. Chambers, and C. L.
MacKenzie, Computer user verification using login string
keystroke dynamics. IEEE Trans. Systems, Man Cybern.

1998; 28:236–241.

28. C. BenAbdelkader, R. Cutler, and L. Davis, Stride and
cadence as a biometric in automatic person identification
and verification. Proc. Fifth IEEE Int. Conf. on Automatic
Face and Gesture Recognition, 2002: 357–362.

29. L. Biel, O. Pettersson, L. Philipson, and P. Wide, ECG
analysis: A new approach in human identification. IEEE
Trans. Instrumentation Measure. 2001; 50:808–812.

30. T. W. Shen, W. J. Tompkins, and Y. H. Hu, One-lead ECG for
identity verification. Proc. Second Joint IEEE EMBS/BMES
Conf., Huston, TX, 2002.

31. Y. Y. Gu, Y. Zhang, and Y. T. Zhang, A novel biometric
approach in human verification by photoplethysmography
signal. Proc. ITAB2003 4th Annu. IEEE EMBS Special Topic
Conf. on Information Technology Applications in Biomedicine.

32. T. Ma, Y. Y. Gu, Y. Zhang, and Y. T. Zhang, A novel biometric
approach by evoked action potentials. Proc. Int. IEEE EMBS
Conf. on Neural Engineering, Italy, 2003.

33. V. Chatzis, A. G. Bors, and I. Pitas, Multimodal decision-level
fusion for person authentication. IEEE Trans. Systems, Man
Cybern. 1999; 29:674–680.

34. R. W. Frischholz and U. Dieckmann, BiolD: A multimodal
biometric identification system. Computer. 2000; 33(2):64–68.

READING LIST

D. Maltoni, D. Maio, A. K. Jain, and S. Prabhakar, Handbook of

Fingerprint Recognition. New York: Springer, 2003.

S. Liu and M. Silverman, A practical guide to biometric security
technology. IT Professional. 2001; 3(1):27–32.

M. Turk and A. Pentland, Eigenfaces for recognition. J. Cognitive
Neurosci. 1991; 3(1):71–86.

J. Daugman, High confidence visual recognition of persons by a
test of statistical independence. IEEE Trans. Pattern Analysis

Machine Intell. 1993; 15(11):1148–1161.

D. Zhang, W. K. Kong, J. You, and M. Wong, Online palmprint
identification. IEEE Trans. Pattern Analysis Machine Intell.
2003; 25(9):1041–1050.

R. Brunelli and D. Falavigna, Person identification using multiple
cues. IEEE Trans. Pattern Analysis Machine Intell. 1995;
17(10):955–966.

12 BIOMETRICS



A. Ross and A. K. Jain, Information fusion in biometrics. Pattern
Recognition Lett. 2003; 24(13):2115–2125.

BIOMETRICS 13



BIOMOLECULAR LAYERS: QUANTIFICATION
OF MASS AND THICKNESS
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1. INTRODUCTION

Biomolecular films immobilized on surfaces have broad
industrial and academic applications. One challenge in
developing hybrid devices, like biosensors, that use bio-
molecular films is to design and fabricate surfaces that
allow high concentrations of biomolecules and preserve
their bioactivity.

The approach of building biomolecular devices starts
with the preparation of thin biomolecular films with a
structural control, preferably in the direction perpendicu-
lar to the thin-film plane of different substrate materials,
such as silicon, oxides, gold, etc. Different techniques for
the preparation of biomolecular films exist, starting with
those that produce various degrees of molecular organi-
zation [e.g., Langmuir–Blodgett deposition, self-assembly
from solution, electrochemical deposition, covalent bind-
ing at molecularly engineered sites, binding by biospecific
interaction (e.g., biotin-avidin)], to those that produce mo-
lecularly random films [e.g., surface adsorption, bulk en-
trapment (absorption), nondirected covalent binding to
the surface].

The biomolecular films have many characteristics that
may require quantification, and a variety of tools for sur-
face and interface analysis have been used to characterize
the films microscopically, spectroscopically, and phen-
omenologically, such as the mass of the film, reaction
heats, absorption coefficients, and so on (1). From the
point of view of building biomolecular devices and irre-
spective of the deposition method, one of the parameters
that must be quantified is the amount of biomolecules im-
mobilized in the film. Some methods applied to determine
this amount, methods that are important for applications,
will be reviewed in the paper. Methods exist, based on
phenomena like birefringence, that give information
about the organization of the biomolecular film, but they
are not the objective of this chapter. Also, it is not the
purpose of this chapter to describe methods that quantify
other parameters, like the range of activity measurements
(e.g., enzyme activity, antibody-binding activity, orienta-
tion and steric hindrance, electron transfer efficiencies,
etc.).

2. THE PHYSICAL MODEL

Whatever the technology used for the preparation of the
biomolecular film and the technique used for immobiliza-
tion, in order to preserve their biological function, the bio-
molecular films should be interfaced with a specific
solution, and the techniques applied to measure different

properties should be able to operate and provide reliable
results in this environment.

The system under study consists of a substrate, on top
of which can exist several other thin layers of organic or
inorganic material, and a thin layer of biomolecules. This
system is usually placed in a stationary liquid cell or a flow
cell. The measurements are performed either dynamically,
when studying the kinetics of biomolecular film deposi-
tion, or stationary, when measuring the final parameters
of the film.

In order to interpret the data obtained from the char-
acterization instruments, it is commonly assumed that the
biomolecular film is isotropic and homogeneous, the sub-
strate and all other layers are flat, and the thickness of the
biomolecular film is constant. The film is characterized in
terms of physical parameters like refraction index; den-
sity; shear modulus; or shear viscosity, thickness, and
mass.

3. AVAILABLE METHODS

The first question regarding a biomolecular film is how
many molecules are deposited on the substrate, or equiv-
alently, what is the mass of the film? The monitoring of the
mass changes of the biomolecular film can reveal many
important physical and chemical processes. However, the
small amounts of mass deposited pose important prob-
lems—the mass of a very thick biomolecular film will be
barely measurable by the most advanced available bal-
ance, and only if large amounts of expensive biomolecules
are used. Therefore, measuring the mass of a biomolecular
film is not straightforward and is performed indirectly by
several methods that measure different parameters re-
lated to the mass or thickness and with physical models
based on known properties of the film.

Several reviews (2,3) point to the ideal technique for
measuring biomolecular film, which:

* should not affect the biomolecular film properties;
* should quantify the amount of adsorbed biomolecules
in situ;

* should be able to be equally used on different sub-
strate materials;

* should give information on conformation or orienta-
tion in the adsorbed film (if possible).

A brief comparison of the available techniques used for
the study of biomolecular films is given in Table 1. From
the methods listed in the table, the optical methods and
the acoustical methods will be reviewed because they have
the required precision, they are simple and inexpensive,
and they are close to satisfying the criteria for the ideal
measurement techniques.

4. OPTICAL METHODS

Optical methods use an incident beam of light specifically
tuned to interact with the sample, which comprises the
biomolecular film. The measurement of different parame-
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ters of the outgoing beam allows the calculation of the
thickness or the refractive index of the biomolecular film.

Usually, the measurement is performed in flow cells
filled with aqueous solution, first in a control-experiment
mode (i.e., without the biomolecules in solution). Then the
actual measurements are performed with a solution of a
known concentration of biomolecules and compared with
the previous ones. In order to quantify the influence of the
solution on the film, the measurements can also be per-
formed after drying the film.

4.1. Ellipsometry

Ellipsometry is a convenient and accurate technique for
the measurement of thicknesses and refractive indexes of
thin films on solid surfaces and for the measurement of
optical constants of reflecting surfaces. The technique is
easily adaptable to the study of biomolecular films under
liquids. The standard reference books (4,5) provide a com-
prehensive overview of the technique with an emphasis on
applications.

4.1.1. Principle of the Method. A typical ellipsometry
system comprises a sample with a biomolecular film of in-

dex of refraction nf deposited on a substrate with an index
of refraction ns, immersed in a medium of index of refrac-
tion n1, as shown in Fig. 1. The incident beam, usually
from a laser, is passed through an optical system to be
converted into an elliptically polarized beam. The incident
angle is usually expressed with regard to the plane of in-
cidence (i.e., the plane through the incident, reflected, and
transmitted beam). The elliptically polarized light beam
can be decomposed into two orthogonal components, one
linearly polarized parallel to the plane of incidence, de-
noted by a subscript p, and one linearly polarized perpen-
dicular to the plane of incidence, denoted with a subscript
s. The incoming light on the sample has a state of polar-
ization, with both components having different interac-
tions with a surface, either the bare substrate surface or
the surfaces the light encounters in the sample. As a re-
sult, the light beam is modulated by the other components
on the same orthogonal axes, and the state of polarization
has changed during interaction with the sample. This
change in the polarization state of the outgoing light
beam compared with the incoming light beam gives the
information about thicknesses of the layers the light en-
counters in the sample.

Table 1. Techniques Used for the Study of Biomolecular Films

Technique Principle of operation Characteristics

Optical techniques
* Ellipsometry
* Surface plasmon resonance
(SPR)

* Optical waveguide lightmode
spectroscopy (OWLS)

* Raman spectroscopy
* Infrared reflectance
spectroscopy

The light beam interacts with the
biomolecular film and changes in
amplitude, phase, polarization, etc.
These changes allow the quantification
of the optical parameters and even
bonding states of molecules.

* Optical methods do not perturb the biomolecular
film.

* Measurements in situ are possible.
* Depending on the optical method, different surface
materials are available.

* Optical methods can give information on
conformation or orientation in the adsorbed film
can be obtained.

Labeling techniques
* Fluorescence labeling
* Radiolabeling

The biomolecules are tagged with a
radioactive or fluorescent label, which
is then detected. It is assumed that the
signal is in a linear or known
relationship with the number of
biomolecules on the surface.

* Labeling changes the properties of biomolecules
and impacts on their adsorption properties.

* The surface material does not influence the ability
to measure the biomolecular film.

* No information on conformation or orientation in
the adsorbed film can be obtained.

* High concentrations offluorophore can induce auto-
fluorescence with impact on the linearity of the
signal vs. concentration.

Acoustic vibration techniques
* Quartz crystal microbalance
(QCM)

* Surface acoustic wave devices
(SAW)

The resonance frequency changes with
adsorbed mass on the surface of the
piezoelectric material.

* Possible impact on the adsorption of biomolecules.
* The surface material is limited to piezoelectric
materials.

* Measurements in situ are possible.
* No information on conformation or orientation in
the adsorbed film can be obtained.

* For operation in air, the quantification is
straightforward; but for films interfaced with a
solution, there is a coupling between the
oscillations in the crystal and the liquid.

Electrical methods
* Impedance
* Electro-kinetic methods

As biomolecules in solution will become
charged as the result of the ionization,
the change in electrostatic charge at
the surface is detected. If the charge of
an individual biomolecule is known,
then the total number of biomolecules
can be calculated.

* Electrical methods do not influence the
biomolecular film.

* Different surface materials are available.
* Measurements in situ are possible.
* No information on conformation or orientation in
the adsorbed film can be obtained.
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The reflection of both p and s components can be de-
scribed by complex reflection coefficients R:

Rp¼ jRpje
idp

Rs¼ jRsje
ids

ð1Þ

It would be possible to determine the reflection coefficients
Rp and Rs separately, but in order to eliminate the effect of
intensity fluctuations in the incident light beam, an ellip-
someter determines the ratios of the amplitudes of the p
and s components, and the phase difference between p and
s components rather than the absolute values. Usually,
these two parameters are expressed as two angles, C and
D.

Rp=Rs¼ tanC � expðiDÞ; ð2Þ

where C and D are measured by the ellipsometer. The re-
flection coefficients are dependent on the angle of inci-
dence; the wavelength l of the incident light; the
refractive indexes of the substrate, film, and immersion
medium, ns, nf, nm, respectively; and the thickness d of the
biomolecular film.

In order to study a biomolecular film by ellipsometry,
the reflection coefficients of the bare substrate are first
measured and the complex refractive index of the sub-
strate estimated. The substrates easiest to work with are
those with high reflectance. Both smoothness and flatness
are factors that must be considered in the selection of the
substrate. Irregularities that are small compared with the

dimensions of the light beam, which is commonly of the
order of 1mm2, are averaged and do not affect the result.

A biomolecular film is then deposited on the substrate,
and the new reflection coefficients of the combination are
measured.

The value of nm, the index of refraction of the medium,
either is known, in the case of measurements performed in
air, or it is measured by refractometry, in the case of mea-
surements performed in aqueous solution containing bio-
molecules.

For the case shown in Fig. 1, Equation 2 becomes

C1ðexpDÞ
2
þC2ðexpDÞþC3¼ 0; ð3Þ

where C1, C2, and C3 are complex functions of refractive
indexes, C, D, and

D¼ � 4pinf cosðjd=lÞ;

where j is the angle of incidence.
For a given value of the coefficients, Equation 2 gives

two solutions for exp(D), and a value for the thickness d of
the film may be calculated from each solution, assuming a
value for nf, the film refractive index. For instance, for
proteins, this value is usually considered to be 1.45–1.5. As
the coefficients are complex, the film thicknesses calcu-
lated from this equation would also be expected to be com-
plex. However, the correct value for the thickness should
be a real quantity. Therefore, the solution of the quadratic
that yields a real film thickness is the correct solution. In
practice, various experimental errors will result in both

Incoming elliptically
polarized light beam

Immersion
liquid

Biomolecular film

Biomolecular film

Outgoing light beam

Substrate

Substrate

Immersion liquid

ns

nf

nm

d

�

�

Figure 1. Typical experimental setup for ellipso-
metric measurements. The state of polarization of
the outgoing light beam is different than the state
of polarization of the incoming light beam because
of the interaction with the optical system made of
substrate, biomolecular film, and immersion liquid.
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solutions yielding complex values, so the thickness with
the smallest imaginary component is selected.

The method of ellipsometry allows more biomolecular
films adsorbed on a substrate to be measured, but, in this
case, the equations become more complex and an iterative
procedure for calculating the thicknesses should be used.

The measurements in liquids require a closed environ-
ment (a cell). The cell can be either a flow cell or a sta-
tionary fluid cell, as in Fig. 1. The sample is placed on the
base of the cell that is filled with a liquid of known re-
fractive index (or measured by refractometry). The light
enters and leaves the cells through optically flat windows,
inclined at the angle of incidence j, with respect to the
base of the cell, so that the light passes through at normal
incidence. Therefore, the reflection of light at the surface
of the cell window will be independent of its direction of
polarization, and the polarization of the incident light will
not be changed. In order to avoid any optical disturbances,
the glass should be stress-free and the inner and the outer
sides of each window should be parallel.

4.1.2. Calculation of the Adsorbed Mass from the Refrac-
tive Index and Thickness of an Adsorbed Biomolecular
Film. Cuypers et al. (6) developed a model, starting from
the Lorentz–Lorenz relation for the refractive index nf of a
mixture of substances:

n2
f � 1

n2
f þ 1

¼A1N1þA2N2þ . . . ; ð4Þ

where Ai, andNi are, respectively, the molar refractivity of
the biomolecule and the number of moles of substance i
per unit volume.

For a pure substance, as is the case of a homogeneous
biomolecular film, we may write

rf ¼M �N¼
M

A

n2
f � 1

n2
f þ1

; ð5Þ

where rf is the density of the biomolecular film in mass per
unit volume and M is the molar weight of the biomolecule.
If we consider a biomolecular film of thickness d expressed
in nm, we find for the mass m in micrograms per square
centimeter

m¼d � rf ¼
0:1M � d

A

n2
f � 1

n2
f þ 1

 !

: ð6Þ

If the biomolecular film is a mixture of pure biomolecular
substance and buffer solution, then the above formula
should be corrected as follows:

m¼d � rf ¼

0:3d
nf þnl

ðn2
f þ 2Þðn2

l þ 2Þ

Abio

Mbio
� V20

n2
l � 1

n2
l þ 2

ðnf � nlÞ; ð7Þ

where V20 is the partial specific volume of the biomolecule

at 201C and nl is the refractive index of the pure aqueous
solution. From this relationship, it follows that the molec-
ular weight, the molar refractivity, and the partial specific
volume of the adsorbed biomolecule must be known in or-
der to obtain m from d and nf.

De Feijter et al. (7) developed an alternative and sim-
pler relationship for the adsorbed mass, based on the as-
sumption that the refractive index of an aqueous
biomolecular solution is a linear function of its concentra-
tion. For proteins, the linearity of a graph of the refractive
index versus bulk concentration has been verified by a
number of authors (8). The slope of this graph is called the
refractive index increment (dn/dc), and the accepted
value from a large amount of experiments is 0.188ml/g.
The model gives for the mass of the film per unit area,

m¼
d � ðnf � nlÞ

dn=dc
: ð8Þ

The uncertainty in determining the C and D angles is
about 0.021. The dependence of C and D on nf and d is
nonlinear. As an example, if the refractive index nf is as-
sumed to be 1.45, than the thickness d may be between
several Å to 25 Å (9) or, for a refractive index of 1.455, the
thickness of the film is between 63nm and 68nm (10).

4.2. Surface Plasmon Resonance

Surface plasmon resonance (SPR) is an optical technique
that relies on the interaction under specific conditions be-
tween the incident light on a metal surface and the surface
plasmons, which are quasi-particles of the electron charge
density in the metal. The resonance is a result of energy
and momentum transferred from incident photons to sur-
face plasmons. The resonance is sensitive to the refractive
index of the medium on the opposite side of the metal film.

4.2.1. Principle of the Method. When a beam of light
passes from material with a high refractive index n1 (e.g.,
glass) into material with a low refractive index n2 (e.g.,
water or biomolecular buffer solution), some light is re-
flected from the interface.

When the angle of incidence is greater than the critical
angle yc, defined as

yc¼ sin�1
n2

n1

� �

; ð9Þ

the light is completely reflected (total internal reflection,
TIR) at the interface and propagates back into the high
refractive index medium.

Although the fully reflected beam does not lose any net
energy across the TIR interface, the light beam leaks an
electrical field intensity called an evanescent field wave
into the low refractive index medium. The amplitude of
this evanescent field wave decreases exponentially with
distance from the interface, effectively extinguishing over
a distance of about one light wavelength from the surface
(11).

The penetration depth dp is defined as the distance
from the interface where the intensity of light is reduced
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to 1/e of its originally value.

dp¼
l
2p
ðn2

1 sin2
ðyÞ � n2

2Þ
�1=2

ð10Þ

The value of dp is 200–300nm.
If the surface of the glass is coated with a thin film of a

noble metal (e.g., 50 nm of gold), the evanescent field in-
teracts with the free electrons of the metal, exciting elec-
tromagnetic surface plasmon waves propagating within
the conductor surface that is in contact with the low re-
fractive index medium. The surface plasmons are quan-
tum oscillations (or quasi-particles) of the density of
electrons of the metal, and like any particle, they are de-
fined by their momentum and energy. When the wavevec-
tor of the surface plasmon and the incident photon are
equal both in magnitude and in direction for the same
frequency of the waves, a resonance condition occurs and
the photon is absorbed with the creation of a plasmon. The
surface plasmon enhances the evanescent electric field, as
described in Fig. 2.

The wavevector of the photon depends on the wave-
length of the incident light and on the angle of incidence.
The resonance condition can be met by varying these pa-
rameters. The resonance conditions, which occur at a spe-
cific angle of incidence (critical angle), will translate into a
drastic decrease of the reflected light intensity (12,13).

Because the evanescent electric field enhanced by the
plasmon penetrates a short distance into the lower refrac-
tive index medium, the conditions for SPR are sensitive to
the refractive index of the medium at the gold surface. If
the gold surface is immersed in an aqueous buffer and
biomolecules bind to the surface, the refractive index at
the surface increases, which, in turn, translates to a shift
in the critical angle detected by the instrument. The shift
is quantified in response units (RUs) with the equivalence
1RU¼ 10� 4 degrees. The change of the refractive index is
measured in real time and plotted against time. This vari-
ation of the refractive index measured in RU versus time
is called a sensorgram (in Fig. 3).

The thickness of the film is calculated with the shift
DRU and complex Fresnel calculations. Similarly to ellip-
sometry, the value of the refractive index is assumed
known. In principle, the refractive index of the film can
be extracted from the shape of the entire SPR curve. The
uncertainty regarding the refractive index is a source of
errors (e.g., a variation of 0.05 in the film refractive index

leads to an error of approximately 77% in the estimation
of film thickness (14).

In general, different proteins have very similar refrac-
tive index contributions (i.e., the refractive index change
is the same for a given change in protein concentration).
Values for glycoproteins, lipoproteins, and nucleic acids
are of the same order of magnitude. SPR thus provides a
mass detector that is essentially independent of the na-
ture of the chemical species immobilized on the surface.
Moreover, because it is the evanescent field wave and not
the incident light that penetrates the sample, the mea-
surements can also be performed on opaque samples.

An empirical formula is used for the evaluation of the
mass of the film,

DmSPR¼CSPR � DRU; ð11Þ

where CSPR, having been determined experimentally for
many different proteins, is

CSPR¼ 6:5 � 10�2 ng=cm2; ð12Þ

and DRU is the measured change in response units
(15,16).

n1 (glass slide)

n2 (biomolecular solution)

Evanescent electric field Enhanced evanescent electric field

Gold film

� >�c
�>�c

Figure 2. In the left side of the figure, TIR and the
evanescent electric field. In the right side, the en-
hanced evanescent electric field because of the surface
plasmons excitation.
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Figure 3. Illustration of the dip in reflectance curve because of
surface plasmon excitation and the shift in the dip position as a
biomolecular film is adsorbed (left side). Right side: Increase of
the angle shift with time (the thickness of the film)—the sensor-
gram.
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The precision of the SPR is similar to ellipsometry, per-
haps a little bit better (14).

4.3. Other Optical Methods

In this section, two other optical methods are briefly de-
scribed. The first method, Optical Waveguide Lightmode
Spectroscopy (OWLS), allows the estimation of the thick-
ness of biomolecular films, similar to ellipsometry and
SPR, whereas the second, Total Internal Reflection Fluo-
rescence (TIRF), allows the measurements on mixtures of
biomolecular films, at least in relative terms. When TIRF
is coupled with either ellipsometry, SPR, or OWLS, it al-
lows quantitative measurements.

4.3.1. Optical Waveguide Lightmode Spectroscopy
(OWLS). An OWLS device is based on a thin-film optical
waveguide, which confines a discrete number of guided
electromagnetic waves. The incident light is guided, at
various angles of incidence, to the waveguide through a
grating coupler. An evanescent wave that extends about
200nm beyond the surface results when a wave is excited
in the waveguide. If the waveguide is the base of a flow cell
designed for biomolecular adsorption, then the angle of
incidence of the incoming light is sensitive to the refrac-
tive index and the thickness of the biomolecular film ad-
sorbed. Provided that the index of refraction is known, like
in the optical methods described above, the thickness of
the biomolecular film can be determined. The method is
quite sensitive, with precision of approximately 0.5 ng/
cm2, but it has the disadvantage of working only on highly
transparent surfaces.

4.3.2. Total Internal Reflection Fluorescence (TIRF). -
TIRF is a surface-sensitive method, which uses the eva-
nescent wave that is formed on total reflection between
two optically different media, as it was described in Sec-
tion 4.2. This method allows the observation of biomole-
cules mixtures, for instance, when two or more
biomolecules adsorb simultaneously on a surface. The Lo-
rentz–Lorenz formula (Eq. 4, in section 4.1.2) can be used
to calculate the refracting angle of a mixture of biomole-
cules. However, neither ellipsometry nor SPR allow the
estimation of the relative concentration of each biomolec-
ular species in the film. In the TIRF method, the biomol-
ecules are labeled with specific fluorescent dyes, or
alternatively, they are labeled one at a time followed by
respective measurements.

The fluorescence intensity is given by

IF ¼k

Z dcell

0

f ðzÞfðzÞeðzÞcðzÞðEevðzÞÞ2dz; ð13Þ

where k is a constant dependent on experimental factors, f
is the fraction of emitted light, f is the quantum yield, e is
the extinction coefficient, c is the fluorophore concentra-
tion, and Eev is the electric field of the evanescent wave.
The instrumental factor k is obtained by measuring the
fluorescence intensity for a special solution used for cali-
bration. Relative intensities are quantified for each com-
ponent. If an independent method, for instance,

ellipsometry, is used to measure the total mass of the
film, the relative composition of the film is quantified pro
rata.

5. NONOPTICAL METHODS

5.1. Quartz Crystal Microbalance

A quartz crystal microbalance (QCM) is a device built
around a quartz crystal, which is made of a piezoelectric
material. Piezoelectricity describes the generation of elec-
tric charges on opposing surfaces of a sheet induced by its
mechanical deformation. The quartz crystal microbalance
is making use of the converse piezoelectric effect (i.e., the
generation of oscillating mechanical deformations induced
by the oscillating electric potential difference applied on
the electrodes deposited on the surface of the crystal). The
most versatile microbalance, although not the most sen-
sitive, is the Thickness Shear Mode (TSM) QCM. The
quartz crystal is disk-shaped and cut along a specific crys-
tallographic plane. The AT-cut (the quartz plate is cut at
an angle of 351 100 with respect to the optical z-axis), which
is predominantly used for TSM, allows good stability of
the frequency of oscillation and a low temperature coeffi-
cient. An alternating potential difference is applied on the
electrodes, which have been evaporated on both surfaces
of the AT-cut disk-shaped quartz crystals. The transverse
mechanical waves with shear displacement in the plane of
the surface propagate in the crystal, interfere and gener-
ate standing waves with the frequency

fn¼
vpn

2dq
; ð14Þ

where vp is the propagation velocity of the acoustical
waves, n is the overtone, and dq is the crystal thickness.
The resonance frequency is determined by the crystal
thickness. For example, for dq¼330 microns, the funda-
mental frequency is 5MHz.

5.1.1. The Physical Model. Essential to the functioning
of a QCM is that the crystal is very sensitive to the bound-
ary conditions at the electrodes and that the changes in
these boundary conditions can be quantified and inter-
preted in terms of electrical parameters. Mason (17) sug-

Thin viscoelastic biomolecular film
(df, �f, �f, �f)

Newtonian liquid
(�1, �1)

Flow cell

Gold electrode

Quartz crystal

Figure 4. Schematic illustration of the geometry and parameters
used to simulate the quartz crystal covered with a viscoelastic
biomolecular film with a thickness df in a semi-infinite Newtonian
fluid. The film has the elastic module mf, viscosity Zf, and density
rf. The liquid has the density r1 and the viscosity Z1.
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gested a one-dimensional wideband acoustical model that
provides a basis for the theoretical modeling of complex
resonators near the resonance frequency.

The system under study is composed of the quartz crys-
tal mounted with one facing the fluid environment in a
flow cell with biomolecules in an aqueous solution. These
biomolecules will adhere to the gold electrode exposed to
the solution following particular adsorption kinetics. The
models for the optical methods described before (i.e., el-
lipsometry and SPR) require the variation of the refractive
index and the thickness for the biomolecular film, as well
as the refractive index of the medium (i.e., the aqueous
solution). The phenomenological model for QCM requires
the description of the mechanical properties of the film
and of the medium, as in Fig. 4.

The bare quartz crystal with the gold electrodes is eas-
ily described electrically, as in Fig. 5. The equivalent of
series of resistances, impedances, and capacitors repre-
sents well the motional arm near resonance. The resis-
tance Rq accounts for the energy loss because of the
viscous effects in the quartz crystal, internal friction,
and damping caused by the holder; the capacitance Cq ac-
counts for the mechanical elasticity of the quartz; the in-
ductance Lq accounts for the mass; and the static
capacitance C0 develops from the plane-parallel capacitor
formed by the electrodes and the quartz as dielectric. The
biomolecular film and the medium surrounding the sys-
tem are accounted for by electrical impedance ZL in series
with the motional arm. Different models for the film relate
the electrical impedance to the physical parameters of the
film and the medium.

In order to measure the electrical parameters, the
quartz crystal is connected to a monitoring electronic sys-
tem. If we assume amodel that interprets the properties of
the biomolecular film through the analogy with an elec-
trical circuit, then the thickness and mass of the film can
be calculated. Two modes for measuring the electrical pa-
rameters of the system basically exist:

1. Oscillator mode. The resonator is included in an os-
cillator loop that compensates for the losses in the
system under study. This simple and inexpensive
method measures the shift in resonance frequency.
In a variant of this method, QCM-D, developed by
Rodahl et al. (18), it is possible to measure the en-
ergy dissipation factor, which allows the oscillator
mode to be used for viscoelastic models describing
the biomolecular film.

2. Impedance analysis. The system under study is cou-
pled at a frequency generator that induces variable
frequency sinusoidal waves close to the resonance
frequency. The electrical impedance is measured

with a spectrum analyzer (19). Assuming an equiv-
alent electrical model, the mass of the film and the
energy dissipation factor are estimated from the
electrical impedance that fits the measured curve
impedance versus frequency. This mode is recom-
mended for viscoelastic films.

5.1.2. Models Describing the Biomolecular Film. Differ-
ent models describing the biomolecular film translate to
several relationships relating the deposited mass of the
film (per unit area) to the measured frequency shift to the
following:

* For homogeneous and uniform film, rigid, loss-free
material, the characteristic impedance matching that
of the quartz (20), the medium surrounding the film
is air (or it is neglected the influence of the liquid)

Dm
A
¼ �

ffiffiffiffiffiffiffiffiffiffimqrq
p

2f 20
Df ¼ �

Zcq

2f 20
Df ¼ � CDf ; ð15Þ

where Dm is the mass in ng; A is the area of the elec-
trode in cm2; f0 is the bare crystal resonance fre-
quency in MHz; Df is the shift in resonance frequency
in Hz measured with a frequency counter; mq and rq
are shear modulus of quartz and the density of
quartz, respectively, and Zcq is the quartz character-
istic impedance. For f0¼ 5MHz, C, the mass-sensi-
tivity constant, is 17.7 ng cm2Hz� 1.

* The same as above, but the film is immersed in a
semi-infinite liquid, an aqueous solution of the bio-
molecules under study, surrounding one side of the
quartz; the liquid also causes a frequency shift (21).
Martin et al. (22) has shown that, in certain approx-
imations, the two frequency shifts are additive.
Therefore,

Dm
A
¼ �

Zcq

2f 20
Df �

ffiffiffiffiffiffiffiffiffiffi

rlZl
4pf0

r

; ð16Þ

where rl is the density of the liquid, Zl is its viscosity.
The liquid is assumed to be Newtonian, and the first
layer offluid is assumed to have the same transversal
velocity as the quartz (the nonslip condition).

If the film is viscoelastic (similar to a rubber), then it is
described by a complex shear modulus

G¼ mf þ i2pfZf ; ð17Þ

where mf is the shear modulus of the film, Zf is the shear

ZT

Cn

Lq Rq Cq

Figure 5. Equivalent electric circuit of the system. The quartz crys-
tal near the resonance frequency is equivalent with a series combi-
nation of Lq, Rq, and Cq elements (the motional arm) in parallel with
the dielectric capacitance C0, ZL represents the electrical impedance
of the film and the fluid. Different models for the film and the fluid
assume different forms of Z.
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viscosity (or loss modulus) of the film, and f is the fre-
quency of oscillation. The assumed model for the visco-
elastic film is usually a Voight or Kelvin model (23,24).
The film immersed in fluid is then supposed to have a
uniform thickness df and a uniform density rf. The
changes in the resonant frequency Df and the energy dis-
sipation factor DD, which are both measured, become

Df ¼
ImðbÞ
2ptqrq

DD¼ �
ReðbÞ
pftqrq

;

ð18Þ

where

b¼ x1
2pfZf � imf

2pf
1� a expð2x1df Þ

1þ a expð2x1df Þ

a¼

x1
x2

2pfZf � imf
2pfZl

þ 1

x1
x2

2pfZf � imf
2pfZl

� 1

x1¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

�
ð2pf Þ2rf

mf þ i2pfZf

s

x2¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

i
2pfrl
Zl

s

;

ð19Þ

where tq is the quartz thickness. Four unknown parame-
ters exist: mf, Zf, df, and rf. Only two measurable quantities
exist: Df and DD. In this case, Df and DD are measured at
different overtones (multiples of the fundamental fre-
quency), and the four unknown parameters are deter-
mined by a nonlinear extraction procedure.

The detection limit of the QCM is poorer than that of
optical methods, such as SPR and ellipsometry, because of
the larger sensor surface area and the inherently rela-
tively reduced sensitivity. However, in recent years, the
QCM has been developed from a pure mass sensor in the
gas phase to a versatile tool in bioanalysis, providing in-
formation not only about binding events at surfaces, but
also revealing material-specific quantities, such as elastic
moduli, surface charge densities, and viscosity. Indirectly,
one can also deduce conformational changes of proteins
and the water content and net charge of biomolecules.

5.2. Atomic Force Microscopy (AFM)

The AFM uses a sharp tip mounted at the end of a flexible
cantilever to probe topological features and mechanical
characteristics of a sample. The displacement of the tip is
controlled vertically and horizontally with a precision of
the order of 1 Angstrom. A small area of the surface of the
sample is imaged by the AFM, typically 1mm� 1mm or
2 mm� 2 mm. The information this measurement provides
is related to the degree of uniformity of the surface. The
surface can be the gold substrate, for instance, or the layer
of biomolecules.

This information is mentioned here, and it is not the
purpose of this chapter to go into a detailed discussion of
this method, because we want to point out that the AFM is
the tool that can tell, by probing locally, if the assumption
that the layers, the substrate, or the biomolecular film,
assumed for all the models, for ellipsometry, SPR, and
QCM, are uniform is valid for the system under study.
AFM methods are treated extensively in a different chap-
ter.

6. BENEFITS AND DRAWBACKS—COMPARISON OF THE
METHODS

All the methods described have been largely used for
studying the thickness and the mass of biomolecular films
adsorbed on surfaces. More and more comparative studies
are ongoing that are trying to see how the different meth-
ods can be used synergistically in order to get complemen-
tary results and to use the benefits and avoid or mitigate
the drawbacks of each method. A brief description of the
benefits and drawbacks of the methods more thoroughly
examined is given in Table 2.

An important issue regarding the methods presented is
to assess the extent of their complementarity with each
other. For instance, is it possible to determine the thick-
ness of biomolecular films with the QCM method and to
use this value in an ellipsometer experiment to determine
the index of refraction? To answer this question, a series of
experiments have been performed in identical conditions
(25,26). The results for the change in mass in ng/cm2 mea-
sured with different methods are described in Table 3.

The results from the optical methods agree fairly well,
but large differences exist with the QCM measurements,
explained by the absorbed water in the biomolecular film
that is accounted by QCM but not by the optical methods.
The optical methods are based on the difference in the re-
fractive index between the biomolecular film and the wa-
ter displaced by the biomolecules. Therefore, the water
included in the film is not included in the mass determi-
nation as estimated by optical methods (25). On the other
hand, the coupled water is sensed by the QCM and the
amount can be estimated, taking as thickness of the layer
the thickness given by the optical methods.

7. FURTHER DEVELOPMENTS

We expect that a lot of effort will occur in the future to
solve problems common to QCM and SPR (e.g., a repro-
ducible immobilization of the biomolecular films on the
crystal or gold surface and addressing the nonspecific
binding of proteins. QCM, which has found a wide range
of applications in the food industry, environmental and
clinical analysis because of its low cost and easy-to-use
method, appears to be very suitable for biosensors. Other
trends relate to the increase of the resolution, similar to
that obtained with optical methods; the reusability of the
crystals; and the development of multichannel devices.

The research in SPR and ellipsometry is constantly
concerned with their miniaturization and related high-
density arrays, focusing on the increase in spatial resolu-
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tion and sensitivity in order to be able to tackle new ap-
plications, such as the study of conformational changes of
biomolecules or multianalysis performed in real-time.
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Table 2. Comparison of the Methods Used for Biomolecular Films Characterization

Method Benefits Drawbacks

Ellipsometry/SPR * The biomolecular films require no
treatment with markers

* The procedure is fast
* The results agree well with
quantitative radioimmunoassay
methods (RIA)

* The resolution is very good
* Provides kinetic data in aqueous
solution

* Requirement of reflecting, or gold surface (for
SPR). These materials, in particular gold, are not
always optimum surfaces for biomolecules, leading
to the use of other layers on top—increased
complexity of the system

* Rather complex theory if the optical parameters
are unknown or the systems under study are
complex. Iterative procedures and approximations
are needed

QCM * The only requirement for the surface
material is to be deposited as a thin
film on the crystal

* It is a simple, fast, and inexpensive
method

* Requires no markers
* Provides kinetic data in aqueous
environment

* The method measures the water coupled with the
biomolecular film, including hydro dynamically
coupled water, water associated with the hydration
layer, or water trapped in cavities in the film

* The results do not agree very well with other
methods

Table 3. Comparison of the Measurements of Different Protein Layers

Method Mussel adhesive protein (Mefp-1) Human Serum Albumin Fibrinogen Hemoglobin

QCM 740720 333727 1177718 626725
Ellipsometer 130715 162735 397710 350750
OWLS 21479 451727 368732
SPR 165710
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BIO-OPTICAL SIGNALS
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1. INTRODUCTION

Living organisms undergo dynamical changes when they
are stimulated or diseased. In the case of cells, stimulation
as well as diseases cause their intracellular chemical dy-
namics to constantly change. The chemical components
responsible for such dynamics typically possess unique
optical signatures that can be measured and quantified by
light sources working in a broad range around visible
spectrum from ultraviolet (UV) (o300 nm) to infrared (IR)
(1mm to 10 mm). The concept of near-infrared spectroscopy
developed when the optical properties of biochemical com-
ponents associated with physiological activity were dis-
covered (1–5). Through collaborations of biochemists and
biophysicists, it soon became apparent that it is possible to
exploit optics in monitoring and measuring these dynam-
ics even when the organism is still alive. As early as the
1940s it was discovered that a range exists within the
physiologically relevant optical spectrum that covers the
650–950 nm range called the ‘‘optical window’’ or ‘‘thera-
peutic window,’’ in which from a relative lessened coeffi-
cient of absorption of water, it is possible to probe tissues
to a depth close to 5 cm (5–8). The possibility of seeing in-
side the body without penetration led to the development
of functional near-infrared spectroscopy (fNIRS) systems
that particularly focused on neuroimaging of the brain
and detection of cancerous tissue.

Biooptical signals are acquired by using a light source
aimed at a body part with a detector or camera collecting
the reflected or transmitted light through the tissues un-
der investigation. Tissues possess mainly three optical
characteristics: absorption, scattering, and fluorescence.
Based on the method of illumination and measurement,
relevant information can be obtained invasively or nonin-
vasively. Hence, biooptical signals are the signals received
after light has interacted with tissue in one (or more) of
the three ways mentioned. Most noninvasive biooptical
signal applications have focused around (1) quantification
of tissue oxygenation with a special emphasis on func-
tional imaging of the brain, in which the aim is to monitor
the changes in the hemodynamic activity during stimula-
tion, and (2) optical biopsy using spectroscopical methods,
in which the aim is to detect the presence of cancer tissue
at an early stage.1

2. LIGHT–TISSUE INTERACTION

Light sources operating in the optical window range can
penetrate into the tissue up to 5 cm because of the de-
creased absorption of water. Light within this wavelength

range interacts mainly in two ways with the tissues: (1)
absorption and (2) scattering (8–11). Scattering effects
dominate the light–tissue interaction within this wave-
length, which causes a loss in the resolution (detectability)
and sensitivity analysis. Scattering happens because of a
change of refractive index around the denser cell organ-
elles like the mitochondria, nucleus, cell membrane, and
endoplasmic reticulum. The main absorbers in the near-
infrared region are the oxygenated and deoxygenated he-
moglobin molecules, HbO2 and Hb, respectively. Their ab-
sorption spectra can be seen in Fig. 1. The combined
effects of absorption and scattering alter the path of pho-
tons traveling inside the tissue as sketched in Fig. 2a. De-
pending on the placement of the detector with respect to
the light source, the method of measurement receives the
name ‘‘reflectance’’ (source and detector are on the same
surface: 1 and 2 in Fig. 2a) or ‘‘transmission’’ (source and
detector are on opposite sides of the object: 3 in Fig. 2a).

2.1. Photon Migration in Tissue

There are basically three ways that photons interact with
media based on the scattering coefficient of the media: (1)
absorbing but no scattering, (2) both absorption and scat-
tering, and (3) diffusion process. Even though the light–
tissue interaction is listed as a diffusion process, the com-
plexity of the physics underlying this interaction and the
computational power required to calculate necessary pa-
rameters forced researchers to approximate the physics to
the more simple approach listed as the first two ways be-
low.2

2.1.1. Absorbing-Not Scattering Medium. The light in-
tensity transmitted through a medium can be expressed
analytically by the Beer–Lambert law:

IL¼ I0e
�eðlÞCL; ð1Þ

where I0 is the incident light intensity, IL is the transmit-
ted light intensity through the medium, eðlÞ is the absorp-
tion coefficient as a function of wavelength, C is the
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Figure 1. Absorption spectra of various tissue types in the opti-
cal window range.

1For a detailed explanation on optical spectroscopy, seeNEAR-IN-
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concentration of the absorber, and L is the optical path-
length (distance from source to detector). This equation
can be changed to yield direct information on C, the con-
centration of the absorber, as

ODðlÞ¼ logðI0=ILÞ¼ eðlÞCL; ð2Þ

where OD is the optical density. This equation assumes a
homogeneous solution (medium) with no scatterers that is
not a valid approach in biological applications (12).

2.1.2. Absorbing and Scattering Medium. This case is
typical for all biological tissues. The medium is heteroge-
neous in terms of optical properties. Optical propagation
through a medium can be described by (1) single scatterer,
(2) multiple scatterers or (3) diffusion process, in which the
medium is so dense that light is diffusely scattered as in
Fig. 2b.

The main difference between this approach and the
previous one is the presence of scatterers that increase the
L value from a mere source-detector separation to the to-
tal length that a photon has to travel in a turbid media
before it loses its initial direction. A slight modification to
Equation 2 is applied to compensate for the prolonged L
and attenuation related to the geometry of the subject
matter:

ODðlÞ¼ eðlÞCLBþG; ð3Þ

where B is the differential pathlength factor to account for
the prolongation of L because of scatterers and G is the
constant attenuation factor related to the optical proper-
ties and geometry of the tissue. Although B should be de-
termined experimentally, currently the existing
technology does not allow that. Assuming that the mea-
surements are made to monitor the changes of the chro-
mophore, then L, B, and G can be taken as constants

(13,14):

DC¼
DODðlÞ
eðlÞLB

: ð4Þ

2.1.3. Diffusion Analysis. Whenever the particle concen-
tration in the medium exceeds 5% or the medium thick-
ness becomes so large that light will have to go through
repeated multiple scattering, diffusion analysis is per-
formed. At this point, the coherence of incident light is
lost and light becomes diffused, which gives rise to diffuse
photon density waves (DPDWs). Diffusion analysis is an
approximation to the transport equation (15–25).

The time-domain photon diffusion equation approxi-
mating the propagation pattern of photons is given as
(18,24):

�r �DðrrFðr; tÞþ
1

v

@Fðr; tÞ
@t

þ maðrÞFðr; tÞ¼Sðr; tÞ; ð5Þ

where S(r, t) ([Watts/m3]) is the power density source,
D(r), the diffusion constant, defined as

DðrÞ¼
1

3fmaðrÞþ msðrÞ½1� gðrÞ�g
; ð6Þ

with g being the average scattering angle cosine, ma and ms
being the absorption and scattering inverse mean-free
paths [m� 1], respectively, and v being the speed of light
in tissue taken to be c0/n, with n¼ 1:38 � 1:5 (approxi-
mating to speed of light in water) (24). Because in tissue
scattering events dominate absorption events in the near-
infrared regions (10 cm�1omso50 cm�1 and
0.03 cm�1omao0.15 cm� 1 @ l¼ 650 nm), Li (24) assumes
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Figure 2. (a) Optical paths for various events. S: Source, 1. Ballistic photons, 2. Transmitted
scattered photons, 3. Reflected scattered photons, 4. Scattered and absorbed photons. (b) Schematic
representation of light propagation in (a) scattering medium, (b) multiple scattering medium, and
(c) diffusion process (Adopted from Ref. 10).
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ma{ms and rearranges Equation 5 as follows:

rFðr; tÞ �
vma
D

Fðr; tÞ �
1

D

@Fðr; tÞ
@t

¼ �
v

D
Sðr; tÞ; ð7Þ

where D¼1=3m0s and m0s¼ msð1� gÞ is the reduced scatter-
ing coefficient (reciprocal of the random walk step, i.e., the
average length it takes for a photon’s direction to become
random), whereas g is the single-scattering anisotropy
factor, a measure of how much of the incident light is
scattered in the forward direction. In typical biological
tissues, the scattering is predominantly in the forward di-
rection (g¼ 0.9). For example, in breast tissue, the scat-
tering length is about 0.1 mm, but the random walk step is
1 mm; that is, it takes about ten scattering events for the
photon direction to become random with respect to its in-
cident direction. For the steady state, the equation is writ-
ten independent of time as (26)

ðr � ma=DÞFðrÞ¼SðrÞ: ð8Þ

Analytical solutions of Equations 5 and 7 exist and are
used in image reconstruction algorithms in which the goal
is to estimate the optical properties, ma and ms, of the me-
dium from multiple observations3 (21,24). Once optical
properties are estimated, then it may be possible to clas-
sify the functional state of the underlying tissues as in
cancer cases.

3. FNIRS

The fNIRS instrument [a.k.a functional optical imaging
(fOI)] is an extension of a standard oximeter that uses two
wavelengths (l1, l2) to measure the [Hb] and [HbO2] con-
centration changes by a probe placed over the tissues. At
each wavelength, a combination of D[Hb] and D[HbO2] can
be derived from Equation 4 based on DOD measurements:

DODðl1Þ¼ ðeHbO2
ðl1ÞD½HbO2� þ eHbðl1ÞD½Hb�ÞLBðl1Þ; ð9Þ

DODðl2Þ¼ ðeHbO2
ðl2ÞD½HbO2� þ eHbðl2ÞD½Hb�ÞLBðl2Þ: ð10Þ

These equations represent the changes in the total light
attenuation signal with respect to extinction coefficients
(absorption coefficients) of the corresponding tissues. L is
the mean free pathlength, and B(l) is the correction of this
pathlength with respect to wavelength (27,28). Given
Equations 9 and 10, and assuming Bðl1Þ ffi Bðl2Þ¼B,
D[HbO2] and D[Hb], the changes in [HBO2] and [Hb] con-
centrations, respectively, can be calculated from Equa-

tions 9 and 10 as

D½Hb� ¼

DODðl1Þ �
eHbO2

ðl1Þ

eHbO2
ðl2Þ

DODðl2Þ

LB eHbðl1Þ � eHbðl2Þ
eHbO2

ðl1Þ

eHbO2
ðl2Þ

� � ; ð11Þ

D½HbO2� ¼

DODðl1Þ �
eHbðl1Þ

eHbðl2Þ
DODðl2Þ

LB eHbO2
ðl1Þ � eHbO2

ðl2Þ
eHbðl1Þ

eHbðl2Þ

� � ; ð12Þ

from which total blood volume change and oxygenation
can be estimated by

D½BV� ¼D½HbO2� þD½Hb�; ð13Þ

D½Oxy� ¼D½HbO2� � D½Hb�; ð14Þ

which presents insight on the functional activity level of
the underlying tissues. In case of brain activity, an in-
crease in metabolism in a region of the brain leads to an
increase in regional cerebral blood flow as dictated by the
neurovascular coupling hypothesis. The raise in the inflow
of blood to a region to compensate for the demand for glu-
cose and especially O2 can be indirectly monitored by
measuring D[HbO2] and D[Hb].

3.1. Physiological Events During Brain Activation

Neuronal circuitry of the brain constantly requires the
surrounding blood vessels to provide necessary nutrients
to sustain its aggressive operational level. The rapid
bursts of action potentials are products of Naþ /Kþ pumps
that require adenosine triphosphate (ATP) to maintain
their continuous activity. ATP is generated biochemically
by (1) oxidative phosphorylation according to the chemical
reaction (29):

3ADPþ 3Piþ 1=2O2þNADHþHþ

�!
Exo

3ATPþNADþ þH2O;
ð15Þ

(2) glycolysis, in which glucose is converted into pyruvate
and lactate; and (3) mitochondrial respiration consuming
O2 and pyruvate in the tricarboxylic acid cycle (30,31). The
demand for O2 and glucose is responded by increasing the
regional cerebral blood flow (CBF) and volume (CBV) in a
volume of brain giving rise to neurovascular coupling. Al-
though intracellular biochemical reactions giving rise to
neuronal activation are investigated in detail, there are
controversies in the explanation of how increased O2 and
glucose demand actually evoke a change in the cerebro-
vascular dynamics (increase in blood flow). Several hy-
potheses have been proposed in explaining the coupling of
neuronal activity to cerebrovascular dynamics and energy
metabolism (32–35). These hypotheses have been tested
on animal and human studies using several imaging mo-
dalities like positron emission tomography (PET), func-
tional magnetic resonance imaging (fMRI), indicator

3Derivation of such solutions is beyond the scope of this article.
Refer to the references for reviews.
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dilution methods, and electro-physiologic mapping via
needle electrodes as well as with intrinsic optical signals
(IOSs) and fNIRs (36,37).

There are basically three working hypotheses in ex-
plaining the hemodynamical changes observed by various
methods: (1) Local brain activity in neurons is shown to
induce a local arteriolar vasodilation and hence an in-
crease in local (regional) CBV and CBF via release of me-
tabolites such as Kþ , Hþ or adenosine as well as several
neurotransmitters and messengers such as nitric oxide
(NO) into the extracellular space (as shown in Fig. 3a)
(40); (2) release of lactate by astrocytes during glucose
utilization that is picked up by neurons and further oxi-
dized (as shown in Fig. 3b); and (3) release of glutamate
during synaptic activity stimulates the use of glucose by
astrocytes that provides an indirect mechanism of cou-
pling of neurons to hemodynamic activity (as shown in
Fig. 3c) (34,41). Monitoring of the CBF and CBV can be
accomplished indirectly through continuous monitoring of
oxygenated and deoxygenated hemoglobin activity by
near-infrared spectroscopy instruments. The dynamic
coupling of blood flow and oxygenation to neural function
and metabolism is achieved by vasomotor action of cere-
bral arteries and arterioles. Within a few seconds of the
formation of the action potential, a quick adjustment of
blood flow to the increased functional activity area results.
The original extra/intracellular distribution of ions
around neurons then has to be reestablished on a long-
term basis. Pumps are activated to carry Kþ back into and
Naþ out of the cells. Increased pump activity is accompa-
nied by the increased metabolic activity (32,34). The de-
mand for ATP is correlated with a demand for O2

according to Equation 15, which is the basis for neuro-
imaging methods that make use of the metabolic activity
as an indicator of function.

3.2. Biooptical Signals of the Brain

It is possible to monitor the oxygenation levels of the brain
while the subjects are performing cognitive tasks (proto-
cols). One such instrument is the fMRI that measures the
blood oxygenation level-dependent signal (BOLD signal)
as a function of the concentration of deoxyhemoglobin
([Hb]) present in a tissue voxel (42). The fMRI instrument
has enabled the cognitive neuroscientist to investigate the
distribution of activities on the brain during stimulation,
producing a map of functional activation superimposed on
the anatomical regions (42). The time course of the BOLD
signal is shown to depend on the concentration change of
[Hb] (D[Hb]), hence, indirectly related to neuronal metab-
olism and neuronal activation.4 An alternative to fMRI is
the fNIRS with a higher temporal resolution (100 s of mil-
liseconds compared with seconds in fMRI) to perform ne-
uroimaging of cognitive activity. The ultimate goal in
neuroimaging studies has been to understand the se-
quence of metabolic events taking place during stimula-
tion and provide a model for it for health and disease.
Unfortunately neither fMRI nor fNIRS have resolutions in
the micrometer range, which limits the modeling of met-
abolic activity of a single neuron. The gross imaging tech-
niques of fMRI and fNIRS have recently demonstrated
that during activation, an increase in BOLD signal in
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for a review.
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fMRI and D[HbO2] in fNIRS are observed (8,11,42). The
time course of these signals are investigated in detail to
relate them back to actual metabolic events. The existing
neurovascular coupling approach explained above de-
pends on experiments performed on cell groups.

3.2.1. Components of Biooptical Signals of the Brain. On-
going research studies on the signal components of the
brain hemodynamic activity agree on the existence of a
model that includes (1) ultra low frequency that may be
related to basal activity centered around 0.004 Hz, (2) very
slow components related to dominant frequency of brain
hemodynamic activity (centered around 0.04 Hz), (3) task-
related high-frequency activity centered around 0.1 Hz,
(4) respiratory activity centered around 0.2–0.25 Hz, (5)
heart rate activity peaking around 1–1.5 Hz, and (6) ultra
high-frequency activity sometimes denoted as fast signal
centered at frequencies higher than 2 Hz (1,10). A typical
fNIRS system used in monitoring brain optical signals
during cognitive tasks includes a probe connected to a
computer-based controller unit (see Fig. 4a). The probe
used in adult brain activity monitoring studies shown in
Fig. 4b is usually 7 cm by 16 cm containing four light emis-
sion diode near-infrared light sources each operating at
least two different wavelengths (typically one around
735 nm for monitoring D[Hb] and the other around
850 nm for D[HbO2]).

3.2.2. Protocols of Obtaining Data. The ultimate goals
of neuroimaging techniques are (1) to localize the acti-

vated regions, (2) to map the distributed patterns of acti-
vation for diseased and healthy brains, and (3) to evaluate
the amount of physiological changes during activation.
Several tasks are identified and tested in accomplishing
especially the first two goals that are basically the exper-
tise of medical imaging groups (43). So far fNIRS research-
ers have focused on establishing a standard in acquiring
the hemodynamic signals before even quantifying the
changes observed in normal and diseased persons. Hence,
only the protocols aiming to answer the first goal were run
by researchers. Experiments using animals, in which sen-
sory-motor stimulations were carried out, have success-
fully demonstrated the use of fNIRS as an alternative to
PET and fMRI techniques (1,9–12,39,44–49). So far only a
few researchers have attempted to investigate the
changes during cognitive activity from the prefrontal
lobe. Studies have yielded results with high statistical
variations leading to difficulties in the interpretations.
Nevertheless, the relative ease and noninvasiveness of
fNIRS data acquisition still promotes the promising na-
ture of this technique in future clinical neuroscience en-
vironments (Fig. 5).

The challenges in quantifying the physiological
changes observed in cognitive activity monitoring can be
listed as follows:

1. Cognitive activity is not as localized as motor activ-
ity. Hence, probe geometry must be carefully ad-
justed to monitor the distributed nature of
activation.

2. The signal of the cognitive activity tends to be mod-
ulated by several factors such as emotions, tired-
ness, boredom, alertness expectations, and
habitation (see Fig. 6).

3. The signals recorded are contaminated by certain
physiological noise such as dynamic fluctuations in
vessels from heart rate, breathing changes, and
baroreceptor reflexes.

4. Scalp, skull, and cerebrospinal fluid anatomy have
varying contributions to the measured signals that
must be deconvolved for optimal performance quan-
tification (14).

5. Comparison of single-event trial data to fMRI sig-
nals have yielded controversial results suggesting
mere analyses of both types of data.

4. FINAL WORD

Functional neuroimaging techniques aim to identify and
localize the physiological changes taking place during
brain activation. The goal is to decipher which physiolog-
ical changes have dominance during sustained perfor-
mance and disease. Biooptical signals of the brain that
can be recorded by near-infrared spectroscopy systems of-
fer the advantage of being noninvasive, comfortable, and
portable while causing minimal disturbance during the
course of activity. Nevertheless, the complexity of the in-
coming data challenges the researchers to identify the so
longed physiological changes rapidly and correlate them
to behavioral performance metrics as well as diseases.

(a)

(b)

Figure 4. (a) Typical fNIRS measurement setup where subject is
performing an oddball task. (b) The probe housing sources shown
as circular objects surrounded by detectors shown as rectangular
objects placed 2.5 cm away from the center of each source.
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The affects of several physiological activities along with
the constant background activity of brain complicate the
extraction of useful and relevant signals from these sig-
nals. Signal processing methods such as Fourier trans-
form, wavelet transform, principal component analysis,
and independent component analysis have been tried on
several occasions; however, the success of such algorithms
depends heavily on the initial assumptions made regard-
ing the signal model. In certain cases, such as visual or
motor stimulation tasks, biooptical signals have been re-
corded with great success, and in fact, the mentioned
models and signal processing approaches have proven to
be very useful in analyzing the signals
(8,10,14,27,36,38,39,44–46,48,50,51). Thus, the complex-
ity of decision making is forced into such models, and this
requires the integration of cognitive scientists with cogni-
tive neuroscientists, signal processing experts, mathemat-
ical modeling experts, and systems design engineers in
creating the future versions of fNIRS. Such an integration
of different professionals will eventually lead to a design
more suitable for analyzing brain activity online and on-
site.

BIBLIOGRAPHY

1. B. Chance, Z. Zhuang, C. Unah, C. Alter, and L. Lipton, Cog-
nition-activated low frequency modulation of light absorption
in human brain. Proc. Natl. Acad. Sci. USA. 1993: 3770–3774.

2. Y. Hoshi and M. Tamura, Detection of dynamic changes in
cerebral oxygenation coupled to neuronal function during
mental work in man. Neurosci. Lett. 1993; 150:5–8.

3. Y. Hoshi and M. Tamura, Oxygen dependence of redox state of
copper in cytochrome oxidase in vitro. J. Appl. Physiol. 1993;
75:1622–1627.

4. F. F. Jobsis, Non-invasive infrared monitoring of cerebral and
myocardial oxygen sufficiency and circulatory parameters.
Science 1977; 198:1264–1267.

5. G. A. Millikan, The oximeter, an instrument for measuring
continuously the oxygen saturation of arterial blood in man.
Rev. Sci. Instrum. 1942; 13:434–444.

6. D. K. Hill and R. D. Keynes, J. Physiol. 1949; 108:278–281.

7. R. Richards-Kortum and E. Sevick-Muraca, Quantitative op-
tical spectroscopy for tissue diagnosis. Annu. Rev. Phys.

Chem. 1996; 47:555–606.

8. A. Villringer and B. Chance, Non-invasive optical spectros-
copy and imaging of human brain function. Trends Neurosci.
1997; 20(10):4435–4442.

9. B. Chance, E. Anday, S. Nioka, S. Zhou, H. Long, K. Worden,
C. Li, T. Turray, Y. Ovetsky, D. Pidikiti, and R. Thomas, A
novel method for fast imaging of brain function, noninvasive-
ly, with light. Optics Express. 1998; 2:411–423.

10. H. Obrig, M. Neufang, R. Wenzel, M. Kohl, J. Steinbrink, K.
Einhaupl, and A. Villringer, Spontaneous low frequency os-
cillations of cerebral hemodynamics and metabolism in hu-
man adults. Neuroimage. 2000; 12:623–639.

11. H. Obrig, R. Wenzel, M. Kohl, S. Horst, P. Wobst, J. Stein-
brink, F. Thomas, and A. Villringer, Near-infrared spectros-
copy: Does it function in functional activation studies of the
adult brain? Intrl. J. Psychophysiol. 2000; 35:125–142.

12. A. Villringer, Functional neuroimaging, optical approaches.
In: A. Villringer and U. Dirnagl, eds., Optical Imaging of
Brain Function and Metabolism, vol. 2. New York: Plenum
Press, 1997, pp. 1–18.

13. D. T. Delpy, M. Cope, P. van der Zee, S. R. Arridge, S. Wray,
and J. S. Wyatt, Estimation of optical pathlength through
tissue from direct time of flight measurements. Phys. Med.

Biol. 1988; 33:1433–1442.

14. M. Firbank, E. Okada, and D. T. Delpy, A theoretical study of
the signal contribution of regions of the adult head to near-
infrared spectroscopy studies of visual evoked responses. Ne-

uroImage. 1998; 8:6978.

15. J. C. Hebden, S. R. Arridge, and D. T. Delpy, Optical imaging
in medicine: I. Experimental techniques. Phys. Med. Biol.
1997; 42:825–840.

16. S. R. Arridge and J. C. Hebden, Optical imaging in medicine:
Ii. Modelling and reconstruction. Phys. Med. Biol. 1997;
42:841–853.

17. A. Ishimaru, Wave Propagation and Scattering in Random

Media. New York: Academic Press, 1978.

18. A. D. Kim and A. Ishimaru, Optical diffusion of continuous-
wave, pulsed, and density waves in scattering media and

Basal CBF
activity [z1 (t)]

Task relevant
HR [z2 (t)]

Dynamic
vascular

artifacts [z3(t)]

Beer-
Lambert

law

fNIRS signal
[x(t)]

fNIRS signal
[x(t)]

Dynamic
neuronal activity

[z4 (t)]

Measurement
noise [n(t)]

Σ

Σ

Figure 6. A hypothetical model of signal components gives rise
to changes in the brain biooptical signal during cognitive activity.

−0.5

200 400 600 800 1000 1200 1400

0
0.5

1
1.5

2

Time (s)
Light path

∆[
H

B
(4

)]
 (

µM
)

DS

Figure 5. Typical reflectance method measure-
ment shows the graphical representation of the
light path through tissues.

6 BIO-OPTICAL SIGNALS



comparisons with radiative transfer. Appl. Opt. 1998;
37(22):5313–5319.

19. X. Li, Fluorescence and diffusive wave diffraction tomograph-
ic probes in turbid media, Ph.D. dissertation, University of
Pennsylvania, Philadelphia, PA, 1998.

20. X. D. Li, M. A. O’Leary, D. A. Boas, and B. Chance, Fluores-
cent diffuse photon density waves in homogeneous and het-
erogeneous turbid media: Analytic solutions and applications.
Appl. Opt. 1996; 35(19):3746–3758.

21. M. O’Leary, Imaging with diffuse photon density waves, Ph.D.
dissertation, University of Pennsylvania, Philadelphia, PA,
1996.

22. M. O’Leary, D. Boas, B. Chance, and A. G. Yodh, Refraction of
diffuse photon density waves. Phys. Rev. Lett. 1992; 69:2658–
2666.

23. A. Ya. Polishchuk, S. Gutman, M. Lax, and R. R. Alfano, Pho-
ton-density modes beyond the diffusion approximation: Scalar
wave-diffusion equation. J. Opt. Soc. Am. A. 1997; 14(1):230–
234.

24. J. S. Reynolds, A. Przadka, S. P. Yeung, and K. J. Webb. Op-
tical diffusion imaging: A comparative numerical and exper-
imental study. Appl. Opt. 1996; 35(19):3671–3679.

25. V. Twersky, Absorption and multiple scattering by biological
suspension. J. Opt. Soc. Amer. 1970; 60:1084–1093.

26. S. Takatani and J. Ling, Optical oximetry sensors for whole
blood and tissue. IEEE Eng. Med. Biol. June/July 1994: 347–
357.

27. G. Strangman, J. P. Culver, J. H. Thompson, and D. A. Boas, A
quantitative comparison of simultaneous bold fMRI and
NIRS recordings during functional brain activation. Neuro-

Image. 2002; 17:719–731.

28. K. Uludag, M. Kohl, J. Steinbrink, H. Obrig, and A. Villringer,
Cross talk in the lambert-beer calculation for near-infrared
wavelengths estimated by monte carlo simulations. J. Bio-

med. Opt. 2002; 7(1):51–59.

29. B. Chance, NMR and time-resolved optical studies of brain
imaging. In: U. Dirnagl, A. Villringer, and K. M. Einhäupl,
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1. INTRODUCTION

The arterial blood pressure has long been known as one of
the most important medical factors reflecting the state of
the cardiovascular system. A useful and convenient pa-
rameter for continuous monitoring of blood pressure is
pulse wave velocity or pulse wave transit time (PWTT)
between different regions of human body. It is suggested
that, although it may be difficult to estimate systolic blood
pressure from PWTT with acceptable accuracy, possibili-
ties still remain to use changes of pulse arrival time as an
indicator of changes in systolic blood pressure. During the
exercise, arterial blood pressure increases, which is
mainly achieved by increasing the contractility of the
heart and vasculature resistance. Both of these values re-
sult in the increase of pressure wave speed in the vascular
system, which means that the time delay between the
start of electromechanical contraction and PWTT to any
particular point in the body decreases. In our previous
studies, we have shown that it is possible to calculate the
mean arterial pressure from pulse wave transit time.

Time delay between the signal of heart electrical activ-
ity and pulse wave is involved mainly with the pulse wave
propagation velocity, but another important parameter
also exists, which is the isovolumic contraction time. It
is the interval required for the heart to convert the elec-
trical stimulus into a productive mechanical contraction
capable of ejecting blood from the ventricles. This time
interval contributes to the delay between electrocardio-
gram (ECG) R-peak and aortic valve opening. This period
has been shown to be uncorrelated with arterial pressure
and may make up a substantial part of the ECG-periph-
eral pulse delay.

Optical sensors are popular in many fields. They have
several advantages compared with other types of sensors.
One of the advantages of optical measurement methods is
that many vital functions can be measured noninvasively,
(i.e., no need exists to injure the skin during measure-
ments). Moreover, the optical methods are safe to use, as
direct electrical contact between the measurement device
and the measured person does not occur, as the informa-
tion is transmitted in an electromagnetic field. The diag-
nostic devices based on optics use low emitted power,
which is typically less than several mW.

One common optical technique for biomedical diagnos-
tics is the laser Doppler method. This simple optical
method is also applicable for pulse wave profile, pulse
wave delay time, and blood flow measurement. The
method is based on recording of the Doppler frequency
shift related to a moving target—blood vessel walls or
small particles. The Doppler signal is detected with the

use of the self-mixing that occurs in the diode laser cavity
when radiation scatters back from the moving target into
the laser and interferes with the field inside it. Two dif-
ferent ways may simultaneously be used for the self-mix-
ing signal extraction: with the help of a photodiode
accommodated in the rear facet of the diode laser pack-
age and with the help of resistor from the laser pump cur-
rent. Pulse wave delay time in different regions of the
human body can be calculated relative to the ECG signal.

Self-mixing method as a part of laser Doppler tech-
nique allows us to realize coherent photodetection. For
example, the coherent photodetection of the radiation re-
flected back from the object surface is used in vibration
measurements (1), surface motion measurement (2), de-
formation measurement (3), and distance measurements
(4). The method for coherent photodetection is used in
several biomedical applications of coherent imaging de-
tection (5), Doppler interferometry (6), Doppler anemome-
try (7), and in principal schemes of a number of different
sensors. However, several realizations are technically
complicated and carefully aligned high-quality optics are
required.

Self-mixing method in a laser has been known to have
several advantages over conventional systems (8,9). This
method enables us to simplify the optical scheme of such
devices and achieve the mixing effect, where a small por-
tion of the light reflected from the mirror is returned into
the laser cavity and is mixed with the original oscillating
wave inside the laser. The method of self-mixing inside the
laser cavity facilitates the design of the same principle
without beam splitters and external photodetector. The
optical setup contains only cheap optical components: a
laser diode with fiber or lenses. Self-mixing systems can be
easily aligned because they have only one optical axis,
they have been called self-aligning systems. Self-mixing
also gives a larger modulation depth, hence a compara-
tively high signal-to-noise ratio.

The theories of heterodyne or homodyne reception and
photodetection with self-mixing in semiconductor laser
(10,11), gas laser (12), as well as theory of self-mixing in
a single-mode or multilongitudinal-mode diode laser (13)
are based on a presumption of coherence of light in all
equipment and on the way to the target and back. The
laser is used to send light, either in free space or through
an optical fiber, to a movable target from which the back-
scattering is detected. The self-mixing effect has been ex-
plained as a spectral mode modulation inside laser caused
by backscattered radiation. The theories operate with in-
terference between irradiated and scattered back to the
laser cavity radiation.

In medical applications, laser Doppler methods have
been applied for different purposes, such as tissue vibra-
tion measurement (14), eye movements’ registration (15),
and others. Blood flow measurements have been of special
interest for many years because quantitative determina-
tion of blood flow provides essential information to diag-
nose serious diseases and circulatory disorders in a
certain part of the body, including vessels. Laser Doppler
flowmetry has been developed as an effective and reliable
method for noninvasive blood flow measurement (16–19).
The self-mixing effect in diode lasers provides remarkable
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advantages in blood circulation measurement. Intra-arte-
rial measurements of the velocity and the average flow of
red blood cells were investigated by means of a fiber-cou-
pled laser Doppler velocimeter based on the self-mixing
effect (20). This technology is close to becoming commer-
cial product for clinical application. The efficiency of the
self-mixing velocimeter has been tested in vivo with the
optical fiber inserted in the artery in upstream and in
downstream blood flow conditions (16).

Blood pressure and cardiovascular pulsation are fun-
damental indicators of cardiovascular disease. The pulse
is considered as one of the four most fundamental medical
parameters. Abnormal shape and rhythm of arterial pul-
sation are directly connected to diverse cardiovascular
disorders. Small and weak pulses can be related to heart
failure, shock, or aortic stenosis. Large and bounding
pulses can represent hyperkinetic states, aortic regurgi-
tation, or abnormal rigidity of arteries. Arrhythmia can
lead to a changing amplitude or irregularity of pulsation.
Abnormal amplitude of pulsation can also be related to the
blood pressure. Pulse wave velocity is known to be corre-
lated with blood pressure. The pulsation of the carotid ar-
tery can be an indicator of cerebrovascular disease. In our
preliminary publication, we noted that this method allows
an optical no-touch measurement of skin surface vibra-
tions, which can reveal the pulsatile propagation of blood
pressure waves along the vasculature (21). The same
method and equipment has been applied to detect small
moving micron-size particles (22) and as an optical non-
invasive method for blood flow velocity measurement (23).

2. THEORETICAL BACKGROUND

The pulse wave as a pressure wave causes changes in
blood vessels radius and movement of its wall. Typically,
vessel wall expansion and shrinkage results in movement
on the skin surface, which can reveal the pulsatile prop-
agation of pulse waves along the vasculature and contain
such useful parameters as period of pulsation, moment of
pulse wave arrival, and pulsation profile.

The laser light is coupled into a fiber and guided toward
a moving object—skin near the arteries. A small part of
the Doppler-shifted light scattered by the moving object is
collected by the same fiber and guided back into the laser.
The Doppler-shifted light interferes with the laser light
present in the laser cavity and causes an intensity mod-
ulation of the light inside the laser cavity. The frequency of
this intensity modulation is related to the Doppler shift.

Self-mixing effect in a semiconductor laser diode is ob-
served as modulation of the amplitude and the spectra of
the emitted light because of the optical feedback of back-
scattered light into the laser cavity. This external optical
feedback affects some internal parameters of the laser di-
ode such as threshold gain and lasing frequency. The light
backscattered from the target comes to a laser-active cav-
ity and causes changes in a number of carriers in the ac-
tive area and in the threshold of excitation current (10–
12,24). In this way, the backscattered light is active in the
process of laser generation and affects inversion.

A theory that explains the phenomena observed in the
self-mixing process has been developed by several au-
thors. An analytical model for the three-mirror cavity
has been proposed and widely used to explain optical feed-
back-induced changes in output parameters of a diode la-
ser. The amplitude and spectral behavior of the laser with
optical feedback have been studied (25). A spectral line
narrowing or broadening, depending on feedback condi-
tions, has been shown to take place in the output spectra
of the semiconductor lasers (26). A theoretical model for
the shape and the amplitude of self-mixing signals has
been described (17). A broadening of the apparent line-
width of the semiconductor laser modes with external cav-
ity has been shown to be caused by the coherent nature of
the feedback and multiple reflections in the external cav-
ity (27). A detailed theoretical analysis of stability for a
semiconductor laser with an external cavity has shown
that instability is related to jumps of the laser frequency
between external cavity modes or to feedback-induced in-
tensity pulsations caused by the carrier-density depen-
dence on the refractive index (28). The conditions that
decide whether an external cavity laser oscillates in the
mode with the lowest threshold gain have been discussed
(29), where the mode coupling between the side modes has
been shown to allow the external cavity laser to oscillate
stable in a mode, even though it has side modes with
higher gain. The results of numerical analyses of the ex-
ternal feedback on a single-mode semiconductor laser
have demonstrated that the lasing mode with the mini-
mum linewidth is most stable, rather than the mode with
minimum threshold gain (30,31).

A three-mirror cavity model can be used for description
of the self-mixing method applied for measurements in
this study. The principal scheme of the method is pre-
sented in Fig. 1. Two mirrors, R1 and R2, constitute the
laser cavity. The moving object (skin) can be presented as
a third mirror, R3. The light reflected from the target in-
terfered with the light at the laser front facet with differ-
ent phase swift determined by the distance to the target.
The mirror, R3, and one of the laser facets, R2, constitute
an effective laser mirror RE, the reflectivity of which de-
pends on distance. The dependence of effective reflection
from the second laser mirror on the length of external
cavity causes changes in threshold of generation and the
output light power of the laser. It is clear that the laser
optical output includes modulation term dependent on the
feedback strength and the distance of the external reflec-
tor. It corresponds to a variation of the l/2 displacement at

l L

R1 R3R2

Figure 1. Schematic of a simple laser with external optical feed-
back: l, laser-cavity length; L, distance from laser-cavity front
facet to target; R1, R2, R3, laser mirrors, and target.
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the external reflector and is a repetitive function with a
period of 2p rad. This model is based on coherence of light
inside the external cavity.

According to the three-mirrors model (18,25), the field
in the laser cavity can be calculated by applying the am-
plitude and phase criteria for the stationary state of the
light propagating in the laser cavity. In such an approach,
it can be seen that the diode laser undergoes threshold
gain and lasing frequency variations. The changes in
threshold gain, and therefore in the optical output varia-
tion DP caused by feedback, has been shown to have a
nonmonotonic dependence on the length of the external
cavity

DP /
1�R2

Rl
Rext cos otext; ð1Þ

where R is the reflectivity of the laser facets, l is the length
of the laser cavity, Rext is the reflectivity of the moving
object (skin), o is the lasing frequency with optical feed-
back, text¼ 2L/c is the round-trip time of the laser light in
the external cavity, and L is a distance from the front facet
of the laser cavity to the moving object (skin).

The maximum value of optical output takes place when
the waves from the laser cavity and the external cavity
meet each other in the same phase at the laser front facet.
This condition can be satisfied if the effective optical
length of the external cavity is the same or multiplied to
the effective optical length of the laser cavity. The maxi-
mum optical output is realized when the following condi-
tion is satisfied:

L

Zl
¼m; ð2Þ

where Z is a refractive index of the cavity, m¼M0 �M dif-
ference of mode index, which means that the maximum
output is attained at the external cavity length equal to
integer multiples of the effective laser cavity length Zl.

The dependence of the self-mixing signal on distance
between the laser and moving object and threshold gain
(pump current) was investigated in experiments.

3. EQUIPMENT AND EXPERIMENTS

3.1. Self-Mixing Method

Experimental set-up for measurement of dependence of
the self-mixing signal on distance is presented in Fig. 2.
The Philips 1550nm GaInAsP laser diode CQF 58 with
monomode fiber with 1-m length was used in our exper-
iments. A special potentiometer P exists for precise ad-
justments of the laser pump current. A special low-noise
two-channel amplifier is used for the signals from photo-
diode PD and from the resistor in the laser current chain
correspondingly. Light consists of nine longitudinal
modes, with 1.11nm between them (Fig. 3). The frequency
difference between longitudinal modes of the laser-active
cavity was Df¼ 1.25 � 1011Hz, the equivalent optical

(taking into account refractive index) longitudinal size of
the cavity was about 1.2mm.

Measured dependence of a self-mixing interference on
the distance between laser and target is presented in Fig.
4 (first 5 maximums and others). The distance between
minimum and maximum on the curve of self-mixing mod-
ulation function was 0.89mm.

We used a reflective surface attached to a loudspeaker
cone driven by a signal generator as a target to provide
phase variations of the external optical feedback. The di-
ode laser package incorporates a photodiode accommo-
dated in the rear facet for monitoring the laser power. This
characteristic of the device is particularly well-suited to
observe the self-mixing interference, and it provides a
convenient internal detector. A typical output signal ob-
tained in this case is shown in Fig. 5. The feedback was
less than 10% in all experiments. The upper trace in Fig. 5
is the signal applied to achieve the periodic target move-
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Figure 2. Schematic experimental arrangement with amplifiers
for PD and LD output signals and with LD current regulation.
Used laser package from Philips CQF 58, which contains an op-
tical fiber 1m in length, PD - photodiode (integral), and LD - laser
diode.
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ment, and the resultant intensity modulation (middle
trace) is the self-mixing signal observed. Another struc-
ture of the same device has also been observed. For the
signal separation and capturing, an additional resistor (R
¼ 50O) exists with intermittent potential in laser-pump
current chain. On the same figure (lower trace), the self-
mixing signal is presented.

Theoretical value for distances between positions of two
maximums on the curve of self-mixing modulation func-
tion is about 1.2mm. The difference between theoretical
estimation of distance between maximums and measured
real value 0.89mm (Fig. 4) would be explained by a

slightly different length of laser cavity used in theoretical
estimation. This length was derived from passport data of
light spectrum of the diode laser (Fig. 3).

The dependence of amplitude of maximums of the self-
mixing signal on distance can be explained by the char-
acter of spatial broadening of a laser light beam, as well as
by limited longitudinal coherence. The spatial broadening
of the beam from an optical fiber was measured by the
method applied in (21). The radiation angle of the fiber
was 40 degrees at 90% level, and the intensity dependence
on the distance from the fiber r was typical for spherical
wave 1/r2. The decreasing of the measured maximums
(Fig. 4) with increasing of the distance fit well to this de-
pendence.

The longitudinal coherence is determined by the width
of the spectrum of radiated light. If the round-trip time of
the light in the external cavity text¼ 2L/c is within the
coherence time, the interference between the backscat-
tered field and the field inside the laser-active cavity is
strongest. If the round-trip time is larger than the laser
light coherence time, the phase changes between the in-
tracavity and backscattered light causes strong reduction
of the interference and, consequently, the self-mixing sig-
nal. Introducing the longitudinal coherence length
through the width of the spectrum of the radiated light lcoh
¼ c/Df, the relative reducing of the self-mixing signal is
proportional to the ratio (16)

hI2i

I2coh
/

1

½1þ ð2L=lcohÞ
2
�1=2

; ð3Þ

where Icoh is the level of the signal for text{lcoh or
2L=c{c=Df .

In our experiments, the multimode laser was used, and
its spectrum consists of the series of narrow lines (Fig. 3).
In this case, two different coherence scales exist. One of
them is determined by the width of the single longitudinal
mode. On the other hand, the whole spectrum includes N
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Figure 5. Typical signals observed from self-mixing. Upper
trace, signal applied to achieve the periodic target movement;
middle and lower traces, self-mixing signals from photodiode and
resistor in laser-current chain. Horizontal axis—time; vertical
axis—signal amplitude in arbitrary units.
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modes separated by DF¼ c/2l, where l is length of the la-
ser cavity. The total intensity is obtained as a sum of N
uncorrelated spectrum lines, and the longitudinal coher-
ence length Icoh¼ 2l has its minimal value 2.4 mm. The
real length of the external cavity L consists of two parts:
length of the optical fiber lf¼ 1m and distance from the
fiber r and L¼ lfþ r, which is much longer than the co-
herence length. The relatively small changes in distance L
caused by variances of r (Fig. 4) cannot affect the condition
Lclcoh. Calculated by (3), dependence of the self-mixing
signal on distance r from the fiber is not significant. In this
case, the measured dependence of maximums amplitude
on distance (Fig. 4) was caused by decreasing of the in-
tensity of light with distance caused by the beam broad-
ening only.

The self-mixed signal amplitude is a function of the la-
ser-pump current measured. Pump current was adjusted
precisely with a potentiometer, and output signals of both
channels were recorded simultaneously. These character-
istics are similar, and one of them is in Fig. 6. As we can
see, in both cases, the self-mixed signal depends on the
laser-pump current as inversely proportional, and the
maximum value of the signal corresponds to the pump
current near threshold.

3.2. Application of Method for Pulse Wave Delay Time
Measurement

Pulse wave delay time was measured as a time interval
between the ECG signal and skin vibration signal near
different arteries of the human body. We used a four-lead
system with standard ECG clinical device Mingograf-4
produced by Siemens-Elema for ECG recordings. Six dif-
ferent measurement points Mp1–Mp6 to measure pulse
wave in different arteries were used. Both of the signals
were recorded with a sampling rate of 10 kHz; the dura-

tion of the recording was 10 seconds. Recorded signals are
given in Fig. 7. The first signal (upper curve) is ECG as a
reference signal for time measurement, the second curve
is a processed laser-Doppler signal (pulse profile), and the
third one is a signal from a laser diode as an input signal
(without processing).

A recorded laser-Doppler signal was preprocessed us-
ing a sliding window, the length of the Hanning-windowed
signal was 128 points, and the power spectrum was cal-
culated after every 8 points (resolution 0.8ms) using an
FFT algorithm. From every calculated power spectrum,
the frequency with maximum amplitude was detected.
The maximum of every pulse profile was detected using
the adaptive-level peak detector, after which the pulse vi-
bration starting point was determined. Calculated time-
dependent frequency (pulse profile) never goes exactly to
zero because of the noise, which makes it difficult to de-
termine the exact starting point of the pulse vibration. In
this work, the starting point of the pulse wave was fixed to
the time point where the tangent of the maximum value of
the first derivative of the current pulse profile and zero
frequency converge. The frequency of discretization of the
ECG was reduced to 335Hz, because no relevant infor-
mation exists above 100Hz. Thereafter, the ventricular
electrical activation starting point R-peak in the ECG was
located by the adaptive-level peak detector. Pulse delay
was calculated as a time difference between the R-peak of
the ECG and the following pulse starting point of the la-
ser-Doppler signal.

3.3. Calculation of Pulse Wave Transit Time and its
Correlation with Blood Pressure Using Different Physiological
Signals

A noninvasive multiparameter registration system was
developed for this study. The system enables simultaneous
registration of electrocardiogram (ECG), photo-
plethysmogram (PPG), pulse pressure wave (PW), and
bioimpedance signal (BI). Two metal electrodes placed on
the left and right hand measure the ECG signal. The same
electrodes were used for bioimpedance measurement. The
PPG signal was measured with a standard SpO2 optical
sensor from the middle finger of the left hand (infrared
light channel was used in our case). PW was measured
with a piezo-electric transducer located on the index finger
of the left hand. Experimental arrangement for the regis-
tration system is represented in Fig. 8. This device con-
sists of four different signal-conditioning modules (ECG,
PPG, PW, and BI), which form four simultaneous mea-
surement channels to get time synchronization between
ECG and the other three physiological signals. Analogue
output signals from this device are connected to the laptop
computer with data acquisition card and data processing
software LabVIEW. The sampling frequency for all data
channels is 1 kHz.

In our study, we used a group of volunteers (34 persons)
who took the bicycle exercise test. The volunteers repre-
sented different patients with different diseases with the
mean age of 46714 years (14 female, 20 male). The test
consisted of cycling sessions of increasing workloads dur-
ing which the HR changed from 60 to 180 beats per
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minute. In addition, a blood pressure (NIBP) was regis-
tered with standard sphygmomanometer once per minute
during the test. The NIBP measurement values were syn-
chronized to other signals to exact time moments where
the systolic blood pressure was detected (Korotkoff sounds
starting point). The computer later interpolated the blood
pressure signal in order to get an individual value for ev-
ery heart cycle. The other signals were measured contin-
uously during all tests. At the end of every session, a
recovery period was included until the person’s NIBP and
HR normalized. All measurements were also done during
this period.

Laboratory signal-processing software was used to de-
tect the pulse parameters and to calculate different time
delays between ECG and the other three signals, which
reflect the pulse wave propagation in a vascular system.
From ECG signal, the HR was calculated by measuring R-
peaks and calculating RR intervals. The delay was mea-
sured as a time interval between R-peak to the corre-
sponding pulse onset. The pulse onset was detected using
different moments in pulse wave in order to find the max-
imum correlation point between the time delay and BP for
a person and for a group. The first detection point was lo-
cated at where the 10% amplitude occurred on the rising

edge of the pulse signal (calculated from baseline value).
The next point was located in the middle (50%) point of the
pulse wave rising edge, and the last point was located at
the maximum (100%) of the pulse wave amplitude. The
same calculation procedure was applied for three different
pulse signals (PPG, PW, BI).

An example of recorded signals is shown in Fig. 9. The
first strip represents ECG signal, the second strip repre-
sents PPG signal, and the third and the fourth strips rep-
resent PW and BI signals, respectively. As it can be seen
from the Fig. 9, the earliest detection point can be located
in the BI signal (BI10) compared with PWand PPG, which
means that the bioimpedance signal represents changes in
blood volume near to the heart, and the time point BI10
closely matches with the beginning of the ejection phase in
the heart cycle; it is also in good agreement with earlier
studies (32). The next signal that can be triggered is me-
chanical pulse pressure wave (PW10), which represents
the point when the arterial pulse pressure starts to in-
crease in the major arteries of the index finger. The last
wave front that can be detected is PPG (PPG10), which
represents blood volume changes in the finger. This kind
of measurement setup allow us to estimate the isovolumic
contraction time (BI10) and the pulse pressure propaga-

Figure 7. Recorded pulse profile, processed pulse
profile, and ECG signals.

Notebook with data
acquisition card and data
processing software 

Right hand
electrode 

Left hand
electrode 

Piezo-electric
pulse transducer 

PPG sensor

Signals conditioning
and amplifying device 
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Pulsewave module

Bioimpedance module
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Figure 8. Experimental arrangement.
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tion time (PW10-BI10) and compare the changes in these
parameters with other intervals and NIBP. It should be
mentioned that the average BI10 values turned out to be
higher than expected, which could mean that the BI10
does not represent the true isovolumetric phase but ex-
tends also to the beginning ejection phase. Nevertheless,
the BI10 is the only parameter in this set where the is-
ovolumic phase has an essential part. In Fig. 10, we can
see the changes of some of the calculated parameters dur-
ing the exercise for one person from the group. It can be
noticed that, whereas PW10 and BI10 are inversely pro-
portional to the systolic arterial blood pressure, the PW10-
BI10 curve does not correlate very well with other lines.
The same result is valid for the group (Table 1). Table 1 is
the average correlation matrix for the study group for all
calculated parameters. The Pearson’s correlation coeffi-
cient is used for the matrix calculation. From Table 1, we
can see that the best correlation with systolic blood pres-
sure has the PPG10 parameter. It is the only parameter,
the correlation of which is more than � 0.7. The dynamic
range of the PPG10 parameter and systolic pressure is
approximately the same (1mmHg¼ 1ms). The PPG50 and
PPG100 have slightly lower correlation coefficients. The
BI and PW parameters have much lower correlation with
systolic blood pressure compared with PPG. From the ta-
ble, it can be seen that diastolic pressure does not corre-
late with any of the parameters, which leads us to a
conclusion that diastolic pressure cannot be estimated by
the PWTT measurement. In Table 1, a parameter
PPG100-PPG10 also exists, which represents the rising

time of the PPG pulse wave; it can be seen that it does
correlate with blood pressure changes (r¼ � 0.25), which
means that the change in the rising time of pulse signal
cannot be a very reliable parameter for arterial pressure
estimation.

4. EVALUATION

The laser diode used is based on double-heterostructure
technology and has quite a high threshold current, ap-
proximately 80mA. When a handheld monitoring device is
considered, this high of a current consumes too much
power for present-day battery technology, which means
that a type of laser diode with a much lower threshold
current should be used.

Semiconductor laser types, which have very low-oper-
ating currents, are based on quantum well (QW) technol-
ogy. In this technique, the thickness of the active region is
reduced. Because of the reduced area of the active region,
a lower current is needed for stimulated emission and,
thus, laser operation. The threshold current for QW lasers
is typically less than 10mA.

The problem in cardiovascular pulse measurements are
the external artifacts that cause disturbances to the Dopp-
ler signal. These artifacts are easily generated because of
the high sensitivity of the measuring device. Unfortu-
nately, the errors caused by the artifacts are typically on
the same frequency band as the information signal from
the displacement of the arterial wall.
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One possible technique to reduce the effect of the arti-
facts on the Doppler signal is to use two self-mixing de-
vices to measure the pulsation. The idea is to insert
another self-mixing device in the measurement probe.
The first one is positioned above the radial artery, and it
measures both the displacement of the arterial wall and
possible errors caused by external artifacts. The second
one is positioned in such a way that it measures only the
error signal. If both channels are identical, it could be
possible to manipulate the signals so that effect of artifacts
could be minimized.
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1. INTRODUCTION

The term blind source separation (BSS) refers to a wide
class of problems in signal and image processing in which
one needs to extract the underlying sources from a set of
mixtures. Almost no prior knowledge about the sources or
about the mixing is known, hence the name blind. In
practice, the sources can be 1D (e.g., acoustic signals), 2D
(images), or 3D (volumetric data). The mixing can be
linear, or nonlinear on one hand, and instantaneous or
convolutive; in the latter case, the problem is referred to as
multichannel blind deconvolution or convolutive BSS. In
many medical applications, the instantaneous linear mix-
ing model holds, hence, the most common situation is
when the mixtures are formed by superposition of sources
with different scaling coefficients. These coefficients are
usually referred to as mixing or cross-talk coefficients and
can be arranged into a mixing (cross-talk) matrix. The
number of mixtures can be smaller, larger, or equal to the
number of sources.

Independent component analysis (ICA), a method for
finding independent components in multidimensional sta-
tistical data, is usually exploited to solve the BSS problem.
One of the fundamental assumption of this approach is
that the sources are statistically independent (i.e., the
value of any one of the sources gives no information on the
values of the other sources). Hence, finding the minimally
dependent components by minimizing a certain measure
of dependence (usually employing a numerical optimiza-
tion procedure) produces an estimate of the original
sources. An emerging class of alternative methods is the
sparse component analysis (SCA or SPICA), which allows
one to relax the assumption of statistical independence of
the sources and relies on the assumption that sources are
sparse (i.e., have a small number of nonzero values) or
sparsely representable in an appropriate domain (e.g., in
the domain of the Fourier transform, wavelet transform,
Gabor transform). Another important class of approaches
to the BSS problem is based on independent factor analy-
sis (IFA).

In the context of medical signal and image processing,
the BSS problem develops, for example, in analysis of
electroencephalogram (EEG), magenetoencephalogram
(MEG), and electrocardiogram (ECG) signals and func-
tional magnetic resonance images (fMRI). Recent research
has also shown the feasibility of BSS techniques in
hyperspectral analysis of tissues.

2. THE LINEAR BSS PROBLEM

In a typical scenario of an instantaneous linear BSS
problem, real signals si(t) from N sources are recorded
by M sensors; t is a multi-index and refers to data of any
dimension. The sensor signals xi(t) are instantaneous
linear combinations of the source signals, and are possibly
contaminated by additive sensor noise xi(t):

x1ðtÞ ¼ a11s1ðtÞ þ � � � þa1NsNðtÞþ x1ðtÞ

..

. ..
. ..

.

xMðtÞ ¼ aM1s1ðtÞþ � � � þaMNsNðtÞþ xMðtÞ;

where aij are the cross-talk coefficients. In EEG, for
example, source signals are resulting from electromag-
netic activity of the brain cortex, and sensor signals are
the electric potentials measured by the scalp electrodes.
The cross-talk coefficients represent the attenuation the
source signals undergo during their propagation and are
related to the geometry of the head. The noise can result,
for example, from electromagnetic disturbances.

In matrix notation, the linear BSS problem has the
form

xðtÞ¼AsðtÞþ xðtÞ;

where sðtÞ, xðtÞ, and xðtÞ are column vectors with values
si(t), xi(t), and xi(t), respectively. When the data is discrete,
the problem can be written as

X ¼ASþX; ð1Þ

where X and S are matrices containing the mixtures and
the sources, respectively, as their rows, and X is the
corresponding matrix of noise. If the mixtures are 2D
(images), they are parsed into vectors and treated in an
essentially similar way.

The BSS problem consists of finding an estimate Y(X) of
S, given only the observed (possibly noisy) data X. If no a
priori information is available, the latter is possible up to
an arbitrary permutation and scaling only. In a particular
case when the matrix A is square (i.e., N¼M) and
invertible, and under the assumption of zero noise, the
problem is equivalent to estimating the unmixing matrix
W¼ ðw1; . . . ;wNÞ

T
¼EA�1 such that

EY ¼WX;

where E is a permutation and scaling matrix.

3. INDEPENDENT COMPONENT ANALYSIS (ICA)

If the sources si are statistically independent, the ICA
approach can be used to solve the BSS problem. Statistical
independence implies that the joint probability density of
the sources fs(s1,y,sN) can be factorized into a product of

1
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marginal densities,

fsðs1; . . . ; sNÞ¼
Y

N

i¼ 1

fsi ðsiÞ:

The assumption of statistical independence of sources is
the guiding principle of ICA: The sources can be estimated
as a linear transformation Y¼WX of the mixtures, yield-
ing the ‘‘most independent’’ components. The sources
estimated in this way are termed independent components
(ICs).

The property of independence is stronger than uncor-
relatedness (i.e., Esisj¼ EsiEsj for iOj, where E denotes
expectation). Uncorrelated components can be extracted
by means of linear decorrelation (sometimes termed spher-
ing or whitening) of the data xðtÞ (i.e., by linearly trans-
forming xðtÞ into yðtÞ¼PxðtÞ by a whitening matrix P, such
that the covariance matrix of yðtÞ equals units):

Cyy¼EðyðtÞyTðtÞÞ¼PCxxP
T ¼ I:

The covariance Cxx is estimated from a finite realization of
xðtÞ. Substituting the eigendecomposition Cxx¼VDVT

(where V is a unitary diagonalizing matrix and D is

diagonal), the covariance Cyy can be expressed as

Cyy¼PVCxxV
TPT :

The whitening matrix therefore equals P¼D�
1
2VT. This

procedure is a version of principal component analysis
(PCA) (also called Hotteling- or Karhunen–Loeve trans-
form), in which the variances are normalized.

Geometrically, decorrelation of the data undoes the
mixing up to a rotation matrix (i.e., the unmixing matrix
can be found as a product W¼UP of the whitening matrix
P and some rotation matrix U). When the sources are
jointly Gaussian, independence and uncorrelatedness are
equivalent. As such distribution is invariant under rota-
tion, in case of Gaussian sources unmixing is only possibly
up to arbitrary rotation (see Fig. 1). For this reason, the
Gaussian case is usually excluded in the classic ICA
model.

More precisely, the classic setting of the (zero-noise)
ICA problem is identical to Equation 1 with the addition of
the following identifiability conditions: (1) at most one of
the sources si is Gaussian; (2) the number of mixtures is at
least as large as the number of sources, ðM�NÞ; (3) the
mixing matrix A is of full column rank; and (4) si(t) are
stationary and ergodic. Typically, a stronger version of

s1

s 2
s 2

sources

x1

(a)

(b)

x 2
x 2

mixtures

y1

s1 x1 y1

y 2
y 2

PCs

sources mixtures PCs

Figure 1. PCA applied to mixtures of two different kinds of sources: Gaussian (A) and uniform (B).
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these conditions, assuming non-Gaussianity of all the
sources and independent identical distribution (i.i.d.) of
the values of si(t) over t is used.

ICA is usually performed by formulating a criterion of
statistical dependence j(y), referred to as contrast func-
tion or constrast (the terms objective, cost, and loss func-
tion are synonymous) and minimizing it—sometimes
referred to as minimum contrast estimation. The selection
of specific contrast and numerical algorithm for its opti-
mization gives rise to different ICA methods.

Typically, decorrelation of the data using PCA is per-
formed as a preprocessing stage. Some methods using
orthogonal contrasts demand explicitly uncorrelatedness
of the data. If the number of sources N equals the number
of mixtures M, it is usually convenient to pose the problem
as estimating the unmixing matrix W:

W¼ argmin
W

jðWxÞ:

If M4N, the first N principal components of X are used as
the data.

Depending on whether all the ICs are estimated simul-
taneously or one-by-one, multi-unit or one-unit contrast
functions are used, respectively. Another distinction is
made between online (or adaptive) methods that use
instantaneous data at each iteration and batch methods
that use all the data simultaneously; this terminology is
common in the neural networks community, where some
fundamental works on ICA came from.

4. CONTRAST FUNCTIONS

Minimum contrast estimation is a general statistical
estimation approach commonly used in ICA. Different
multiunit contrast functions can be derived from different
principles such as maximum likelihood and information
maximization. It can be shown that in many cases these
contrasts are equivalent.

4.1. Mutual Information

Independence can be measured as the Kullback–Leibler
divergence between the true density fyðyÞ of y and the
product of marginal densities f0ðyÞ¼

QN
i¼ 1 fiðyiÞ

jMIðyÞ ¼

Z

fyðyÞ log
fyðyÞ

f0ðyÞ

� �

dy;

also known as the mutual information of y. Mutual
information reflects the quantity of information shared
between the elements of y; it is always non-negative and
vanishes only if yi are statistically independent. Mutual
information can be also expressed via the differential

entropy as

jMIðyÞ¼
X

N

i¼ 1

HðyiÞ �HðyÞ

¼
X

N

i¼ 1

HðwT
i xÞ �HðxÞ � log jdet Wj;

with wi denoting the ith row of W and

HðxÞ¼ �

Z

fxðxÞ log fxðxÞdx: ð2Þ

If the data is decorrelated, jMI becomes the orthogonal
mutual information contrast:

j?MIðyÞ¼
X

N

i¼ 1

HðyiÞ: ð3Þ

4.2. Likelihood

Assuming that si(t), t¼ 1; . . . ;T are i.i.d., the samples of
the mixtures xi(t) can be considered as independent mea-
surements of the data. The distribution of s(t) in this case
is given by

f ðxjWÞ¼ jdet Wj � fsðWxÞ¼ jdet Wj �
Y

N

i¼ 1

fsi ðw
T
i xiÞ; ð4Þ

where W are the parameters of the model that need to be
estimated. The likelihood is the probability of the observed
data as a function of the parameters of the model:

LðX;WÞ¼ jdet Wj �
Y

T

t¼ 1

Y

N

i¼ 1

fsi ðw
T
i xiðtÞÞ:

Maximizing the likelihood function L(X,W) with respect to
W produces an estimate of the unmixing matrix. Usually,
it is more convenient to minimize the normalized minus
log-likelihood function

‘ðX;WÞ¼ �
1

T

X

T

t¼ 1

X

N

i¼ 1

log fsi ðw
T
i xiðtÞÞ � log jdet Wj:

The normalized minus-log-likelihood ‘ðX;WÞ can be seen
as an approximation (up to a constant) of the Kullback–
Leibler divergence

dKLðfWx; fsÞ¼

Z

fWxðyÞ log
fWxðyÞ

fsðyÞ

� �

dy;

on a finite sample of size T, for example,

‘ðX;WÞ !
T!1

dKLðfWx; fsÞþ const:
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Hence, the maximum likelihood (ML) estimation is asso-
ciated with the contrast function

jMLðyÞ¼dKLðfWx; fsÞ: ð5Þ

The probability densities fsi do not need to be necessarily
known exactly; when approximate fsi are used, the esti-
mation is termed as quasi-maximum likelihood (QML) (1).
Often, if the sources are known to be sub-Gaussian or
super-Gaussian, approximate fsi can be selected accord-
ingly.

4.3. Infomax

Estimated ICs can be considered as outputs of a single-
layer multiinput multioutput neural network, with x(t)
serving as inputs and outputs given by yiðtÞ¼ giðw

T
i xðtÞÞ,

where gi are nonlinear scalar functions. When gi are
selected as the cumulative distribution functions Fsi of
the sources (or in other words, g0i¼ fsi ), maximizing the
entropy of the outputs

jIMðyÞ¼Hðgiðw
T
1 xðtÞÞ; . . . ; gNðw

T
NxðtÞÞÞ; ð6Þ

is equivalent to maximum likelihood estimation. This
approach is known as network entropy or information
maximization (infomax) and was introduced by T. Bell
and L. Sejnowski (2). The intuition of infomax is the
following: gðsÞ¼ ðg1ðsÞ; . . . ; gNðsÞÞ is uniformly distributed
on [0,1]N and possesses the largest entropy among all the
distributions on [0,1]N. Therefore, gðyÞ¼gðWAsÞ has the
largest entropy when WA¼ I.

4.4. Negentropy

Another non-Gaussianity maximization approach stems
from a fundamental result of information theory, accord-
ing to which a Gaussian variable possesses the largest
entropy among all random variables with equal variance.
A normalized version of entropy J(y)¼H0�H(y), where
H0 is the entropy of a Gaussian vector possessing the same
covariance as y, is called negentropy. Negentropy is non-
negative and vanishes only if y has a Gaussian distribu-
tion. Minimization of the contrast function

jNEðyÞ¼ �
X

i

JðyiÞ ð7Þ

leads to ICs with maximum non-Gaussianity. Minimiza-
tion of jNE(y) can be approximated by maximization the
sum of squared kurtoses

P

i k
2
i . A. Hyvärinen et al.

proposed to use the more general approximation of the
form

JðyÞ � ðEhðyÞ � EhðvÞÞ2; ð8Þ

where v is a normal random variable and h can be
virtually any nonquadratic function.

4.5. High-Order Cumulants

Another way to derive contrast functions is by using high-
order statistics. Such contrasts can be considered approx-
imations of the information theoretic contrasts. High-
order statistical information is expressed via cumulant
tensors; for zero-mean variables xi, xj, xk, xl, the second-
and the fourth-order cumulants are:

CijðxÞ¼ EðxixjÞ;

CijklðxÞ¼ EðxixjxkxlÞ � EðxixlÞEðxkxlÞ

� EðxixkÞEðxjxlÞ � EðxixlÞEðxjxkÞ:

The auto-cumulants CiiðxÞ¼ Ex2
i ¼ s2

i ðxÞ and
CiiiiðxÞ¼ Ex4

i � 3E2x2
i ¼ kiðxÞ are the variance and the kur-

tosis of the ith source, respectively. For statistically in-
dependent sources, the cross-cumulants vanish (i.e.,
CijðsÞ¼ s2

i dij;CijklðsÞ¼ kidijkl, where d denotes the Krö-
necker symbol).

If the data is decorrelated, the mutual information
contrast jMI can be approximated as:

j?KURðyÞ ¼
X

ijklOiiii

C2
ijklðyÞ

¼ �
X

i

C2
iiiiðyÞþ const:

ð9Þ

This orthogonal contrast was used already in the early
works on ICA (3). The intuition behind this contrast is
based on the non-Gaussianity maximization principle.
According to the central limit theorem, the distribution
of a sum of non-Gaussian sources is closer to Gaussian
distribution than the distributions of the sources. Gaus-
sian distribution has zero kurtosis, distributions with
positive kurtosis are termed as super-Gaussian and dis-
tributions with negative kurtosis are termed as sub-
Gaussian. The first class includes, for examples, sparse
distributions. Non-Gaussianity of yi can be measured as
the absolute or the squared value of the kurtosis Ki(y).
Hence, the minimizer of j?KURðyÞ corresponds to the most
non-Gaussian components.

4.6. Tensorial Methods

Tensorial methods rely on eigendecomposition of the
fourth-order cumulant. A fundamental result from statis-
tics states that every matrix wiw

T
i , where wT

i is the ith
row of the mixing matrix W, is an eigenmatrix of the
cumulant tensor of the whitened data y, with the corre-
sponding eigenvalue ki, for example,

CðwwTÞ¼ ki �wwT ;

where

CðwwTÞij¼
X

k;l

wkwlCijkl

is the product of the tensor C with the matrix wwT. This
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method gives a direct method for estimating the mixing
matrix: the observation y is whitened, then the fourth-
order cumulant tensor C is estimated and its eigendecom-
position is computed. Estimate of the mixing matrix is
constructed from the eigenmatrices of C.

4.7. Joint Approximate Diagonalization of Eigenmatrices
(JADE)

JADE is a particular case of tensorial methods introduced
by J-F. Cardoso and A. Souloumiac (4). The tensor C has
N2 orthonormal eigenmatrices Dm and the corresponding
eigenvalues lm, of which only N are nonzero. If the data is
decorrelated, the mixing matrix is unitary (a rotation
matrix), and diagonalizes the eigenmatrices of C, for
example, Bm¼WDmW

T , with Dm a diagonal matrix.
Thus, the unmixing matrix can be found by joint diag-
onalization of the N eigenmatrices Bm, which can be
carried but efficiently using Jacobi iterations. The ortho-
gonal contrast associated with the JADE algorithm is the
joint diagonalization criterion:

j?JADEðyÞ¼
X

ijklOijkk

C2
ijklðyÞ: ð10Þ

5. NUMERICAL ICA ALGORITHMS

Independent component analysis is often carried out by
means of minimization of the contrast function j with
respect to the argument W. This task is performed by an
iterative numerical procedure, called optimization algo-
rithm. A generic optimization algorithm produces a se-
quence Wð0Þ;Wð1Þ; . . . ;WðKÞ of estimates of the function
minimizer, on which the function approaches the optimal
value. The iterations are stopped when, for example, the
norm of the gradient jjrjðW

ðkÞyÞjj is sufficiently small.
Classic optimization algorithms produce W(kþ1) by addi-
tive update, for example, by making a step in direction V(k)

on every iteration: Wðkþ 1Þ ¼WðkÞ þ aðkÞVðkÞ. Typically, the
choice of the direction depends on the gradient rj or the
Hessian r2j of j at each iteration. For example, choosing
VðkÞ ¼ � rjðW

ðkÞyÞ is known as steepest or gradient des-
cent, and V ðkÞ ¼ � ðr2jðWðkÞyÞÞ�1

rjðWðkÞyÞ is known as
Newton step.

5.1. Relative Optimization

A relative optimization algorithm is a class of optimization
algorithm that rely on the fact that the mixing matrices
form a multiplicative group. The latter implies that,
starting from the observed mixtures, one can iteratively
improve the source estimate (in terms of some contrast
function) by finding an estimate of the unmixing matrix
leading to a decrease of the constrast function, and using
the obtained source estimate as the observation at the
next iteration. A general relative optimization algorithm
has the following structure (5):

1. Start with an initial source estimate Y(0).

2. For k ¼ 0, 1, 2,y, until convergence
(a) Starting from V(k)

¼ I and using one or more
steps of some unconstrained minimization algo-
rithm, find such a matrix V(k) that decreases the
contrast function jðV ðkÞY ðkÞÞ.

(b) Update the source estimate: Y ðkþ 1Þ ¼V ðkÞY ðkÞ.
3. End of loop.

The output of the algorithm is the source estimate Y¼Y(K)

minimizing the contrast j. The unmixing matrix is ob-
tained as the product W¼V ð0Þ � Vð1Þ � . . . � VðKÞ.

Different algorithms can be obtained by different
choices of the unconstrained minimization algorithm
used in Step (a). The relative gradient (also referred to
as the natural gradient) algorithm, introduced by A.
Cichocki et al. (6), J-F. Cardoso and B. Laheld (7), and S-
I. Amari et al. (8), although derived from different con-
siderations, can be obtained by using a steepest descent
iteration at Step (a). The relative Newton algorithm (1,5) is
obtained by using a single Newton iteration at Step (a). An
efficient block-coordinate version of this algorithm was
proposed by Bronstein et al. (9). Relative optimization
techniques can be used in both batch and online modes.
Extensions for blind deconvolution are also available
(10,11).

5.2. Fixed Point Algorithms

Fixed point algorithms were introduced by A. Hyvärinen
and E. Oja (12) and are commonly known under the name
of Fast ICA. This class of algorithms is based on fixed point
iterations, a method known to have very fast convergence.
The one-unit Fast ICA algorithm has the following form:

* Center and whiten the data y.
* Start with some estimate w(0) of a row vector of W.
* For k ¼ 1,2,y, until convergence

* Update wðkÞ  Efyj0ððwðk�1ÞÞ
TyÞg

�Efj00ððwðk�1ÞÞ
TyÞg �wðk�1Þ.

* Normalize: wðkÞ  wðkÞ=jjwðkÞjj.
* End of loop.

In practice, the expectations in Step 4 are replaced by
empirical averages and the separation vectors w are
orthogonalized. j can be virtually any twice-differentiable
function and does not have to correspond to any statisti-
cally or information theoretically based contrast. Different
choices of j result in different algorithms suitable for
different classes of sources. Fast ICA is a batch algorithm
and generally used for estimating the ICs one by one.
Extensions for the multiunit case are available. (Fig. 2)

6. SPARSE COMPONENT ANALYSIS (SCA)

The fundamental assumption of statistical independence
of source used in ICA can be relaxed and replaced by the
assumption of their sparsity, which gives rise to the sparse
component analysis (SCA), an alternative class of methods
for BSS (13,14). Sparsity implies that most of the values of
the source are zero or near zero. For simplicity, consider
the problem of two sources and two mixtures (M¼N¼2).
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The observed mixture x(t) is a set of points in the plane
(scatter plot), given by

xðtÞ¼a1 � s1ðtÞþa2 � s2ðtÞ;

where a1, a2 are the column vectors of the mixing matrix
A. If the sources are sparse, most of the instantaneous
mixture values are contributed by a single ‘‘active’’ source
only (either s1(t) or s2(t)). Statistical independence is not
necessary for this value to hold; it is enough that in the

realization of the sources the nonzero values do not over-
lap in most of their occurrences. Consequently, x(t) con-
sists mainly of points lying along directions a1 and a2 (Fig.
3). Recovering these directions allows one to estimate the
mixing matrix. This BSS approach is termed geometric
separation. The applicability of geometric separation is
practically limited to problems with number of mixtures
M¼2 or 3. However, the advantage of this method com-
pared with ICA is that it allows one to handle BSS
problems with number of sources N4M.

If the sources are not originally sparse, in many cases
they can be sparsified, for example, brought to a sparse
representation by application of a linear sparsifying trans-
formation given by a T1 � T matrix F:

S0 ¼SFT ;

where T1 is the dimension of the resulting representation
and superscript ()T denotes matrix transposition. The
transformation F is not necessarily invertible. As the
mixing is linear, applying F on the mixtures is equivalent
to mixing the sparsified sources:

X 0 ¼XFT ¼ ðASÞFT ¼AðSFTÞ¼AS0:

Unmixing is performed by first estimating the unmixing
matrix W given the sparsified mixtures X0 and then
applying it to the original mixtures X. The sparsifying
transformation is generally dependent on the source
types. A possible selection of F is, for example, the short-
time Fourier transform (STFT) for acoustic signals (15)
and a discrete derivative for images (16). A richer family of
transformations is obtained by using multiresolution re-
presentations such as the wavelet or the wavelet-packet
(WP) transforms.

IC1

IC2

PC1

PC2

Figure 2. The difference between PCA and ICA on non-Gaussian
sources.
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Figure 3. Sparse sources (left), their mixtures (center), and the mixtures scatter plot (right).
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Sparsification can be employed together with QML
estimation in cases when M¼N. QML methods require
that the distribution of sources is modeled at least ap-
proximately. In some cases, it is very difficult or practically
impossible to write the source distribution in an analytical
form. In addition, many distributions result in nonconvex
objective functions that are problematic for optimization.
Instead, the sources are assumed sparse (with the abso-
lute value or its smoothed version used as a model of
� log fsi ðsÞ) and an appropriate sparsification transforma-
tion is applied on the mixtures, making the problem
equivalent to separation of sparse sources. This method
usually outperforms QML estimation without sparsifica-
tion (Fig. 4).

7. INDEPENDENT FACTOR ANALYSIS (IFA)

One of the weaknesses of ICA algorithms is the fact they
do not incorporate noise into the model. For this reason,
the applicability of ICA is limited to low- to medium-noise
cases. SCA is more robust to noise in some cases; however,
it also ignores the explicit noise model. As a possible
remedy, H. Attias (17) proposed the independent factor
analysis (IFA), which can be viewed as a generalization of
ICA, PCA, and ordinary factor analysis.

Similarly to ICA, the IFA framework assumes instan-
taneous linear mixing model. Observations xðtÞ are as-
sumed to be contaminated by zero-mean Gaussian noise
xðtÞwith some covariance matrix L. Both L and the mixing
matrix A are unknown. The sources sðtÞ are considered
mutually statistically independent and their probability
density functions are usually modeled as a mixture of

Gaussians (MOG)

fsi ðsijyiÞ¼
X

ni

k¼ 1

zikfGðsi � mik; s
2
ikÞ;

where fGðs� m; s2Þ is the Gaussian probability density
function with mean m and variance s2, and
yi¼ ðzi1; . . . z1ni

; mi1; . . . ; mini
; s2

i1; . . . ; s
2
ini
Þ is the vector of

parameters describing the mixture, where
P

k zik¼ 1.
The resulting model observation density is given by

f ðxjL;A; yi; . . . ; yMÞ

¼

Z

f ðxjsÞf ðsÞds

¼

Z

fGðx� As;LÞ
Y

M

i¼ 1

fsi ðsijyiÞds1 . . .dsN :

IFA consists of two steps. First, the parameters L, A,
yi; . . . ; yM of the model are adapted to minimize a distance
function between the model and the observed probability
densities of x. A typical choice for such a distance function
is the Kullback–Leibler divergence. Various numerical
algorithms can be used to perform the minimization; H.
Attias showed the use of an expectation-minimization
(EM) algorithm. Once the model parameters are esti-
mated, source recovery is performed. A good restoration
can be obtained by the least mean squares (LMS) estima-
tor,

yLMS¼ Efsjxg;

which minimizes Eðy� sÞ2. This above conditional ex-
pected value is readily available as a byproduct of the
EM algorithm. Another way to estimate the sources is the

Figure 4. Linear mixing model in fMRI.
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maximum a posteriori estimator (MAP), which maximizes
the joint probability density f ðs;xÞ.

8. GENERALIZATIONS OF THE BSS PROBLEM

A more general setting of the BSS problem is required in
situations where the linear instantaneous mixing model
cannot be assumed.

8.1. Convolutive Mixture

Convolutive mixture is a generalization of the instanta-
neous mixing model. The sensor signals in this case are
given by

x1ðtÞ ¼ a11ðtÞ � s1ðtÞþ � � � þa1NðtÞ � sNðtÞþ x1ðtÞ

..

. ..
. ..

.

xMðtÞ ¼ aM1ðtÞ � s1ðtÞ þ � � � þaMNðtÞ � sNðtÞþ xMðtÞ;

where aij(t) are some unknown filters. This problem is
called multichannel blind deconvolution (BD). As in the
BSS case, the sources and the filters can be 1D, 2D, or 3D.
It is common to distinguish between the following cases:
M, N41 - multiple-input multiple-output (MIMO), which
is the most general setting; M41, N¼ 1 - single-input
multiple-output (SIMO); and M¼N¼ 1 - single-input sin-
gle-output (SISO). In image processing, the latter case is
sometimes simply referred to as blind deconvolution.

A particular setting of the MIMO BD problem is a
generalization of the instantaneous (delay-less) linear
BSS problem to the cases when the signal propagation
velocity is low. The filters model the delays in signal
propagation. Such a situation is common (e.g., when the
sources are acoustic signals). Often, in order to account for
acoustic effects like reverberation, the filters must be more
complicated than just delays.

The SISO BD problem develops in optical imaging
applications, where the source image is acquired through
scattering medium. The action of the medium can be
modeled as a linear shift-invariant (LSI) system and
described by convolution with some 2D filter (usually
referred to as the point spread function or PSF). The
source reconstruction requires one to undo the effect of
the convolution with the PSF. If more than one observa-
tion of the same source is available degraded by different
PSFs, the problem is formulated as SIMO BD.

Some theoretical methods and numerical algorithms
used for BSS can be generalized to BD problems. For
example, ML and QML estimators can be formulated in a
way similar to the BSS case. An emerging field is the
extension of SCA approaches to BD (10,11). In some cases,
the MIMO BD problem can be posed as an instantaneous
BSS problem. For example, in case of acoustic signals, P.
Smaragdis proposed the time-frequency domain ICA ap-
proach (18). The sensor signals are transformed into the
STFT domain

xiðtÞ !
STFT

Xiðt;oÞ;

where the convolutive mixtures are translated into in-
stantaneous ones, with a frequency-dependent mixing
matrix:

Xiðt;oÞ¼Ai1ðoÞS1ðt;oÞ þ � � � þAiNðoÞSNðt;oÞ:

Assuming that in narrow frequency subbands the filters
are approximately constant (i.e., that A is constant), the
BD problem can be formulated as a set of instantaneous
BSS problems in each subband. The difficulty in this
method is the permutation and scale ambiguity, which
must be resolved before the separated signals in each
subband are merged. Usually, some additional informa-
tion, such as the directivity pattern, is necessary for this
purpose (19).

8.2. Nonlinear Mixture

Nonlinear mixture is a generalization of the linear mixing
model. The mixing matrix A is replaced by an invertible
nonlinear mixing function A from RN to RM. The sensor
signals in this case are given by

xðtÞ¼AðsðtÞÞ:

A particular case when the nonlinear operator is applied
in a component-wise manner after linear mixing

xðtÞ¼AðA � sðtÞÞ

is referred to as post-nonlinear BSS. Typically, the non-
linear BSS problem is significantly harder than the linear
BSS. Several approaches, for example, based on correla-
tion maximization and kernel learning (20), were pro-
posed, yet the nonlinear BSS problem is still an open
research field.

9. APPLICATIONS

BSS techniques have been successfully employed in bio-
medicine (e.g., for the analysis of EEG, MEG, ECG, and
fMRI data). In these applications, the linear mixture
assumption is usually justified by the physical principles
of signal formation, and high signal propagation velocity
allows one to use the instantaneous mixture model (21).
Otherwise, nonlinear BSS or BD methods are used.

9.1. Electroencephalography (EEG)

The brain cortex can be thought of as a field of K tiny
sources, which, in turn, are modeled as current dipoles.
The jth dipole is characterized by the location vector rj and
the dipole moment vector qj. The electromagnetic field
produced by the neural activity determines the potential
on the scalp surface, sampled at a set of M sensors. Denote
the ith sensor location by r0i, and the potential it measures
by vi. The mapping from the neural current sources to the
measured scalp potentials fqj; rjg ! fvi; r

0
ig is usually

referred to as the forward model and the measured
potentials as the forward field. The forward model is
linear in the dipole moment q. As the propagation velocity
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of electromagnetic waves is very large compared with
head dimensions, zero propagation time can be assumed.
Hence, one can express the forward field at sensor j
because of dipole i as the inner product vij ¼gT

ijqj, where
gij¼gðrj; r0iÞ is the vector kernel or the lead field depending
on the geometry and the electromagnetic properties of the
head. By electromagnetic superposition, vj¼

P

i v
i
j. As-

suming T time samples of vðtÞ¼ ðv1ðtÞ; . . . ; vMðtÞÞ
T are

observed, the entire spatio-temporal forward model can
be expressed in matrix form as

v1ðt1Þ � � � v1ðtTÞ

..

. . .
. ..

.

vMðt1Þ � � � vMðtTÞ

0

B

B

B

B

B

B

@

1

C

C

C

C

C

C

A

¼

gT
11 � � � gT

1K

..

. . .
. ..

.

gT
M1 � � � gT

MK

0

B

B

B

B

B

B

@

1

C

C

C

C

C

C

A

�

q1ðt1Þ � � � q1ðtTÞ

..

. . .
. ..

.

qK ðt1Þ � � � qK ðtTÞ

0

B

B

B

B

B

B

@

1

C

C

C

C

C

C

A

;

or V¼GQ, where V is an M � T matrix of the measured
forward field, G is the M � 3K gain matrix, which is
assumed to be fixed in time, and Q is a 3K � T matrix of
current sources.

Typically, the number of sensors ranges from tens to
hundreds, and the number of dipoles K in a faithful
forward model is larger by several orders of magnitude.
As a consequence, the inverse problem (i.e., the problem of
determining the entire set of K current sources from the
measured forward field) is underdetermined; however,
many types of brain activity can be modeled as the
forward field from sets of spatially fixed (either localized
or widely spread around the cortical surface) concurrently
acting dipoles activated by temporally independent
sources. Makeig et al. were the pioneers in using ICA for
separation of such sources (22). ICA may determine what
temporally independent activations compose the collected
scalp recordings without specifying directly where in the
brain these activations occur. ICA has been shown parti-
cularly efficient for analysis of event-related potential
(ERP) data (23) and for removing encephalographic arti-
facts (24).

9.2. Magnetoencephalography (MEG)

Similar to EEG, the forward model in MEG is also
essentially linear. The sensors measure the vector of the
magnetic field bj around the scalp. The forward field at
sensor j because of dipole i can be expressed as bi

j ¼Gijqj,
where Gij¼Gðrj; r0iÞ is the matrix kernel depending on the
geometry and the electromagnetical properties of the
head. BSS can be used for separation of independent
temporal components in the same way it is used in EEG
(21).

9.3. Electrocardiography (ECG)

The mechanical action of the heart is initiated by a quasi-
periodic electrical stimulus, which causes an electrical
current to propagate through the body tissues and results
in potential differences. The potential differences mea-
sured by electrodes on the skin (cutaneous recording) as
a function of time is termed electrocardiogram (ECG). The
measured ECG signal can be considered as a superposi-
tion of several independent processes, resulting, for ex-
ample, from electromyographic activity (electrical
potentials generated by muscles), 50 Hz or 60 Hz net
interferences, or the electrical activity of the fetal heart
(FECG). The latter contains important indications about
the fetus health.

The transfer from bioelectrical sources to the electrodes
can be considered linear and delay-less because of the high
propagation velocity of electromagnetic waves. Cutaneous
ECG voltage recordings, v1ðtÞ; . . . ; vMðtÞ, measured at M
electrodes on the skin, are given as a superposition of N
electrical sources s1ðtÞ; . . . ; sNðtÞ:

v1ðtÞ

..

.

vMðtÞ

0

B

B

B

@

1

C

C

C

A

¼

g11 � � � g1K

..

. . .
. ..

.

gM1 � � � gMK

0

B

B

B

@

1

C

C

C

A

þ

s1ðtÞ

..

.

sNðtÞ

0

B

B

B

@

1

C

C

C

A

þ

x1ðtÞ

..

.

xNðtÞ

0

B

B

B

@

1

C

C

C

A

;

where xðtÞ stands for additive noise and gij are the transfer
coefficients (conductivity) from source j to electrode i. BSS
methods have been successfully used for separation of
interferences in ECG data. A particular success was
demonstrated in separation of a fetal ECG from a mother’s
ECG (25).

9.4. Functional Magnetic Resonance Imaging (fMRI)

The principle of fMRI is based on different magnetic
properties of oxygenated and deoxygenated hemoglobin,
which allows one to obtain a blood oxygenation level-
dependent (BOLD) signal. The observed spatio-temporal
signal q(r, t) of magnetic induction can be considered as a
superposition of N spatially independent components,
each associated with a unique time course bk(t) and a
spatial map sk(r). Each source represent the loci of con-
current neural activity and can be either task-related or
non-task-related (e.g., physiological pulsations, head
movements, background brain activity). The spatial map
corresponding to each source determines its influence in
each volume element (voxel), and is assumed to be fixed in
time. Spatial maps can be overlapping.

ICA has been successfully used to separate either the
independent spatial sources (26) or the independent time
courses. These techniques are usually known as spatial
and temporal ICA, respectively. In the spatial approach,
fMRI data qðr; t1Þ; . . . ; qðr; tTÞ acquired at T different times
can be considered as a superposition of N independent
source images s1(r),y,sN(r) mixed with different contribu-
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tions:

qðr; t1Þ

..

.

qðr; tTÞ

0
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B

B

B

B
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@

1
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C
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A
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..

. . .
. ..

.

b1ðtTÞ � � � bNðtTÞ

0

B

B

B

B

B

B

@

1

C

C

C

C

C

C
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�
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.
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0

B

B

B

B

B

B

@

1

C

C

C

C

C

C

A

þ
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.
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0

B

B

B

B

B

B

@

1

C

C

C

C

C

C

A

;

where xðr; tÞ stands for additive noise. In the temporal
approach, the observed data is considered as K time
signals qðr1; tÞ; . . . ; qðrK ; tÞ, consisting of linear mixtures
of N independent time courses b1ðtÞ; . . . ;bNðtÞ:

qðr1; tÞ

..

.

qðrK ; tÞ

0

B

B

B

B

B

B

@
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C

C

C

C

C
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. . .
. ..

.
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0
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B

B
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C

C

A

�
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..

.
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0
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B
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B
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;

where K stands for the number of voxels. Combined
spatio-temporal techniques maximize some measure of
independence over space and time simultaneously, with-
out necessarily achieving independence over either of
them separately (27). The main advantage of BSS techni-
ques over other fMRI analysis tools is that no need exists
to assume any a priori information about the time course
of processes contributing to the measured signals.
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1. INTRODUCTION

The main function of blood flow is to provide cells with a
constant supply of oxygen and nutrients whilst carrying
away waste substances such as carbon dioxide. Patterns of
flow in the major blood vessels and cardiac chambers can
provide insights into normal function and subsequent
changes in disease. In medicine, both invasive and nonin-
vasive techniques have been used to measure blood flow
for decades. The purpose of this chapter is to outline the
main techniques used in clinical blood flow measurement,
and the basic principles behind these techniques.

2. INVASIVE TECHNIQUES FOR FLOW MEASUREMENT IN
BLOOD VESSELS

Indicator dilution technique is one of the earliest methods
used for measuring regional blood flow or cardiac output.
The method uses indicators, such as radioisotopes, dyes,
and cold saline, injected into the blood vessel or the right
atrium and subsequently measures the concentration in
the region of interest over time. Stewart was the first to
use this principle to measure blood flow in 1897. He used
sodium chloride (NaCl) as the indicator, continuously re-
cording the increased conductivity caused by the NaCl,
allowing a measure of the delay time and dispersion of the
indicator. Subsequently, Hamilton expanded the ideas of
using appearance times to estimate blood flow. These the-
ories were later modified and developed to include detailed
indicator input functions for establishing the relationship
between the indicator dilution curve and blood flow (1,2).
The dyes used in the past include indocyanine and iodi-
nated contrast mediums for angiographic applications.
When radioisotopes are used, an external detector can
be used to measure the radioisotope washout. Thermodi-
lution techniques comprise an injection of cold saline in
the proximal part of the catheter with a thermistor
mounted at its tip. The thermistor can then be used to re-
cord changes in temperature over time and thus the indi-
cator clearance curve (2–4).

Quantitatively, the principle behind indicator dilution
techniques is Fick’s law of diffusion at steady state, which
relates the flow of a fluid to the indicator added per unit
time and the initial and measured concentrations, which
correspond to the arterial and venous flows, for example,

Q¼
A

ðCi � CoÞ
; ð1Þ

where Q is the flow in litres/min, A is the indicator added
per unit time in mg/min, and Ci and Co are the input and

output concentrations in mg/liter. This method can also be
used to measure volumes and cardiac output (2).

The electromagnetic flowmeter was introduced inde-
pendently by Wetterer in Germany and Kolin in the
United States circa 1936. Peppe and Wetterer successfully
measured the flow in the ascending aorta in 1940, and
Gregg et al. subsequently used electromagnetic flowme-
ters to measure flow in the coronary and other arteries. A
history of the development of the technique for blood flow
measurement is presented in Cappelen (5) and Wyatt (6).
Since then, electromagnetic flowmeters have been minia-
turized and mounted in diagnostic catheters. In general,
electromagnetic flowmeters can be used to measure flow in
vessels from 50mm to 1mm in external diameter (2,4,6),
and they are especially suited for reconstructive arterial
surgery and other surgical procedures. The basic physical
principle behind electromagnetic flowmeters is shown in
Fig. 1, where the magnetic force applied to the blood vessel
causes the moving charged ions in the blood to be de-
flected, producing an electric field E. Therefore, a voltage
difference exists between the two electrodes, and V¼Ed.
The velocity of the blood can be obtained by v¼E/B,
where E is the electric field produced by the ions moving
in the magnetic field B. The same relationship can be ob-
tained by looking at the balancing forces caused by the

B

B

E

�

Figure 1. Principle behind electromagnetic flowmeter. The mag-
netic field, B, causes moving charged ions in the blood to be de-
flected. This produces an electric field, E, which can be measured
directly with a voltmeter. The velocity of the charged ions can
then be calculated as the balance between the electric and mag-
netic fields, v¼E=B.

1
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electric and magnetic fields, for example,

FBþFE¼ 0

) qE� qvB¼0

) v¼E=B:

ð2Þ

The main disadvantage of electromagnetic flowmeters is
that they are invasive. Nevertheless, it is possible to leave
flowmeters attached to blood vessels after surgery for up
to a few days to monitor recovery. They cannot, however,
be left indefinitely as this can lead to sepsis and further
complications.

For measuring blood flow in the microcirculation, laser
Doppler velocimetry/flowmetry is a minimally invasive
method that has been in use for nearly 30 years. The
early work was mainly concentrated on retinal blood flow
because of the ease of access to the retinal circulation (7,8).
The method has since been extended to measure blood
flow in other tissues including the measurement of cere-
bral blood flow, ocular circulation (9), cutaneous blood flow
(10), and dental circulation (11). Another mode of opera-
tion of laser Doppler velocimetry allows a two-dimensional
(2-D) relative measurement of perfusion in tissues. Al-
though laser Doppler is the only modality that allows
measurement of the microcirculation at high temporal
resolution, only local measurements can be made and
they are prone to motion artifacts. In addition, it only al-
lows relative measurements of blood flow and perfusion,
thus arbitrary units of measurement must be used.

Through imaging, it is also possible to quantify in vivo
blood flow. Angiography allows the clinician to examine
blood flow by injecting a dye into the circulation and ob-
serving its progress through the cerebral or coronary cir-
culation, with x-ray imaging. Adding the ability to
measure the blood flow by using the traditional indicator
dilution method can further enhance the clinical value of
the technique. For angiographic applications, the indica-
tor dilution method is typically carried out by means of
iodinated contrast mediums. Angiography can also be
combined with intravascular flow velocity measurements
obtained with a Doppler ultrasound guidewire.

3. NONINVASIVE TECHNIQUES FOR FLOW
MEASUREMENT IN BLOOD VESSELS

Strain gauge plethysmography is a noninvasive method
for measuring peripheral blood flow. The method was first
described in 1909 by Hewlett and van Zwaluwenburg, but
was not applied routinely because of the equipment re-
quired. The first plethysmographs were water or air-filled
plethysmographs constructed of glass, brass, or other met-
als making them cumbersome to use (12,13). The devel-
opment of mercury in plastic strain gauges led to its use in
research and, subsequently, in routine patient use for as-
sessing blood flow in the peripheral circulation. Measure-
ment offlow is achieved by tying a strain gauge around the
limb under investigation. The strain gauge consists of a
stretchable tube of liquid metal such as mercury or in-

dium-gallium alloy. Changes in length as a result of blood
flow cause changes in the cross-sectional area of the liquid
metal leading to variations in the electrical impedance,
which can be easily monitored and recorded (3,14). An in-
flatable cuff can be used to interrupt venous return. As the
cuff is deflated, the changes in volume induce changes in
impedance in the strain gauge allowing measurement of
venous blood flow. This technique is termed venous occlu-
sion plethysmography (13).

An alternative to mercury strain gauge plethysmo-
graphy is to use an optical sensor, also known as photo-
plethysmography (15), which overcomes the
disadvantages of the mercury strain gauge: temperature
sensitivity, and corrosion of mercury sensor electrodes
leading to short storage times and the escape of free mer-
cury from broken sensors contributing to environmental
pollution. Optical sensors employ the principle of mode
coupling in optical fibers to measure changes in dimension
of the gauge. As for strain gauge plethysmography, this
allows direct estimation of blood flow.

Plethysmography has been used to measure blood flow
in the limbs for several decades. The clinical applications
of plethysmography are concentrated on the measurement
of peripheral circulation. Blood flow to the digits, mea-
sured using photoplethysmography, has been used exten-
sively for investigating endothelial function (13,16–18).
The technique is routinely applied clinically to monitor
blood pressure in patients and can be used for ambulatory
monitoring of hypertensive patients. Strain gauge
plethysmography is especially useful for examining blood
flow in the arms and legs and has found applications in
measuring muscular blood flow and venous blood flow (19–
21). A review of the research and clinical applications of
venous occlusion plethysmography is given by Wilkinson
and Webb in (13).

4. NONINVASIVE IMAGING TECHNIQUES FOR
MEASURING FLOW IN BLOOD VESSELS AND CARDIAC
CHAMBERS

With recent advances in imaging technologies, blood flow
in the major blood vessels and chambers of the heart is
now measured noninvasively on a routine basis with
Doppler ultrasound and CMR imaging. Laser Doppler
perfusion imaging, which permits an assessment of rela-
tive perfusion of the skin, has also been extensively used
for direct measurement of blood flow.

4.1. Doppler Ultrasound Flow Imaging

Doppler ultrasound can be used to measure blood flow in
real time, allowing the assessment of stenoses, cerebral
blood flow, and even muscle velocities. The acoustic win-
dows available into the body, however, restrict Doppler
ultrasound, and the measurement of velocity is affected by
the angle of inclination of the transducer to the blood ves-
sel or cardiac chamber. Another limitation is that only the
velocity parallel to the beam can be measured. Neverthe-
less, ultrasound is relatively inexpensive and portable,
which can be a significant advantage in a clinical envi-
ronment.
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Doppler ultrasound employs the basic principle that as
an object emitting waves at a certain frequency moves in
relation to the observer, its frequency appears to change
which is easily observed by listening to the siren of a pass-
ing fire truck; as it comes closer, the siren is higher pitched
and as it moves away, the pitch becomes lower. This prin-
ciple can be applied to ultrasonic scans of moving tissue.
The transducer (i.e., emitter and receiver) is stationary,
but the reflector is moving, which gives rise to a shift in
frequency that is directly proportional to the velocity of
the moving reflector.

fd¼
�2vf0 cos y cosðd=2Þ

c
; ð3Þ

where v is the reflector’s velocity, f0 is the transmitted
frequency, c is the speed of ultrasound, y is the angle be-
tween the bisector of the transmitter and receiver beams
and the direction of the movement, and d is the angle be-
tween the transmitter and receiver beams as illustrated in
Fig. 2. If the movement of the reflector is away from the
transducer (i.e., positive), the shift in frequency is nega-
tive (i.e., it becomes lower). The angle between transducer
and receiver is usually small enough to reduce the expres-
sion to

fd¼
�2vf0 cos y

c
: ð4Þ

It should be noted that if y¼ 901, no Doppler shift occurs.
Consequently, to measure the velocity of the reflector ac-
curately, which in the case of blood is the red blood cell, the
transducer should be in line with the blood vessel of in-
terest or the angle between the vessel, and the transducer
should be known (2,22).

The two main types of systems that can be used to
measure blood flow velocities with Doppler ultrasound are
pulsed wave and continuous wave systems. Continuous
wave systems use separate emitter and receiver transduc-
ers, thus allowing continuous imaging of blood velocities.
Pulsed wave systems, on the other hand, use the same
transducer to send and receive the ultrasonic signal.
Pulsed wave Doppler allows depth resolution and can
therefore be used to measure flow in single vessels and
to measure velocity variation within blood vessels with
small sample volumes. Continuous wave Doppler, how-
ever, is simpler to use, less expensive, and does not have
the aliasing problems associated with pulsed wave Dopp-
ler systems (22). Doppler color flow imaging can be used to
map the mean velocity in the heart and blood vessels as a
color map onto 2-D anatomical images. Doppler velocity
information can be used to calculate two different hemo-
dynamic indices, the first being blood flow and the second
pressure gradients (23). Blood flow is calculated using the
measured velocity and the cross-sectional area of the blood
vessel, which can be obtained by using M-mode ultra-
sound. Pulsed and continuous wave Doppler also allow
direct pressure measurement by using the modified Ber-
noulli equation as follows:

DP¼ 4v2; ð5Þ

where DP is the pressure difference measured in mmHg
and v is the blood velocity measured in m/s.

Clinically, it is possible to estimate intravascular and
intracardiac pressures as an indicator of disease and dis-
ease severity (22–24). As an example, Fig. 3 shows aortic
pressure gradients measured in a patient with aortic
stenosis. The top figure shows the aortic (Ao) and left ven-
tricular (LV) pressures in systole during continuous cath-
eterization. The most common pressure gradient
measured during catheterization is peak-to-peak pressure
difference between Ao and LV. These, however, occur at
different parts of systole, with LV peak pressure occurring
earlier than Ao. The peak instantaneous pressure differ-
ence is an important physiologic quantity and is defined as
the maximum pressure difference between Ao and LV at a
given point in time, which is equivalent to the Doppler-
derived pressure gradient, as can be seen in Fig. 3, v¼ 5m/
s, corresponding to 100mmHg using Equation 5.

In practical clinical use, the Doppler system is usually
combined with a standard B-mode ultrasound scanner to
incorporate anatomical information with the flow infor-
mation to display a color map superimposed on an ana-
tomical image of the region. In the example shown in Fig.
4, velocities in red indicate flow toward the transducer and
blue indicate flow away from the transducer. The B-mode
ultrasound image also helps the operator locate the vessel
of interest and direct the beam accordingly (22,24). Dopp-
ler color flow imaging has found application in a range of
clinical settings, from measuring blood flow in the cardiac
chambers and major vessels (25,26), to opthalmological
(27) and oncological applications. In oncological imaging,
color Doppler ultrasound has found relevance in investi-
gating breast lesions, prostate cancer, ovarian cancer, and

Blood cell

Receiving
transducer

Transmitting
transducer

v

θ

δ

Figure 2. Principle of Doppler ultrasound imaging. Sound waves
emitted from the transmitting transducer hit the moving reflec-
tor, the blood cell, at an angle. The frequency of the reflected beam
is recorded by the receiving transducer, and the Doppler equa-
tions can be used to calculate the velocity of the blood cell. v is the
reflector’s velocity, y is the angle between the bisector of the
transmitter and receiver beams and the direction of the move-
ment, and d is the angle between the transmitted and received
beams.
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detecting metastases (28,29). Doppler ultrasound has also
shown potential in gynecological imaging, allowing the
uterine and ovarian blood flow to be examined (30). Color
Doppler ultrasound allows the clinician to examine pat-
terns of flow in the cardiac chambers and the major arter-
ies, allowing diagnosis of disease based on changes in the
normal flow pattern. Figure 4 shows a color Doppler image
of a patient with mitral regurgitation, the regurgitant flow
can be seen as the orange flow back into the left atrium.

Limitations of color Doppler ultrasound are as those for
conventional ultrasound, which include limited depth res-
olution, noise caused by speckle, and limited acoustic win-
dows into the body. In terms of flow measurement, the
major disadvantage is that only flow in a direction parallel
to the transducer can be measured. Its strength lies in the
high temporal resolution obtainable as compared with
CMR, allowing near real-time flow imaging with time be-
tween frames as low as 5ms. It is also portable and rel-
atively inexpensive, giving it a considerable advantage
over the expense of and dedicated space needed to house
CMR systems.

4.2. Blood Flow Measurement using CMR

Compared with Doppler ultrasound flow imaging, CMR is
more expensive but more versatile. The technique allows
any oblique plane in the body to be imaged, thus permit-
ting the alignment of the imaging planes with the blood
vessel of interest. Velocity can be measured in all direc-
tions, and a wide variety of complex flows, such as those
found in the cardiac chambers and curved vessels, can be
accurately quantified. CMR allows a great deal of flexibil-
ity as images are anatomically correct and different func-
tional and anatomical indices can be calculated. For
example, in cardiac CMR, a range of indices such as cham-
ber volumes, filling rates, and perfusion can be measured
in a single examination.

CMR techniques to measure blood flow were first de-
veloped in the early 1980s (31,32). The two main methods
for measuring blood flow with CMR are time-of-flight and
phase contrast. Time-of-flight methods are based on inflow
effects. Spins perpendicular to the vessel to be imaged can
be magnetically saturated, ‘‘tagged’’, and the time taken
for the tagged blood to travel a certain distance can be
used to calculate its speed. This method is routinely used
in CMR angiography. The phase contrast method employs

Figure 3. Doppler ultrasound measurements of
aortic gradients in a patient with aortic stenosis.
Top: Pressure gradients derived during continu-
ous catheterization where Ao is the aortic pres-
sure in systole and LV represents the left
ventricular pressure in systole. Bottom: Doppler
ultrasound measurement of velocities in the
aorta. The peak Doppler velocity corresponds to
the peak instantaneous pressure difference when
converted using the modified Bernoulli equation.
[Image courtesy Dr. P. Nihoyannopolous, Depart-
ment of Clinical Cardiology, Hammersmith Hos-
pital, Imperial College, London, UK.]

LV

LA

LV

LA

Figure 4. Color Doppler image of a patient with mitral regurgi-
tation. LV is the left ventricle and LA is the left atrium. The blue
is blood flowing into the LV, whereas the orange is the regurgitant
flow back into the LA. [Image courtesy Dr. P. Nihoyannopolous,
Department of Clinical Cardiology, Hammersmith Hospital, Im-
perial College, London, UK.]
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the inherent property of CMR to alter the phase shifts of
the spins*, and has become established for clinical appli-
cation in the major blood vessels and cardiac chambers.

4.2.1. Phase Contrast Velocity Mapping. The principle
behind phase contrast velocity mapping can be derived
from basic MR principles. It uses the fact that a spin mov-
ing in a gradient magnetic field will experience a motion-
related phase shift. The phase acquired by a particle can
be calculated from the zero and first moments of the gra-
dients applied. For stationary spins, the phase, f(t), is
given by the zero moment, Equation 6, and for spins mov-
ing at a constant velocity by the first moment, Equation 7.

Zero gradient moment:

fðtÞ¼ gr0

Z

GðtÞdt ð6Þ

First gradient moment:

fðtÞ¼ gv0

Z

tGðtÞdt; ð7Þ

where g is the gyromagnetic constant, G(r)¼ (Gx,Gy,Gz) is
the gradient magnetic field applied, r0 is the spatial posi-
tion of the spin, and v0 is the spin’s constant velocity (33).
The phase shifts associated with higher orders of motion,
such as acceleration, can also be calculated.

CMR sequences can be specially designed to exploit the
above phase shift effect by using a ‘‘bipolar’’ gradient (i.e.,
a gradient pulse that has two symmetrical lobes). Al-
though it may seem that this pulse achieves nothing,
this is only true for stationary spins. Moving spins ac-
quire a phase shift directly related to their velocity. This
relationship between the gradient applied and the phase
can therefore be used to measure the velocity of the mov-
ing spins. If a balanced bipolar gradient is applied before
image acquisition, stationary tissues will not experience a
net phase change. However, spins moving at a constant
velocity will experience a phase change that is directly
proportional to their velocity, as can be seen in Fig. 5 (34).
By subtracting the phase images from a scan with and
without the bipolar pulse, a direct measurement of the
velocity can be obtained, as shown in Fig. 6(b) (34).

The velocity sensitivity of a bipolar gradient pulse can
be easily derived using Equation 7 and Fig. 6(a) as follows:

fðtÞ¼ 2gv0GdD: ð8Þ

g, G, d and D are constant for any particular CMR se-
quence (34). Thus, the phase is directly proportional to the
velocity. The range of phase that is physically measured is
set to 2p, which allows the calculation of the velocity sen-
sitivity (venc) of the gradient applied, or alternatively, the
gradient needed to achieve a particular venc. The veloci-
ties in the region of interest to be imaged should cause

large phase shifts to be measured accurately. However, if
they are too large (i.e., greater than 71801), velocity ali-
asing will occur. To avoid this, the venc value should be
estimated before designing the CMR sequence. For pulsa-
tile flow, the sequence can be designed to have higher venc
during the period with higher velocities and a lower venc
during the period with lower velocities to record them
more accurately. For example, this would correspond to a
higher venc during systole and a lower venc during dias-
tole in a cardiovascular application. Another method that
can be used to extend the dynamic range of the velocity-
encoding sequence is to use phase unwrapping after image
acquisition, which can be performed in only the spatial
domain or both the spatial domain and temporal domain
(35). The method used by Yang et al. (35) allows the effec-
tive velocity sensitivity of the sequence to be increased
almost twofold, as illustrated in Fig. 7. Figure 7 (b, c, d, e)
show the flow images with and without the phase un-
wrapping in the descending aorta and the outflow tract of
the right ventricle. Figure 7(a) shows the corresponding
anatomical MR magnitude images. Figure 8 shows the
blood velocities recorded in the RV outflow tract, the de-
scending aorta, and the aortic root at the regions indicated
by the arrows A, B, and C. It can be seen that the sensi-
tivity of the velocity mapping sequence has been increased
twofold by using the phase unwrapping post-processing
technique, allowing much improved velocity accuracy.

4.2.2. CMR Sequence Design. Phase contrast velocity
mapping can be used with any type of CMR sequence as it
only requires the addition of a bipolar gradient pulse.
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Figure 5. Principles of CMR phase contrast velocity mapping.
The left-hand side shows that the initial gradient applied at Time
1 causes the same amount of phase shift in moving and stationary
tissues. However, when the second half of the bipolar gradient is
applied at Time 2, the phase of the stationary tissue returns to its
original position, but the phase of the flowing tissue does not,
which is because this tissue is now in a different spatial position
experiencing a reduced phase shift related to that position. This
phase shift is directly proportional to the velocity of the flowing
tissue (34).

*Spin is a fundamental quantum mechanical property associated
with any atom. In MR imaging, the received MR signal consists of
the contribution of spins of the hydrogen atoms from the water in
the tissue.
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However, standard spin echo sequences cannot be used for
CMR velocity mapping because of the outflow of blood by
the time the second 1801 pulse is applied. Thus, the most
common sequences are gradient-recalled echo (GRE) se-
quences with additional flow compensation [also known as
even echo rephrasing, motion artifact suppression
(MAST), gradient moment nulling, or gradient moment
rephrasing or refocusing (GMR)] to reduce signal loss
caused by intravoxel phase dispersion (33,34). In cardiac
imaging, velocity mapping sequences are usually ECG-
triggered, segmented GRE sequences. A segmented se-

quence encodes more than one line of data per cardiac cy-
cle to reduce the acquisition time. Cardiac imaging is
limited by superposition of respiratory motion on the nor-
mal motion of the heart, which can be circumvented by
using either breath-hold sequences or respiratory trigger-
ing. In practice, it is difficult to design breath-hold se-
quences for CMR velocity mapping as velocity mapping
requires one reference scan plus additional scans for each
velocity encoding direction, which means that up to four
scans may be required for each phase of the cardiac cycle.
Designing CMR velocity mapping sequences achievable in
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Figure 6. (a) The amplitude and timing of the bipolar gradient determine the velocity sensitivity
of the sequence. G is the gradient amplitude, d is the time between the middle of the two lobes of
the pulse, and D is the duration of the gradient. (b) The gradient waveforms used to produce a
velocity-encoded image and their corresponding magnitude and phase images. The velocity image
is obtained by subtraction of the reference (top) and velocity-encoded (bottom) phase images (34).
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Figure 7. Phase unwrapping for dynamic range extension for phase contrast velocity mapping.
Images (b, c, d, e) show the flow images with and without the phase unwrapping in the descending
aorta and the outflow tract of the right ventricle. Figure 7(a) shows the corresponding anatomical
MR magnitude images (35).
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a breath-hold either entails decreased spatial or temporal
resolution or using schemes such as ‘‘view-sharing’’ with
which data from adjacent time frames can be used to syn-
thesize in between time frames.

Typically, a nonbreath-hold flow study with three ve-
locity directions can require up to a fewminutes to acquire
per image. This limitation can be overcome by using rapid
CMR imaging techniques such as echo planar imaging
(EPI), spiral imaging, parallel imaging, and techniques
such as UNFOLD and kt-BLAST that exploit spatio-tem-
poral correlations of the cardiac structures. Techniques
such as UNFOLD allow a reduction in acquisition time by
unaliasing through Fourier encoding in the temporal do-
main (36–38). These techniques are only useful in imaging
applications where a series of images is acquired over
time, and thus are ideal for cardiac imaging. In terms of
sequence design, EPI and spiral imaging allow an image
to be acquired in a short period by covering a number of k-
space lines in a single cardiac cycle. Potentially, these
techniques could be combined with velocity mapping to
allow multidirectional flow data to be acquired in a single
breath-hold. Further enhancement in imaging speed can
be realized with the use of parallel imaging techniques,
which employ the sensitivities of the receiver coils to un-
wrap aliased images to speed up the acquisition (39–41).

To enable complete coverage of the cardiac cycle, con-
tinuous imaging can be carried out in conjunction with
restrospective gating, which involves recording the elec-
trocardiogram (ECG) trace and then extrapolating the
data back onto the cardiac cycle. It should be noted that
as the design of bipolar velocity encoding gradients does
not take into account higher orders of motion such as ac-
celeration, imaging of turbulent flow can lead to signal
loss. Interestingly, signal loss has proven to be useful for
visual assessment of cases such as mitral regurgitation
where the extent of the signal loss can help in visualizing
the regurgitant jet.

4.2.3. Clinical Applications of CMR Blood Flow Imag-
ing. The unique capability of CMR for examining detailed
blood flow in any region of the body makes it an ideal tool
for assessing a range of clinical conditions. It is useful for
examining velocities in the thoracic aorta as the vessel is
relatively large and CMR offers a multidirectional velocity
profile of the whole volume of the vessel (42,43). Thus far,
CMR has been used to study blood flow in all the major
blood vessels, such as the pulmonary arteries and veins,
and the caval veins (44).

Assessment of valvular disease can also be enhanced
with CMR velocity mapping. Regurgitant flow, such as
that found in mitral regurgitation, can be analyzed with
CMR velocity mapping (45–47). As mentioned earlier, the
turbulent regurgitant flow causes a signal void, thus pro-
viding a semiquantitative way of measuring the severity
of regurgitation (48,49). CMR is especially useful for ex-
amining congenital heart disease, as no physical assump-
tions are made when imaging the anatomy or function.
CMR velocity mapping has also become an essential tool
for the study of spatial and temporal patterns of blood flow
in the cardiac chambers. It is especially useful for assess-
ing flow pattern changes in the left ventricle in diseases
with ventricular remodeling such as dilated or hypertro-
phic cardiomyopathy.

CMR phase contrast velocity mapping can also be used
to compute relative pressures in the major vessels and
cardiac chambers. The Navier–Stokes equations for in-
compressible fluids can be used to compute the pressure
differences associated with blood flow (50,51). The method
has been validated against the gold standard of catheter
measurements and Doppler ultrasound (50,52). Figure 9
shows an example of the pressure field found in an aortic
aneurism calculated with CMR phase contrast velocity
mapping (50). Although this is not a routinely used tech-
nique, an online system could be developed to allow si-
multaneous pressure and velocity measurement within
the body using CMR velocity mapping. Finally, flow in the
coronary arteries has also been studied with CMR, but it is
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seen that the sensitivity of the velocity
mapping sequence has been increased two-
fold by using the phase unwrapping post-
processing technique, allowing much im-
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still a challenge because of the small size of the vessels
and their movement caused by cardiac and respiratory
motion (53–56).

4.2.4. Flow Field Visualization and Restoration. Al-
though CMR velocity mapping permits flexible multidi-
rectional flow information to be measured, direct
visualization and quantification of the flow data is of lim-
ited clinical use, which is because velocity is displayed as a
grayscale value for each pixel and the separate velocity
components can only be displayed one at a time. Thus, ef-
fective visualization and quantification of flow data has
been the subject of research for several years. The two
threads of the work center around the display of flow data
for easy clinical diagnosis and the quantification of flow
features that can aid in diagnosis. For visualization, two
popular methods are streamlines and ‘‘seeds’’ that drift
with the flow over time (57–59). Figure 10 shows an ex-
ample of visualization of blood flow in the dilated left ven-
tricle of a patient using the ‘‘seeds’’ method employed by
Yang et al. (57).

As mentioned earlier, one important application of
CMR velocity mapping is to examine blood flow in the
left ventricle. This application becomes increasingly im-
portant for heart disease involving myocardial remodel-
ing. It has been shown that significant differences exist in

flow pattern topology between normal subjects and pa-
tients with remodeled left ventricles. The difference is
manifested not only in general flow patterns, such as the
formation and propagation of vortices, but also in its dy-
namics over the cardiac cycle. Analysis of ventricular flow
data requires the extraction of critical points associated
with salient flow features, which can be tracked through-
out the cardiac cycle. Work is ongoing in developing algo-
rithms that allow accurate identification and tracking of
vortical features in 3-D flow data (60–62). Recent work
centered on tracking the vortices in ventricular blood flow
throughout the cardiac cycle has developed an effective
framework for the restoration, abstraction, and extraction
of flow features such that the associated dynamic indices
can be accurately tracked and quantified (61).

4.2.5. Future of CMR Blood Flow Imaging. Current
state-of-art CMR imaging is increasingly moving towards
real-time imaging to enable the analysis of physiological
changes in response to exercise or pharmacological stress.
Stress testing with exercise or pharmacological agents has
been proven to be a valuable tool for evaluating the prog-
nostic importance of functional abnormalities introduced
by coronary artery disease. Previous studies involving
CMR for stress testing were limited by the temporal av-
eraging nature of conventional velocity encoding se-

Figure 9. Pressure field in an aortic an-
eurism calculated from the MR velocity mea-
surements by using the Navier–Stokes
equations for incompressible fluids.

Figure 10. Visualization of blood flow using the ‘‘seeds’’ method. These images show blood flowing
into the left ventricle of a patient with a dilated left ventricle.
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quences, typically requiring several minutes for the ac-
quisition of each of the velocity components. Quantitative
systolic ejection indices of maximal acceleration, peak ve-
locity, and volume of blood ejected from the left ventricle
can be used to assess the functional significance of coro-
nary artery disease and inducible myocardial ischemia. In
order to have a more quantitative evaluation of dynamic
changes of the ventricular function related to stress, rapid
high-resolution imaging of flow and structural changes is
required, which can be achieved through real-time CMR
flow imaging techniques.

Real-time imaging sequences usually consist of EPI or
spiral imaging. Real-time EPI and spiral sequences can be
adapted to incorporate velocity mapping by adding the
necessary bipolar gradients (59,63), which allows the as-
sessment of real-time blood flow in the cardiac chambers
and major blood vessels. Despite the continuing improve-
ment of CMR imaging, velocity mapping techniques are
faced with the ultimate spatio-temporal resolution limited
by CMR hardware and physiological motion. One impor-
tant trend in the field is to integrate computational fluid
dynamics with the acquired flow data to enable visualiza-
tion of a complete 4-D (3-D plus time) flow field without
the need to acquire velocity scans of the whole heart
(64,65). CFD blood flow simulation has important appli-
cations in cardiac imaging as it allows the calculation of
flow indices that cannot be directly measured such as
mass transport, wall shear, and boundary flow layer. It
also allows the creation of flow fields at a far higher tem-
poral and spatial resolution than can be provided by flow
imaging. Furthermore, it permits the prediction of flow
parameters and evaluation of efficacy of surgical and ther-
apeutic measures. It is worth noting that CMR imaging is
not the only modality that can be used for this work. In-
traVascular UltraSound (IVUS), for example, can provide
an effective and practical solution for estimating endothe-
lial shear stress despite its invasiveness (66). As a general
trend for the assessment of cardiac and vascular flow, it
will become increasingly common to fuse data from differ-
ent modalities as each technology has its own advantages
in terms of resolution, accessibility, and the range of func-
tional properties that can be measured. The combination
of these techniques promises to provide an effective tool for
investigating the relationships between morphological
structure and the hemodynamic properties of flow.

5. DISCUSSION AND CONCLUSION

Blood flow measurement with CMR is an important com-
ponent of the ongoing interdisciplinary research towards
understanding the localized development and progression
of disease. Initiatives such as the Physiome Project are
working towards integrating all levels of information
available to us through technological advances, from ge-
netics to CMR imaging (67). The fusion of probabilistic
atlases of cardiac anatomy and functional models of the
heart with blood flow data is being pursued at several re-
search centers (65,67), which will allow a more complete
understanding of how all the different levels of physiolog-
ical function come together to produce an effective work-

ing human body. It also provides further insight into the
development of disease and helps in devising effective
means of treatment and prevention. The measurement
of blood flow in different regions of the body has become a
fundamental tool for diagnosis of disease. Improvements
of traditional techniques and the development of new
imaging techniques are now allowing the clinician access
to information hitherto unquantifiable. The cardiovascu-
lar system have been the focus of such research as both
morphological and functional information is readily avail-
able with techniques such as CT, echocardiography, PET,
and CMR imaging (67).
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1. INTRODUCTION

As blood is transported through the body, it undergoes
complex interactions with the cardiovascular system. Al-
though the blood flow patterns in healthy subjects provide
an efficient transport mechanism for oxygen and nutri-
ents, they can be severely compromised for those suffering
from disease. In some cases, small changes to the cardio-
vascular anatomy can have significant impact on the flow
patterns throughout the body. Because of the close cou-
pling between cardiovascular anatomy and blood flow, the
study of hemodynamic properties can provide great in-
sight into the localization and development of cardiovas-
cular disease. Flow pressure distribution, velocity, wall
shear stress, and flow topology are some important indices
that are of clinical interest. The development of modeling
and in vivo quantification techniques for the analysis of
these properties has been the subject of significant re-
search over the years.

Most early techniques for investigating cardiovascular
flow were based on in vitro experiments and theoretical
models. Approaches such as the Windkessel model and the
Womersley equations allowed the prediction of flow pa-
rameters with simplified vessel geometries (1). With the
introduction of in vivo flow imaging techniques (2–11), the
nature of blood flow can now be studied in greater detail
and in a subject-specific manner. Imaging modalities such
as Doppler ultrasound and magnetic resonance (MR)
imaging have permitted the acquisition of flow velocity
with extensive spatiotemporal coverage. Despite clear
clinical benefits, existing flow imaging techniques do
have certain limitations. The limited resolution and the
presence of imaging artifacts often involve extensive post-
processing steps for restoring the intrinsic flow distribu-
tions before reliable hemodynamic indices can be derived.
Over recent years, there has been a rapid surge of interest
in combining computational fluid dynamics (CFD) with in
vivo imaging techniques for studying interactions between
blood flow and vessel morphology (12–20). CFD gives the
ability to compute features/properties that cannot be mea-
sured, e.g., wall shear stress and mass transfer rate, but
are important to studies of atherosclerosis (21) or the de-
sign of vessel prostheses (22–24). Moreover, it can also
provide details of the flow that are often beyond the dis-
crimination of existing imaging techniques. This trend is
driven by our increased understanding of biomechanics,
maturity of computational modeling techniques, and ad-
vancement in imaging. CFD has traditionally been used in
aerodynamics and thermodynamics to perform simula-
tions controlled by the physical laws that govern the mo-

tion of fluids. Its application to blood flow modeling has
increased the scope of studying vessel-flow dynamics that
is far beyond what is provided by imaging alone.

Early techniques of CFD for blood flow simulation were
mainly based on simplified/idealized vessel geometries.
With the improvement of imaging techniques, the use of
patient-specific information for CFD has become increas-
ingly popular. At first, models of the arterial anatomy
were constructed from simple measurements taken from
x-ray angiograms. More recently, sufficient development
has been made to allow the simulation of arterial flows in
physiologically realistic models reconstructed from MR
(25–29) or ultrasound images (30). The approach of com-
bining CFD with patient-specific morphology and flow
captured with imaging has important clinical applications
particularly for the design of vessel prostheses (22–24). As
CFD is based on simulation rather than exclusively on
measurement, significant errors can be introduced from
numerical errors or inappropriate choice of boundary con-
ditions. It is therefore unsuitable to use it as a direct re-
placement for flow imaging. Instead, it is desirable to
exploit the principal benefits of each of these techniques.
In this way, the combination of imaging and simulation
will provide a unique and versatile tool for the study of
vascular morphology and flow. It is envisaged that subject-
specific CFD combined with imaging will have an impor-
tant role in improved design of vessel prostheses and in
assessing the efficacy of therapeutic measures.

2. STRUCTURAL MODELING

The principles of CFD are based on the Navier–Stokes
equations derived in the nineteenth century by the French
and English scientists M. Navier and Sir G. G. Stokes. The
equations provide the exact solution for the laminar flow
of a simple fluid. The first of these (Equation 1) represents
the conservation of mass under the assumption that the
fluid is incompressible. The second (Equation 2) expresses
the conservation of momentum for a Newtonian fluid. Al-
though these equations can be solved analytically in some
cases (31), most flow simulations require numerical ap-
proximation methods. Here, the equations are provided in
a form that is amenable to a numerical matrix solution.
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where U and p are the instantaneous fluid velocity and
static pressure at time t; r and m are the density and vis-
cosity of the fluid, respectively; and n is a unit normal
vector of the surface S enclosing the volume V. US denotes
the velocity of the surface S.
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The first stage of blood flow simulation involves the ac-
quisition of data that describe the anatomical structure.
For in vivo modeling, this process typically involves the
acquisition of a three-dimensional (3-D) image series cov-
ering the anatomical regions of interest. This imaging
process is then followed by a reconstruction stage that
creates a model representing the physical surfaces of the
flow domain. The accuracy with which the simulation can
be performed is largely dependent on the amount of detail
that can be incorporated into the model. The next stage is
the creation of a volume mesh that divides the flow do-
main into a large set of cells of similar topology and size.
The dynamic nature of the cardiovascular system makes
this one of the most challenging aspects of blood flow sim-
ulation. Following this stage, the boundary conditions that
specify the properties of the flow at the inlets and outlets
of the flow domain must be defined. Once the volume mesh
and the boundary conditions have been successfully inte-
grated, the simulation process can begin, which involves
the creation of a set of equations that link the properties of
the flow in each cell to those of its immediate neighbors.
These equations are then solved in parallel with an iter-
ative numerical algorithm. The solution typically consists
of a list of flow parameters for each cell. This information
can finally be reformatted to produce velocity maps, pres-
sure measurements, and parameters such as wall shear
stress.

2.1. Imaging

The motion of a fluid is highly sensitive to the shape and
dynamics of the surrounding anatomical structure. It is
therefore important to use subject-specific anatomical
data for detailed blood flow simulations. Such models
may be reconstructed from high-definition images ac-
quired with modalities that permit 3-D acquisition such
as computed tomography (CT) or magnetic resonance
imaging (MRI). The acquired data can be computationally
reconstructed into multiple two-dimensional (2-D) slices
that provide complete spatial coverage of the anatomy.
With CT, multiple transmitters and receivers may be used
to increase the imaging speed, which allows a set of slices
to be acquired within a single breath-hold, thereby reduc-
ing the overall duration of the examinations. The intro-
duction of 16- and 64-channel CT detectors has provided a
substantial improvement to both the imaging speed and
the resolution. Modern scanners are now capable of ac-
quiring complete temporal coverage of the heart with iso-
tropic voxels in under 10 cardiac cycles. Despite the high
accuracy and reproducibility that can now be achieved
(32) and further speed increases promised by the forth-
coming 256 channel detectors, the major limitation of CT
is due to its use of ionizing radiation and its reliance on
contrast agents for providing adequate signal variation
between cardiovascular structures. Furthermore, CT is
limited in its ability to quantify flow properties that are
important in patient-specific blood flow simulation.

MR imaging, on the other hand, is a noninvasive mo-
dality with no known side effects. It is more acceptable to
patients, especially when repeated examinations are re-
quired. In addition, the contrast between tissues is good

for most cardiac assessment techniques without the use of
contrast agents. The use of MR, however, can be unsuit-
able for patients with metallic implants, as the magnetic
fields and radio-frequency pulses that are required can
cause considerable heating in metals. Also, care must be
taken not to bring ferromagnetic objects near to the scan-
ner as they can be forcibly attracted by the strong mag-
netic fields. For morphological examinations, MR imaging
is often considered to be the gold standard against which
other modalities are validated, because of the high reso-
lution and definition of images that may be acquired and
its ability to provide complete spatial and temporal cov-
erage of cardiac vessels and chambers as demonstrated in
Fig. 1.

Cardiovascular MR (CMR) imaging is significantly
complicated by the continuous and complex motion of
the heart. This motion may be considered to be the com-
bination of three principal factors. First, the heart typi-
cally changes shape in a periodic fashion over the cardiac
cycle to fulfill its role as a cardiovascular pump. Second,
its proximity to the diaphragm causes its displacement
and deformation over the longer and less uniform respi-
ratory cycle. Finally, its location is affected by any overall
movement of the patient within the scanner. In combina-
tion, these three factors yield a rapid, nonperiodic motion
that presents significant challenges for cardiac imaging
and analysis.

Because of the large amount of data that is required to
generate each CMR image, it is common to build up im-
ages over multiple cardiac cycles. This approach uses car-
diac gating to synchronize the data acquisition to the
heartbeat of the patient. The heartbeat is typically mon-
itored by a set of three or four electrodes attached to the
chest. For each phase of a cine acquisition, a subset of the
data domain called k-space is acquired. Complete images
of k-space may then be constructed over a series of cycles.
This scheme is therefore also known as segmented k-space
acquisition. It relies on the assumption that the dynamic
morphology of the heart remains uniform across multiple
cardiac cycles. Although this assumption is not true for
patients with arrhythmias, it is sufficiently reliable to pro-
duce detailed images for most subjects. One major issue
related to electrocardiogram (ECG) gating is the difficulty
in acquiring late diastolic images, which has motivated
extensive research in the development of retrospective
gating techniques. Research has also been conducted in
the practicality of surface electrode ECG, particularly in
high-field and fetal cardiac imaging applications. It has
been demonstrated that it is possible to use data directly
acquired with MR to perform cardiac gating. For example,
an undersampled radial k-space acquisition has been used
to measure a real-time image-derived flow-gating wave-
form, from which the gating times are derived (33).

Unlike cardiac motion, respiratory-induced motion has
poor intercycle consistency, which makes gating at differ-
ent phases of the respiratory cycle particularly difficult.
For the measurement of respiratory motion, a reliable
marker strongly correlated to the motion of the heart is
required. Traditionally, methods of directly monitoring
respiration with a belt or bellows have been used (34).
An alternative method involves the monitoring of ECG
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demodulation, in which an optically coupled ECG sensor is
used to reduce interference from MR (35). Existing re-
search has shown that the diaphragm can have a range of
motion four to five times greater than that of the chest
wall (36). Because of the proximity of the heart to the di-
aphragm, the motion of the diaphragm can be used as a
sensitive measure of respiratory motion. MR navigator
echoes involve the acquisition of a signal from a column of
material running perpendicular to the direction of motion
based on a readout gradient along its length (37–40). The
application of a Fourier transform on the measured data
provides a well-defined edge that gives a scalar value of
respiratory position. The acquisition takes minimal time
and can be interleaved with the imaging sequence, which
allows a real-time measurement of respiratory position
throughout the acquisition, that is essential for prospec-
tive respiratory motion compensation.

Recently, many techniques have been developed to in-
crease the effective imaging speed and resolution of car-
diovascular MR. These techniques include parallel

imaging and the use of prior information. Parallel imag-
ing uses the spatial characteristics of the phase array coils
for minimizing the acquisition time. Thus far, several
techniques have been proposed. Most of them however,
are originated from the SMASH (41–43) and SENSE (44–
46) methods. SMASH is a partially parallel imaging tech-
nique that makes use of the multiple coils generally used
in MRI to encode Fourier lines in the spatial harmonics of
the receiver coil’s signals, which allows the recovery of
additional k-space lines in the postprocessing stage, re-
ducing the number of k-lines that are required and thus
increasing the efficiency of the imaging process. MR re-
ceiver coils have spatial variation in their sensitivity,
which for a standard circular surface coil is monotonic in
all directions with distance from the coil. The combination
of multiple coils may be used to create a sinusoidal spatial
sensitivity profile, and suitable modulations in the ampli-
tude of this can replace the phase or frequency encoding
normally produced by magnetic field gradients. The use of
prior information, on the other hand, exploits the redun-
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Figure 1. A demonstration of MR imaging planes that can be used for the creation of patient-
specific models of the heart. MR imaging can rapidly acquire high-definition cine images of an
arbitrary orientation. Shown here are images acquired using a TrueFISP sequence (echo time¼
1.1ms, repetition time 2.2ms, slice thickness¼8mm, pixel size¼1.4mm) on a 1.5-T scanner with
a peak gradient of amplitude of 30mT/m and slew rate of 200mT/m/ms. The first row shows images
acquired in the long-axis plane. The four-chamber view allows both ventricles and the atria to be
visualized. The oblique long-axis view portrays the inflow and outflow tracts of the LV. The short-
axis stack shown in the second and third rows is typically used for the assessment of cardiac mor-
phology as it allows complete spatial coverage of the heart. (LV¼ left ventricle, LA¼ left atrium,
RV¼right ventricle, RA¼ right atrium, A¼aorta).
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dancy of k-space values in representing the image or se-
ries of images, which is of particular importance when the
development of fast image acquisition is limited by hard-
ware constraints. For dynamic imaging, a variety of meth-
ods have been developed, which either exploit correlations
in k-space (partial Fourier, reduced field of view (FOV),
parallel and prior information driven, e.g., BLAST (47)), in
time (keyhole (48,49), view sharing and UNFOLD (50)), or
in both k-space and time (cardiac UNFOLD, k-t BLAST
(51)) also known as k-t space.

Another imaging modality that has an important role
in blood flow simulation is ultrasound (52), which is an
imaging modality that is showing considerable promise in
the field of subject-specific flow simulation. The technique
is based on the differential reflection of ultrasonic sound
waves at the interfaces of anatomical structures. It has
been developed from a one-dimensional scanning tech-
nique, in which an ultrasonic probe is used to measure the
time between the emission of a sound wave and its recep-
tion. With this technique, it is possible to calculate the
distance to the point at which a wave was reflected. As this
calculation occurs at the interfaces between tissues of dif-
ferent density, information regarding the underlying
structure of the anatomy may be retrieved. To construct
a 2-D image, piezoelectric crystals may be used to gener-
ate scanning patterns that allow the 2-D position of the
reflections to be deduced. The electronics required for sig-
nal emission and reception can typically be incorporated
within a handheld device. Because of its low cost, speed,
and accessibility, 2-D ultrasound is by far the most widely
used modality for general cardiac imaging. It has recently
been extended to permit the acquisition of dynamic 3-D
datasets. With this technique, the scanning probe is au-
tomatically rotated in relation to the patient, which allows
multiple imaging planes to be acquired. This process rep-
resents a huge development in terms of the accuracy with
which subject-specific models can be created with ultra-
sound. In the near future, it is likely that ultrasound will
play an increasingly important role in blood flow simula-
tion as its high temporal resolution makes it particularly
well suited to the modeling of the dynamic properties of
the mitral valve leaflets. For the detection and evaluation
of coronary artery disease, intravascular ultrasound
(IVUS) (53,54) has attracted significant interests. In clin-
ical practice, IVUS is most often used as an adjunct to
balloon angioplasty to detect dissection, stent underde-
ployment, stent thrombosis, and predict restenosis risk. It
is also used as an accessory to diagnostic angiography to
evaluate lesions of uncertain severity and to detect disease
that is not visible on a conventional angiogram. Another
invasive technique that is showing promise for deriving
vessel geometry in patient-specific modeling is rotational
x-ray angiography (55). This technique acquires x-ray im-
ages from multiple angles for computing the underlying
volumetric data.

2.2. Morphological Segmentation

The implicit representations of flow domains provided by
medical images are not sufficient for CFD simulation. To
extract the explicit anatomical structure, it is necessary to

delineate the boundaries of the vessels. Over the last 25
years, the segmentation of medical images has been a
widely researched area. The different techniques range
from manual methods to fully automatic approaches. For
many years, only those techniques that involved a large
degree of user interaction proved reliable enough to be
used in practice. Recently, with the continued improve-
ment of the quality of imaging hardware and segmenta-
tion techniques, it has been possible to rely on more
automated approaches.

One of the most widely used semiautomatic alterna-
tives to manual delineation is known as the active contour
technique (56,57). To create a dynamic 3-D model that is
suitable for CFD simulation, it is possible to apply this
technique to multiple timeframes and imaging slices. The
method involves the rapid manual delineation of an ap-
proximate border, followed by the automatic deformation
of the contour to its true position. The deformation process
involves taking into account the surrounding image fea-
tures and the curvature of the contour. The technique may
be formulated as an energy minimization problem in
which high curvature and poorly defined image gradients
correspond to high energy.

The active contour method can be problematic when
applied to cardiac delineation. Significant errors can be
introduced when delineating complex edges such as the
papillary muscles and trabeculations of the endocardial
border. In addition, the technique cannot accurately iden-
tify poorly defined boundaries, which can be problematic
in areas with strong partial volume effects such as those
near the apex where acute tapering of the ventricular wall
makes the identification of the endocardial and epicardial
borders difficult. As a result, most implementations re-
quire a human operator to verify the quality of each con-
tour and to correct those that are inadequate.

Balloon expansion (58) is an extension of the active
contour model based on the geometric deformation of a
sphere until it reaches the desired cardiac boundaries.
Similarly, the method is formulated as the minimization of
a cost function that constitutes both internal and external
constraints. The first of these provides the expansion of
the model similar to the filling of a balloon with air; the
second limits expansion in regions of well-defined image
features; and the final component constrains the morphol-
ogy to limit its local deformation.

Active appearance models (59) may be used to provide
knowledge-driven automatic segmentation of medical im-
ages by taking into account statistical variations of the
anatomical structure across time and subjects (60). The
technique first requires an expert observer to manually
delineate tissue boundaries in a training set of images.
The resulting contours may be used to construct a model of
the average shape and the statistical appearance of the
anatomical structure. The basic active appearance tech-
nique only models the shape and appearance of objects in
2-D images, which does not use the full spatial and tem-
poral information that is available with CMR imaging. To
improve the reliability of segmentation, 3-D or 4-D models
may be constructed that capture the complete dynamic
morphology of the ventricle. Active appearance models
present a promising method for cardiac segmentation be-
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cause of their ability to cope with the statistical variability
in the shape and appearance of the anatomy.

The effectiveness of cardiac segmentation can be im-
proved by the incorporation of surface embedding tech-
niques (61,62). These create a one-to-one mapping
between the surface of a structure and a normalized 2-D
space. Shape-embedding techniques are designed so that
specific regions of the anatomy are consistently mapped to
particular locations within the normalized space. As such,
detailed statistical models of the shape and motion of
structures may be derived. The techniques have been
used to segment the four-chamber model of the heart
shown in Fig. 2a without user interaction.

3. MESH GENERATION

Although the laws that govern the motion of fluids within
simple domains have been extensively studied and are
well understood, the simulation of flow within a complex
geometry such as the cardiovascular system is a challeng-
ing task. If the domain was treated as a single entity, it is
infeasible that a set of equations could be constructed to
simulate the flow. For this reason, the domain is typically
divided into a large set of tetrahedral or hexahedral cells
through a preprocessing step called meshing. A list of
equations that govern the flow within each of these cells
can then be constructed. As the flow within each cell is
dependent on its surroundings, it is necessary to solve all
equations in parallel, which requires the solution of a set
of nonlinear partial differential equations using an ap-
proximate numerical approach such as the finite differ-
ence, finite volume, or finite element method.

The division of an arbitrary flow domain into a large set
of volumetric elements is possibly the most challenging
aspect of CFD simulation, because an interwoven set of
conditions must be stringently maintained. The first con-

dition is that every point of space within the 3-D domain
must be covered by only one cell. The second is that all
cells within the domain should have approximately the
same size. Finally, no cells should be extensively deformed
from the shape of a regular tetrahedron or hexahedron.
The most basic method used for this process is called
structured meshing, which involves dividing the flow do-
main into regular grids of cells. Alternatively, if the flow
domain has a complex topology, a more sophisticated tech-
nique called unstructured meshing may be employed.

3.1. Structured Meshes

A structured volume mesh typically comprises a large set
of hexahedral cells arranged in a regular lattice. This use
of a regular layout ensures that neighboring cells have a
similar size and orientation. Additionally, it promotes a
simple indexing scheme in which neighbors of each cell
can be readily identified. As demonstrated in Fig. 2, the
technique may be used to describe a wide range of mo-
rphologies. For simple objects that have the same topology
as a hexahedron, a single lattice structure can be used. For
more complex topologies such as cylinders (b), spheres (c),
or bifurcations (d) and (e), the flow domain can be broken
into a set of individual lattice structures. Using this so-
called block-structured approach, it is important to take
care of the interfaces between lattices. There must be an
equal number of cells on both sides of each interface, and
each pair of adjacent cells must share four vertices. For
many topologies, it is possible to use a standard layout
that ensures that these conditions are maintained.

3.2. Unstructured Meshes

Unstructured meshes represent a flexible alternative to
structured meshes for modeling objects with a complex
topology. A mesh is considered to be unstructured if it

(a) (c) (d) (e)

(b)

Inflow

Outflo
w

Figure 2. (a) A four-chamber cardiac model derived with the shape-embedding segmentation
technique. Models such as these can now be segmented automatically by using a statistical model
that captures the principal modes of variation of cardiac morphology. (b) and (c) An illustration of
how structured meshes may be used to represent the complete flow domain for simple object top-
ologies. (d) and (e) An illustration of how the dynamic morphology of the left ventricle can be
represented with structured meshing.
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contains an irregular arrangement of cells. In this situa-
tion, the cells cannot be referenced by a simple indexing
scheme. Instead, it is necessary to complement the list of
cells with a description of the connections between them,
which increases the overall complexity of the simulation
and requires additional computational storage and pro-
cessing. However, the lack of a regular structure does al-
low a wider range of topologies to be represented.
Furthermore, additional cells may be introduced in re-
gions where turbulent flow is expected such as near
boundaries and bifurcations, which can help to improve
the accuracy of the simulation.

Unstructured meshes are typically constructed out of
tetrahedral cells as these can be easily tessellated to cover
3-D space. Although it is theoretically possible to construct
any shape in terms of tetrahedra, in practice it can often
yield a computationally unfeasible number of cells or
highly distorted cells that are inappropriate for CFD cal-
culation. Unstructured mesh generation can typically be
broken into two main processes. The first of these pro-
cesses is the placement of vertices within the flow domain
so that they are relatively evenly spaced. The second is the
specification of the connectivity between the vertices en-
abling cells to be formed. There are a range of established
methods of unstructured mesh generation (63) including
Delaunay triangulation (64) and advancing front methods
(65).

3.3. Mesh Generation for Objects With Dynamic
Morphologies

The challenging process of mesh generation is complicated
if the morphology of the flow domain changes over time. It
is theoretically possible to generate both structured and
unstructured meshes for many such objects, but in prac-
tice the complications can be overwhelming. For dynamic
objects, it is necessary to divide the temporal dimension
into many discrete phases. For each of these phases, a
valid mesh must be generated. The difficulty is that a fur-
ther set of constraints must typically be placed on the
mesh generation process to resolve its dynamic properties.
The first constraint is that the number of cells within the
mesh must remain constant over all phases of the simu-
lation. The second is that the cells must be well connected
in both their temporal and their spatial dimensions, which
means that each cell must retain the same neighboring
cells over time and that each vertex must not undergo ex-
cessive displacement between phases. These constraints
have severely inhibited the development of a general-pur-
pose meshing strategy for dynamic objects. Several suc-
cessful techniques have been proposed for specific object
geometries such as dynamic deformed cylinders, spheres,
and bifurcations. These techniques have all been based on
structured meshes and have typically required a large de-
gree of manual supervision.

Out of the wide variety of meshing schemes that are
available (66–69), one of the most commonly used tech-
niques is based on the structured boundary conforming
mesh, which is generated by first defining a curvilinear
surface that encloses the flow domain. A smooth continu-
ous volume mesh is then constructed within its interior,

which may be performed algebraically with interpolation
of the boundaries. Alternatively, a more flexible but com-
putationally expensive technique involving the solution of
a set of partial differential equations may be applied.

4. BOUNDARY CONDITIONS AND NUMERICAL
SIMULATION

To obtain a unique solution to a CFD simulation, the
Navier–Stokes equations require boundary conditions to
be specified at all points on the outer surface of the fluid
domain (70). Three principal types of boundary conditions
are widely used. The first of these uses Dirichlet condi-
tions, in which the velocity at each boundary point is spec-
ified. These conditions are typically used at the inlet of a
fluid domain, so that the velocity of the inflow can be pre-
scribed. The second type relies on Neumann conditions, in
which the derivative of the velocity is specified instead of
its actual value. These conditions are typically used at the
outlet of a fluid domain so that the outflow velocity is de-
pendent on the flow simulation. For simplicity, a fully de-
veloped outflow is normally assumed, which has the
property that the acceleration of the fluid perpendicular
to boundary is set to zero. Finally, impermeable walls may
be represented by setting the velocity of the fluid relative
to the boundary to zero.

In terms of CFD calculation, blood flow may be consid-
ered to be 3-D, time-dependant, incompressible, viscous,
and laminar. Extensive work has already been performed
for such flows within the fields of aerodynamics and fluid
dynamics. The three most popular methods for this type of
flow simulation shall be discussed. These methods are
known as the finite difference, finite element, and finite
volume methods. All three techniques share some common
features and requirements. The first requirement is that a
set of equations is used to describe variables at a finite
number of points in the flow domain. The second is that a
set of starting conditions is required to initialize the time-
dependent simulation. Third, the values of variables must
be set at the boundaries of the flow domain.

4.1. The Finite Difference Method

The finite difference method (71) was introduced by the
eighteenth-century Swiss mathematician, Leonhard Eu-
ler. Although this technique was originally developed for
hand evaluation, it has become a widely used method for
numerical flow simulation. The technique uses a Taylor
series to build a set of equations that describe the deriv-
atives of the variables used. The derivatives are repre-
sented as the differences between the variables at discrete
points in space and time. The volume mesh is used by as-
signing an appropriate difference formula to each vertex.
These formulas relate the variables at each vertex to those
of its immediate neighbors, which generates a large set of
simultaneous equations that may be solved to deduce the
values of the variables. Using this method of flow simula-
tion, no guarantee exists that momentum andmass will be
locally conserved.
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4.2. The Finite Volume Method

The finite volume method (72) is an alternative technique
that can be used to construct and evaluate the partial dif-
ferential equations involved in blood flow simulation. It
was specifically developed to simulate heat transfer and
fluid flow while ensuring local volumetric conservation. It
is now probably the most widely used CFD technique. It
works by modeling the fluxes of small volumetric cells
within the flow domain and ensuring that they remain
constant for adjacent surfaces. One of the key benefits of
the technique is that it is easily applicable to both struc-
tured and unstructured meshes.

4.3. The Finite Element Method

The finite element method (73) involves the division of the
flow domain into several subdomains known as elements.
The variation of variables within each of these elements is
constrained. This piece-wise description is used to build a
picture of how the variables vary over the whole domain.
Depending on the severity of the constraints, the local
conservation of mass and momentum may be enforced to a
specified level. There is a fundamental difference between
the finite element method and the other techniques de-
scribed. Rather than producing equations that relate the
variables of neighboring elements, it generates equations
for each element independently, which means that the in-
teraction between elements is only taken into account in
the final stages of the simulation.

The finite element method is also different in the way
that it handles boundary conditions. In this framework,
the behavior of the boundary conditions must be built into
the element equations, which contrasts with the finite dif-
ference and finite volume methods where the boundary

conditions may simply be inserted into the solution ma-
trix. Finite element methods tend to be flexible as they
only produce numerical equations from data at known
points. Consequently, there is no restriction on how the
elements are connected so long as the faces of neighboring
elements are aligned. This technique is therefore ideally
suited for use with an unstructured mesh.

4.4. Simulation Output

The finite difference, finite volume, and finite element
methods for flow simulation are capable of generating 3-
D vector fields that characterize the velocity distribution
within the flow domain. These methods can be generated
with spatial and temporal resolutions that exceed those
possible with flow imaging techniques. An example simu-
lated flow field for the left ventricle is shown in Fig. 3. For
this simulation, a computer model of the flow domain (a)
has been constructed from a series of MR images acquired
with the same imaging planes shown in Fig. 1. The model
of the endocardial border of the left ventricle (LV) is con-
structed using the software LVtools (Cardiovascular Imag-
ing Solutions, London, U.K.) as the union of two
generalized cylinders that bifurcate to form the inflow
and outflow tracts. A block structured meshing scheme
has been used to provide a volumetric description of the
flow domain suitable for the finite-volume based CFD
solver, CFX4 (CFX international, AEA technology, Har-
well). Two orthogonal planes of a resultant diastolic flow
field are shown in (b) and (c). Blood can be seen passing
from the left atrium, through the mitral valve and into the
left ventricle. Although the simulations provide a useful
tool for investigating the relationships between cardiac
morphology and blood flow, the use of a simplified geom-
etry and the introduction of numerical inaccuracies dur-

Aorta
Left atrium

Left ventricle

(a) (b) (c)

A′
S′
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P′

P′
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Figure 3. (a) A left ventricular model prepared for CFD blood flow simulation. The dynamics of
the epicardial border and the motion of the valve planes may be incorportated into the simulation.
The anterior-posterior A0-P0 plane of the resulting simulated flow is represented in (b), and the
inferior-superior I0-S0 plane is shown in (c). The flow field is shown for a diastolic phase of the
cardiac cycle with blood flowing through the mitral valve into the left ventricle.
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ing simulation mean that the resultant flow fields cannot
be assumed to be an accurate depiction of the in vivo flow.
To remove this limitation, it will be necessary to develop
modeling techniques that can represent the complex mor-
phology of the endocardial surface and advanced meshing
schemes that can handle the resulting flow-domain top-
ologies.

Flow simulations can be highly sensitive to changes in
the prescribed boundary conditions. For this reason, it is
important that the boundary conditions are specified with
as high an accuracy as possible. Figure 4 shows example
simulations performed using the same flow-domain mor-
phology, but with four different inflow areas at the mitral
valve. It is evident that small changes to the inflow con-
ditions can have significant effects on the resultant flow
fields, which signifies the importance of defining the
boundary conditions with a high level of accuracy, partic-
ularly for time-varying dynamic structures. It is therefore
necessary to optimize morphological and flow imaging
techniques so that detailed information about the dynam-
ics of the inflow region can be acquired.

In the case of the left ventricle, it is not likely that fully
realistic flow simulations will be possible until all key fea-
tures of the ventricular anatomy are incorporated into the

simulated flow domain, which is a challenging modeling
task that involves detailed segmentation of the papillary
muscles, trabeculations, and valve leaflets. In addition to
this, the subsequent meshing process will require the de-
velopment of sophisticated algorithms that can produce
valid volume meshes for time-points throughout the car-
diac cycle. The combination of these challenges means
that CFD blood flow simulations are unlikely to be applied
in a clinical setting in the near future. Despite this, the
measurements that can be derived provide a unique and
powerful research tool for the investigation of in vivo
hemodynamic properties.

4.5. Coupled Modeling

Although it is possible to simulate many aspects of cardiac
mechanics and flow, it remains difficult to simulate the
interactions between the two. Such simulations require
detailed knowledge of the tissue properties of the wall as
well as sophisticated numerical algorithms to solve the
coupled fluid and solid equations (74). In the wider field of
computational mechanics, there has been a considerable
effort to solve this type of problem. There are three main
approaches to solving a coupled simulation. The first is
based on a simultaneous solution, the second on an iter-
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Figure 4. A demonstration of the sensitivity of CFD blood flow simulations. The diagram shows
the results of four ventricular flow simulations (Pa - Pd), each with different inflow boundary con-
ditions. It can be shown that by making small adjustments to the area of the inflow pressure
boundary, the resulting flow fields can vary dramatically. As a consequence of this high level of
sensitivity, it is essential that physiologically accurate cardiac models are used as the starting
point for flow assessment.
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ative one, and the third is based on a hybrid technique.
The simultaneous and hybrid approaches require the
equations for both the wall and the flow to be solved si-
multaneously. As this is not catered for by conventional
CFD packages, use of these approaches has been limited.
The iterative approach is different because the fluid and
wall equations are designed to be independent of each
other. The iterative process is then performed to provide a
loose coupling between the equations. This technique fits
into the framework of a variety of existing CFD packages.

Figure 5 is an example of blood flow simulation using
coupled modeling. In this study, a detailed model of the
carotid bifurcation was derived using in vivo MR imaging.
An iterative algorithm was employed to simulate the flow
and wall parameters independently, couple the results to-
gether, and modify the morphology of the flow domain
ready for the next iteration. The CFD code CFX4 (CFX
international, AEA technology, Harwell) using the finite
volume method was used in combination with a the finite
element simulator ABAQUS (Hibbit, Karlsson and Soren-
sen Inc., Pawtucket, RI) for the wall. The combined tech-
nique allows the investigation of the interactions between
flow and wall mechanics with the derivation of instanta-
neous flow fields (a) and parameters such as wall shear
stress (b) and wall tensile stress (c).

5. FUTURE DIRECTIONS

Blood flow simulation is a growing research area that is
likely to take many years to mature. At present, simula-
tions tend to be based on simplified models of the anatomy.
As such, it cannot be expected that the resultant flow
fields are fully realistic. Although it is possible that the
overall flow topology can be derived, measurements that
are dependent on detailed flow patterns cannot yet be as-
sumed to be accurate. To secure the use of CFD as a prac-
tical clinical tool, it is necessary to make improvements to
all processes involved including imaging, modeling, mesh-
ing, and simulation. In addition, it is important to form a
stronger relationship between blood flow imaging and
CFD to enable detailed validation.

The key areas in imaging that require improvement are
the imaging speed, the temporal and spatial resolution,
and the contrast between different tissues. As most scan-
ning techniques involve a tradeoff between these different
properties, it is difficult to envisage how they can be si-
multaneously achieved. That said, the increasing use of
parallel imaging coupled with k-space sharing techniques
being developed for MR imaging will greatly improve the
scan efficiency. Because of the general demand of more
accurate and reproducible cardiac and vascular assess-
ment, it is likely that we will see an increase in the num-
ber of temporal 3-D acquisition sequences that are
specifically designed for anatomical model reconstruction.

In terms of modeling, there are many ways in which
existing techniques could be improved. Primarily, the level
of detail that is extracted could be increased substantially.
As an example, it would be possible to extend existing
cardiac modeling schemes to incorporate finer anatomical
details such as the valve leaflets, papillary muscles, and
trabeculations. In this respect, modeling schemes are not
making full use of the resolution that is provided by mod-
ern imaging strategies. One key difficulty in this area is
the development of fully automatic delineation schemes.
Although this area has received considerable research in-
terest over the last 25 years, only recently has image qual-
ity been sufficiently high to yield reliable and reproducible
results.

Probably the greatest challenge in developing a practi-
cal tool for blood flow simulation is that of mesh genera-
tion. Existing schemes for dividing a flow domain into
uniformly sized and shaped cells is well developed for
static morphologies but limited for dynamic ones. The ul-
timate goal of being able to provide fully automatic mesh
generation for arbitrary dynamic objects is still a distant
prospect. As it is difficult to see how the division of an ar-
bitrary flow domain could be performed using structured
meshing, it is likely that solutions will be based on an un-
structured meshing scheme that uses temporal con-
straints.

Validation is critical to the wider usage of CFD for blood
flow simulation. Before the technique can be used for clin-
ical studies, it must be validated quantitatively with in
vivo flow imaging. One interesting possibility is that data
from flow imaging could be used to constrain the CFD
calculations, which would ensure that the overall flow
patterns were accurate, whereas CFD would permit the

5.0 Nm−2

(a) (b) (c)
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6.5 × 104 Nm−2

0.0 Nm−2

Figure 5. (a) A blood flow simulation of the carotid artery using
coupled modeling, which involves the simulation of the two-way
interactions between the wall of the vessel and the blood flow. The
basic form of the vessel is derived using in vivoMR imaging and is
used as a starting point for the morphology of the flow domain.
The flow simulations have the capacity to modify the wall struc-
ture as well as the hemodynamic properties. (b) and (c) Wall shear
stress and the wall tensile stress may be calculated from the sim-
ulated parameters.
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investigation of detailed patterns and parameters that
cannot be measured directly. Another important issue is
that of statistical modeling. It is desirable to know the
principal ways in which flow varies for normal subjects
and across different patient groups. By using such a sta-
tistical model, it will become possible to derive the severity
of flow patterns by comparing them with an extensive flow
database.

Over the next decade, it is likely that we will see a
change in focus throughout biomedicine. Although most
previous work has been directed toward the diagnosis and
treatment of disease, it is envisaged that the emphasis will
gradually be shifted toward the early identification of dis-
ease. CFD promises to be valuable in reaching this goal. It
provides us with a powerful tool for predicting changes to
the cardiovascular and vascular systems before they oc-
cur. With the capability to foresee hemodynamic changes,
our ability to combat disease will be dramatically en-
hanced.
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BLOOD OXYGEN SATURATION
MEASUREMENTS
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The percentage of hemoglobin bound with oxygen is
termed the blood oxygen saturation (SO2), which is called
SvO2 in the venous circulation and SaO2 in the arterial
circulation (1). SO2 is a vital indicator of a patient’s health,
considering that a human being cannot survive for a pro-
longed time without a constant oxygen supply to the brain.
It has to be measured in the general ward, operating room,
intensive care unit, emergency department, patient trans-
port, birth and delivery, and neonatal care. In some clin-
ical applications, like anesthesia in a surgical procedure, it
is a mandatory vital sign measurement.

Lower blood oxygenation (hypoxemia) would result in
the onset of lower tissue oxygenation (hypoxia) and can
lead to tissue damage. However, the recognition of the
presence of hypoxemia by the human eye is rather poor.
Normally, when red blood cells pass through the lungs,
more than 95% of their hemoglobin is saturated with ox-
ygen. In cases of lung disease or other types of medical
conditions, fewer of the red blood cells carry their usual
load of oxygen and oxygen saturation will be lower than
95%.

Blood hemoglobin oxygen saturation can be measured
in two ways: chemical and optical. Before the establish-
ment of optical methods, the common practice for reliable
measurement was to draw blood from patients and to an-
alyze the samples at regular intervals—several times a
day, or even several times an hour—using large hospital
laboratory equipment. The blood gas analyzer is one of the
commonly used in vitro analysis instruments. The break-
through of blood oxygen saturation measurement came in
the mid-1970s when pulse oximetry was designed for in
vivo measurement. Oximetry is a general term that refers
to the measurement of blood oxygen saturation. Optical
techniques are usually applied. Such measurements de-
pend on the light-absorbing properties of the different
forms of hemoglobin.

1. BIOCHEMICAL BASIS OF BLOOD OXYGEN
SATURATION MEASUREMENTS

Oxygen molecules that pass through the thin alveolar-
capillary membrane dissolve in blood plasma, and most of
these molecules quickly bind with hemoglobin. Hemoglo-
bin (Hb) is a protein that is contained in red blood cells. It
combines with oxygen in the lungs and delivers it to all
tissues requiring oxygen to maintain the viability of cells.
Every hemoglobin molecule contains four Feþ2 heme and
four globin units with each heme and globin unit having
the capacity to carry one oxygen molecule. When it is sat-
urated with oxygen, it appears red. When it gives up ox-

ygen, its color changes to dark red. This color change is
used in the application of oximetry (2).

Hemoglobin exists in several forms, most of which can
carry oxygen and therefore are referred to as functional
hemoglobins. When a hemoglobin is fully saturated with
oxygen (carrying four oxygen molecules), it is called oxy-
hemoglobin (HbO2); otherwise, it is called deoxyhemoglo-
bin (HHb). The functional oxygen saturation (functional
SO2) is determined by the percentage of concentration of
oxyhemoglobin to the total functional hemoglobin.

Functional SO2¼
cHbO2

cHbO2
þ cHHb

� 100% ð1Þ

Dysfunctional hemoglobin is defined as hemoglobin that
is incapable of carrying oxygen. Methemoglobin (MetHb),
carboxyhemoglobin (COHb), sulfhemoglobin, and car-
boxysulfhemoglobin are the four most common dyshemo-
globins. MetHb occurs when the iron is oxidized to the
ferric state (Feþ 3). Certain compounds, such as chlorates,
nitrates, and phenacetin, introduced into the blood can
cause this oxidation. Under certain physiological circum-
stances, the amount of MetHb is below 0.6% of the total
hemoglobin (3). Carboxyhemoglobin is hemoglobin bound
to carbon monoxide instead of oxygen. Carbon monoxide
binds to hemoglobin with an affinity of 210 times greater
than that of oxygen. Therefore, high levels of carbon mon-
oxide will reduce the amount of oxygenated hemoglobin,
leading to hypoxic injury to the brain, liver, and renal tu-
bules. In nonsmokers, the level of COHb is usually below
2% (4). The reaction of oxyhemoglobin with hydrogen sul-
fide produces sulfhemoglobin, and reaction of sulfhemo-
globin with carbon monoxide produces
carboxysulfhemoglobin. These two components are usu-
ally not significant in human blood.

The fractional oxygen saturation is determined by the
percentage of the concentration of oxyhemoglobin to the
total hemoglobin.

Fractional SO2¼
cHbO2

ctotal hemoglobin
� 100% ð2Þ

The amount of oxygen attached to the hemoglobin is re-
lated to the amount of oxygen dissolved in the blood,
which is represented by partial pressure of oxygen (PO2).
At the alveolar-capillary interface in the lungs, the PO2 is
typically high, and therefore the oxygen binds readily to
hemoglobin. As the blood circulates to other body tissue in
which the PO2 is low, the hemoglobin releases the oxygen
into the tissue because the hemoglobin cannot maintain
its full bounding capacity of oxygen in the presence of
lower PO2. The relationship between partial pressure of
oxygen and blood oxygen saturation is called the oxyhe-
moglobin dissociation curve.

Hemoglobin’s affinity for oxygen increases as succes-
sive molecules of oxygen bind to it. Hence the curve is si-
gmoidal or S-shaped. Many variables can affect
hemoglobin’s affinity for oxygen, and thus the position of
the curve. Decreasing concentrations of carbon dioxide, 2,
3-diphosphoglycerate, and hydrogen ions, decreasing tem-
perature, and increasing pH, increase hemoglobin’s affin-
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ity for oxygen, shifting the curve to the left. A left-shifted
curve implies that the hemoglobin molecules would be
more saturated at a lower PO2. Fetal hemoglobin, which
binds more readily with oxygen than adult hemoglobin,
also affects the curve. The effect of increasing pH on the
oxyhemoglobin dissociation curve is illustrated in Fig. 1.
In Fig. 2 (5), a typical oxyhemoglobin dissociation curve is
given. P50 is the partial pressure of oxygen at which 50%
of hemoglobin is saturated with oxygen. Point A repre-
sents normal 75% venous blood oxygen saturation (SvO2)
and point B a 90% arterial blood oxygen saturation (SaO2),
which corresponds to a partial pressure of arterial oxygen
(PaO2) of about 60 mmHg. Hypoxemia occurs when PaO2

or SaO2 is less than the value at point B.

2. REVIEW OF CHEMICAL METHOD

The Van Slyke apparatus was used clinically for measur-
ing the oxygen content of a blood sample. Oxygen, carbon
dioxide, and other gases are liberated from the blood sam-
ple by a releasing agent. Carbon dioxide and oxygen are
removed subsequently, and the pressures of the remaining
gases are measured by compressing them into the same
fixed volume, respectively. The difference between the two
pressures is PO2 in the blood sample, which is related to
the oxygen content (6). Oxygen content (CaO2) can be cal-
culated as follows,

CaO2¼ 1:36�Hb�SaO2%þ 0:0031�PaO2: ð3Þ

Hb is the hemoglobin with unit of gm dL� 1 and PaO2 is
the partial pressure of arterial oxygen with unit of torr.
The constant, 1.36, is the amount of oxygen (ml at 1 at-
mosphere) bound per gram of hemoglobin. The exact value
of this constant varies from 1.34 to 1.39, depending on the
reference and the way it is derived. The constant 0.0031
represents the amount of oxygen dissolved in plasma at 1
atmosphere. The dissolved oxygen term generally can be
ignored, but becomes significant at high pressures—as in
a hyperbaric chamber.

Alternatively, oxygen can be extracted from the blood
sample using the Van Slyke apparatus and analyzed by a
gas chromatograph. Although the Van Slyke technique
can provide results with accuracies of 70.03% (6) and has
been a standard for measuring blood oxygen in the past, it
required a highly skilled operator and was slow and labo-
rious by today’s standards.

Another commonly used and compact type of oxygen
analyzer is the Clark electrode. In 1954, Clark designed
his PO2 electrode, which uses the basic polarographic
principles of oxidation and reduction to measure the PO2

in a solution. The Clark electrode consists of a silver (Ag)
anode and a platinum (Pt) cathode in contact with an
electrolyte solution. In this system, shown in Fig. 3 (7), O2

diffuses from blood to the electrode and is reduced (elec-
trons lost according to equations):

Pt cathode : O2þ 2H2Oþ 4e� ! 4OH�

Ag anode : 4Agþ 4Cl� ! 4AgClþ 4e�:

Usually, a membrane is added to the polarographic elec-
trode, otherwise there would be many problems for blood
measurement. The potential applied to the polarizable
electrode is increased and the current increases until a
plateau develops (8). The maximum number of electrons
used in the platinum cathode reaction is proportional to
the PO2 present in the bath. Therefore, by measuring the
current between the two electrodes, the PO2 in the solu-
tion is determined.

The galvanic electrode is another polarographic method
introduced in 1975. It is similar in operation to the Clark
electrode, but the cathode is made of Ag, the anode of lead
(Pb), and the electrolyte solution is potassium hydroxide.
In this system, O2 is reduced at the Ag electrode while
oxidizing at the Pb electrode. The galvanic electrode has
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of the increasing pH at a constant temperature of 371C (2).
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no means to replenish the electrolyte solution in the elec-
trode because the anode and the cathode do not partici-
pate in the chemical reaction. Therefore, it has only a
limited lifetime, which depends on the PO2 and exposure
time (9). However, if the galvanic electrode is made with a
removable membrane, the electrolyte can be replenished.

3. REVIEW OF OXIMETRY

Oximetry measures the percentage of hemoglobin satu-
rated with oxygen by passing specific wavelengths of light
through the blood. The history of oximetry dates back to
the early 1860s. Using a spectroscope, a German Profes-
sor, Felix Hoppe-Seyler found that when blood was mixed
with oxygen, there was a change in light absorption. In
1929, Glen Allan Millikan, an American physiologist,
measured the color changes in the mixture of desaturat-
ed hemoglobin solutions and oxygen with a photoelectric
blood oxygen saturation meter. Photoelectric cells enabled
a more precise and immediate measurement of the light
intensity than previous methods. They were proved to be
crucial in the development of oximeters (10).

Significant advances were made in 1935, when Kurt
Kramer used only red light to show that its transmission
and absorption were dependent on oxyhemoglobin. In the
same year, Karl Matthes introduced the two-wavelength
ear saturation meter (5), which was the first in vivo in-

strument for continuous blood oxygen saturation monitor-
ing in humans. However, the sensor was so cumbersome
that its use, even as a trend monitor, was impractical (10).
In the early 1940s, Millikan developed a lightweight de-
vice for monitoring oxygen sufficiency in pilots at high al-
titude in unpressurized cockpits, and referred to this
device as an ‘‘oximeter’’ (8). Millikan noted that changes
in oxygen saturation had no effect on light transmitted
through a green filter, so this light could be used to sta-
bilize the oximeter. In 1948, Earl Wood at the Mayo Clinic
improved Millikan’s oximeter by including a pressure cap-
sule. Later, in the 1950s, Brinkman and Zijlstra developed
a reflectance oximeter. These instruments led to the use of
oximeters in clinical settings, but they required unique
settings and individual calibrations (10).

4. PRINCIPLES OF OXIMETRY

Spectrophotometry is the basis of all oximetry. A spectro-
photometer operates by passing a beam of monochromatic
light of intensity I0 at a particular wavelength through a
medium and measuring the intensity I of the transmitted
light. Measurement of the blood oxygen saturation using
spectrophotometry is based on Beer’s Law (1852, also re-
ferred to as Beer–Lambert’s Law):

I¼ I0e
�eðlÞ cd; ð4Þ

where eðlÞ is the extinction coefficient or molar absorptiv-
ity of the absorbing substance at a specific wavelength
with unit of L mol� 1 cm� 1, c is the concentration of the
absorbing substance with unit of mol L�1, which is con-
stant in the medium, and d is the light path length
through the medium. The unscattered absorbance (A) of
this process can be calculated from

A¼ � lnðI=I0Þ¼ eðlÞcd: ð5Þ

Beer’s Law is valid even when more than one light-ab-
sorbing substance is in the medium. The total light ab-
sorbance of n absorbing substances is the sum of their n
independent absorbances. Therefore, the unknown con-
centrations of n different absorbing substances in a homo-
geneous medium can be determined if n different
wavelengths are used to measure the light absorbance
and the extinction coefficients of these substances are
known.

Different hemoglobin species have different optical ab-
sorbances (Fig. 4). In the red region, HHb absorbs more
light than HbO2, and vice versa in the infrared region. The
extinction coefficients of both hemoglobin species are
equal at the isosbestic point (805 nm), where the absorp-
tion is independent of oxygen saturation.

5. THE CO-OXIMETER

The CO-oximeter is a specifically designed spectropho-
tometer for analyzing in vitro the concentrations of HHb,
HbO2, COHb, and MetHb. In 1966, Instrumentation Lab-
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Figure 3. Chemical reactions in a Clark Electrode (5).
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oratories released the first commercial CO-oximeter. By
subtracting the absorbance readings of the blank solution
from the absorbance readings of the hemolyzed plasma
sample at each wavelength, the CO-oximeter can give the
absorbance of the blood at each wavelength. From these
absorbances, the concentration of each type of hemoglobin
can be calculated. As the CO-oximeter is designed for four
types of hemoglobin, as few as four wavelengths are nec-
essary to make the calculation.

Any substances in the sample that scatter light affect
the measurements because the amount of transmitted
light does not solely depend on the light absorbed by he-
moglobin species. CO-oximeters use hemolyzed samples to
reduce the light scattering. Hemolyzed blood is a blood
sample with the red blood cell membranes removed. To
compensate for the errors caused by the presence of fetal
hemoglobin, bilirubin, and other absorbents in the sample,
some CO-oximeters use more wavelengths of light (11).

The CO-oximeter is one of the most accurate methods
available for measuring the four clinically relevant hemo-
globin species, although it can provide accurate readings
only for the instant at which the blood is drawn. In addi-
tion, CO-oximeters are used as a standard for calibration
of in vivo oximeters.

6. IN VIVO EIGHT-WAVELENGTH OXIMETER

Despite these developments, the oximeter remained an
impractical instrument to use until Hewlett-Packard (HP)
developed the HP 47201A eight-wavelength ear oximeter
in 1976. It was designed to be self-calibrating and claimed
to be unaffected by motion (12). This was the first in vivo
device for measuring blood oxygen saturation that did not
require the drawing of patient blood samples. An ear
probe was coupled through a fiber-optic cable to the oxi-
meter mainframe, which contained the light source and
receivers. The device heated the ear to ‘‘arterialize’’ the
capillary blood. The device had accuracy of 74% for the
range of 65–100% SaO2, but was rendered inaccurate in
the presence of jaundice, COHb, or skin pigments. Despite
these limitations, this device quickly became a standard

clinical and laboratory tool in pulmonary medicine. Al-
though Hewlett-Packard’s eight-wavelength oximeter was
considered an accurate device, its need for bulky fiber op-
tic-cables to carry the light source to the patient and the
transmitted light back to a light sensor made it impracti-
cal (13) (Fig. 5).

7. PULSE OXIMETRY

Pulse oximetry was developed in the early 1970s by Takuo
Aoyagi, while he was working in Nihon Kohden Corpora-
tion in Tokyo developing a noninvasive cardiac output
measurement, using dye dilution and ear densitometer.
He noticed a correlation in the difference between unab-
sorbed infrared and red lights and the oxygen saturation
and realized that an ear oximeter based on pulsatile light
absorbance could measure arterial hemoglobin saturation
without heating the ear (14). After several prototypes
were tested, Aoyagi and others delivered the first com-
mercial pulse oximeter, OLV-5100, in March 1974. In
1977, the Minolta Camera Company introduced the Oxi-
met MET-1471 pulse oximeter with a fingertip probe and
fiber optic cables (15). Later, Nellcor, founded by William
New from Stanford University and Jack Lloyd, produced a
microprocessor-based pulse oximeter, which did not need
any user calibration. It was smaller, less expensive, and
accurate enough for clinical applications (16). Some com-
pact and portable pulse oximeters available today are
shown in Fig. 6. Pulse oximetry differs from previously
described oximetry in that it does not rely on absolute
measurements, but rather on the pulsations of arterial
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Figure 5. HP ear oximetry. http://www.medical.philips.com
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blood. By taking advantage of the pulsatile blood volume
change, the pulse oximeter is able to eliminate the dis-
comfort caused by the measurement of oximetry, which
often required heating and squeezing of the tissue. The
SaO2 estimated by pulse oximetry is abbreviated as SpO2.

Two types of pulse oximeter probes exist. A transmis-
sion pulse oximeter measures the amount of light that
passes through the tissue on extremities such as a finger-
tip, toe, or earlobe. A reflectance pulse oximeter measures

the amount of light reflected back to the probe on the chest
or cheek. Both types use the same technology, differing
only in the position (2).

Pulse oximeters usually assume that no dysfunctional
hemoglobins exist in the arterial blood. As only two types
of hemoglobin, oxygenated and deoxygenated, are being
measured, two wavelengths of light, typically 660 nm (red)
and 940 nm (infrared), are necessary. Figure 7 schemati-
cally illustrates the series of absorbers in a living tissue
sample. At the top of the figure is the pulsatile or AC com-
ponent, which is attributed to the pulsating arterial blood.
Typical red and infrared AC components are shown in Fig.
8. The pulsatile expansion of the arterial wall produces an
increase in path length, thereby increasing the absorb-
ance. The baseline or DC component represents the ab-
sorbances of the venous blood, nonpulsatile arterial blood,
skin, tissue, and bone. The pulse oximetry traces the peak-
to-peak change at each wavelength and divides this
change by the corresponding DC component to obtain a
normalized absorbance that is independent of the incident
light intensity. It then calculates the ratio (R) of these
normalized AC amplitudes:

R¼
ACR=DCR

ACIR=DCIR
; ð6Þ

where the subscript R represents red light and the sub-
script IR represents infrared light. This ratio has been
shown to be a function of SaO2:

SaO2¼
eHHbðlRÞ � eHHbðlIRÞR

eHHbðlRÞ � eHbO2
ðlRÞþ ½eHbO2

ðlIRÞ � eHHbðlIRÞ�R

� 100%;

ð7Þ

where eHHbðlRÞ and eHbO2
ðlRÞ are extinction coefficients of

deoxyhemoglobin and oxyhemoglobin at the red wave-
length and eHHbðlIRÞ and eHbO2

ðlIRÞ are extinction coeffi-
cients of deoxyhemoglobin and oxyhemoglobin at the
infrared wavelength.

In actual use, commonly available light emitting diodes
(LEDs) are not monochromatic light sources; therefore,
the extinction coefficient for hemoglobin cannot be used

Figure 6. Compact portable and handheld pulse oximeters. http://www.sims-bci.com
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directly in a theoretical calculation. Furthermore, the the-
oretical calculation based on Beer’s Law is only approxi-
mately true. For example, the two wavelengths do not
necessarily have the exact same path length changes, and
scattering effects have been ignored. Therefore, this ratio
is converted to SpO2 via an empirical calibration curve.

Figure 9 is an example of a pulse oximeter calibration
curve. When the ratio R is one, the saturation is approx-
imately 85%. By analyzing the relationship between oxi-
meter R value and oxygen saturation obtained from blood
samples of human subjects with a CO-oximeter, the cali-
bration curve is obtained. During this process, subjects
breathe gas mixtures containing oxygen and nitrogen to
change the arterial oxygen saturation. As volunteers
should not be taken below 70% SaO2, calibration at levels
below this is by extrapolation. The Finger Phantom is an
alternative for in vivo calibration (17,18). Such a device
simulates the light absorption and arterial blood flow of
the human finger at different SaO2 levels.

The accuracy of pulse oximeters is usually assessed by
a CO-oximeter. A meta-analysis concluded that pulse oxi-
meters were accurate to within 2% in the range of 70–
100% SaO2, but failed to accurately record the true SaO2

during severe or rapid desaturation, hypotension, dyshae-
moglobinaemia, and low perfusion states (19). Finger
probes are accurate to within 0.2–1.7%, which is superior

to the values obtained using ear, nose, and forehead
probes (20).

8. LIMITATIONS OF PULSE OXIMETRY

Once the pulse oximeter became widely used, it became
clear that pulse oximeters did not work in all situations.
The most common causes of inaccuracies are patient mo-
tion and low patient perfusion at the sensor site. As the
pulse oximetry method relies on the pulsatile part of the
absorption, and the pulsatile part accounts for only 2–5%
of the whole transmitted signal and only 1–2% of the re-
flected signal (11), any movement of the patient (body
movement, such as seizures or shivering), sensor,
stretcher, or the transporting vehicle will give a false
reading. By their very nature, pulse oximeters require a
pulse of regular rhythm and a site with adequate perfu-
sion. The presence of vasoconstrictors, such as cold, fear,
hypothermia, and medications, can cause inadequate per-
fusion, therefore making it difficult to distinguish the true
signal from background noise. Other causes of an inaccu-
racies include the presence of an increasing amount of
dysfunctional hemoglobin, dark pigmentation, intrave-
nous dyes, interference from radiated light, and pulsatile
venous system (21,22).

All the above artifacts could cause false alarms. Several
approaches have been introduced to address this problem,
using alarm delay, averaging, median filtering, changing
the alarm limits, and synchronization with ECG. Figure
10 shows a pulse oximeter simultaneous display of the
electrocardiogram and the plethysmogram. When the
heart rate obtained from plethysmogram differs signifi-
cantly from that obtained from electrocardiogram, the
SpO2 may be erroneous and must be interpreted with
caution. Recently, Masimo introduced an innovative ap-
proach using signal extraction technology (SET) (23,24) to
extract the true signal from the artifact caused by motion
and low perfusion. Masimo SETs technology enables the
power of adaptive filters to be applied to real-time phys-
iologic monitoring with a proprietary technique to accu-
rately establish a ‘‘noise reference’’ in the detected
physiologic signal, thus enabling the direct calculation of
arterial oxygen saturation and pulse rate. As it is not
bound by a conventional ‘‘red over infrared’’ ratio ap-
proach, the Masimo SETs system substantially elimi-
nates the problems of motion artifact, lower peripheral
perfusion, and most low signal-to-noise situations, which
greatly extends the utility of SpO2 in high-motion, low-
signal, and noise-intensive environments (25,26).

9. MODELING OF PULSE OXIMETRY

The incident light passing through human tissue is not
split only into absorbed light and transmitted light be-
cause of the interaction between incident light and the
skin, tissues, and blood. The light is also reflected, re-
fracted, and scattered. With photoplethysmography, light
reflection at the skin surface and light absorbance because
of tissue other than the pulsating blood are overcome.
However, scattering caused by the skin surface, tissue,
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Figure 9. Typical pulse oximeter calibration curve (7).

Figure 10. A common interface of pulse oximeter. The upper
waveform is electrocardiogram and the lower one is plethysmo-
gram. The numbers on the left side: the upper one is SpO2 and the
lower one is heart rate. http://www.sims-bci.com
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muscle, and especially blood still affects the absorbance of
light. Several approaches have been taken to create mod-
els to find a relationship between SaO2 and the ratio R of
normalized absorbances for whole blood instead of hemo-
globin solutions only.

An analytical theory, based on electromagnetic field
theory, has been developed by Twersky to describe the
scattering of light by large, low-refracting, and absorbing
particles (27). The theory can be adapted for a special set-
ting and will provide accurate results, but once the phys-
iological conditions change, recalibration is required (2).
In this theory, absorbance described by Beer’s Law and
attenuation of light because of scattering are treated as
independent processes, and the total absorbance of whole
blood is the sum of these two processes.

Another modeling approach is photon diffusion theory
(28,29). Schmitt (28) examined the effects of multiple scat-
tering by comparing the results of the photon diffusion
analysis with those obtained using an analysis based on
Beer’s Law and found that the shape of the calibration
curve is affected by tissue blood, volume, source-detector
placement, and other variables that change the wave-
length dependence of the attenuation coefficient of the tis-
sue. Marble et al. (30) found that the three-dimensional
photon diffusion theory can be used to model tissue optics,
although pulse oximetry violates many of the require-
ments of this model. However, they concluded that this
theory could not replace clinical calibrations.

10. FETAL PULSE OXIMETRY

Pulse oximetry is used to monitor SaO2 of both the mother
and the fetus during childbirth. The fetal pulse oximeter
consists of a catheter that has an oxygen sensor at one end
and is connected to a display monitor at the other end. The
catheter is inserted into the vagina and moved past the
cervix so that the sensor rests against the scalp or cheek of
the fetus. Although the technology of conventional pulse
oximetry for adults is well established, fetal pulse oxime-
try is challenged by at least three substantial differences:
(1) sensor positioning is difficult because the fetus is not
readily visible or accessible to the clinicians; (2) the oxi-
meter must be capable of working with fetal pulses that
are generally much weaker than those of adults or chil-
dren; and (3) as the fetal blood oxygen saturation normally
varies between 25% and 70%, conventional emitting wave-
lengths and empiric calibration curves for adults cannot
be used in fetal pulse oximetry (31).

The sensor placement and attachment issue must be
dealt with before other issues can be addressed. All sen-
sors currently under investigation are placed on the sur-
face of the fetus’s head and are used to measure light that
is re-emitted from the illuminated tissues by optical fiber.
The fetal signals obtained with reflectance pulse oximetry
are typically one-tenth of the adult transmission pulse ox-
imetry signals, which is at the lower limit of signal accep-
tance for some commercial transmission pulse oximeters.
The fetal pulse oximeters use several ways to enhance the
signal processing. Fetal electrocardiogram is used to syn-
chronize the red and infrared pulses, a weighted moving

average of red-to-infrared ratio is calculated over several
heartbeats and pulse oximeter verifies if the red and in-
frared peak and trough are in phase with each other.

Pulse oximeters for adults and neonates develop wors-
ening accuracy as the SaO2 drops below 70%. Within the
normal breathing population, saturations below this level
are generally indicative of an unhealthy condition and
limited accuracy does not affect the clinical utility of the
system. In the fetal environment, a threshold value of
saturation separating healthy versus unhealthy is around
30%. Conventionally used wavelengths of 660 nm and
940 nm are not suitable for fetal pulse oximetry at low
saturation. Instead, the wavelength pairing of one from
the far-red region (735 nm) and one from the near-infrared
region close to 900 nm (890 nm) is employed (32).

The calibration of pulse oximetry for fetal use is more
complicated than the calibration of pulse oximetry for
adult or neonatal use, as the arterial blood samples can-
not be obtained from a human fetus. Animal experiments
have been suggested. However, unknown or uncontrolla-
ble physiological parameters cause large variations in the
calibration curve. Therefore, in vitro models have emerged
as a practical method for exploring accurate calibration at
low saturations (33).

11. RETINAL PULSE OXIMETRY

The unique transparency of the ocular media means that
the eye is the only area of the body where systemic blood
vessels may readily be observed. Oxygen saturation mea-
surement from retinal vessels offers some distinct advan-
tages over conventional pulse oximeter readings at
peripheral areas of body, such as the finger or earlobe
(34). First, the blood supply to the retinal arteries origi-
nates via the ophthalmic artery from the internal carotid
artery, which supplies the cerebral tissues. Thus a mea-
surement of retinal SaO2 will indicate the cerebral oxygen
saturation. Second, the retinal circulation, unlike periph-
eral blood flow, is not susceptible to arterial shutdown in
case of shock, hypothermia, and hypovolemia, where con-
ventional pulse oximeters fail to display any reading as
the peripheral pulse disappears. Finally, the measure-
ment of retinal arterial oxygen saturation may be of use
in the understanding and potential treatment of retinal
diseases.

Retinal pulse oximeters perform reflective measure-
ments from the retinal fundus (34). An incoherent, trifu-
rcated fiber-optic bundle, which is coupled to a haptic
contact lens, guides the light to and from the eye, which
enables the incident and reflected light paths to be coaxial
and allows all electrical connections to be remote from the
subject and the weight on the eye to be minimal. In this
application, aside from the absorption spectra, the scat-
tering at the erythrocytes in the blood must be taken into
account. Furthermore, the scattering and absorption prop-
erties of the embedding retina and the fundus layers be-
hind the vessel must be considered (35). Other
noninvasive measurements of retinal oxygenation include
calculation of the oxygen saturation from fundus photo-
graphs and imaging fundus spectroscope (36).
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12. SvO2 MEASUREMENTS

Venous blood oxygen saturation (SvO2) measurements can
be obtained oximetrically with appropriate catheters and
monitors. For example, SvO2 can be measured with a fiber
optic artery catheter, which is currently a useful monitor-
ing technique for the critically ill patient. These permit
minute-to-minute assessment of total tissue oxygen bal-
ance (i.e., the relationship between oxygen delivery and
oxygen consumption). Noninvasive measurement of SvO2

by a vibratory oximetry sensor has been proposed recently.
With an external perturbation cuff, this sensor can opti-
cally differentiate and localize the veins and arteries (37).

Several studies have suggested that SvO2 monitoring
may constitute a useful early warning of an impending
low-cardiac-output state, but it is worth remembering that
other causes of falling SvO2 exist apart from a reduction in
cardiac output. The determinants of SvO2 can be approx-
imately defined by the Fick equation:

SvO2¼SaO2 � VO2=ðCO� 13:9�HbÞ; ð8Þ

where CO is the cardiac output, VO2 is the oxygen con-
sumption, and Hb is the hemoglobin with unit of gm L� 1.
(This modified equation does not allow for the presence of
dissolved oxygen). The normal SvO2 at rest is 75%, which
indicates that, under normal conditions, tissues extract
25% of the oxygen delivered. When the SvO2 is less than
30%, tissue oxygen balance is compromised, and anaerobic
metabolism ensues. This condition should be viewed as a
medical emergency.

Blood oxygen saturation measurement by transmission
pulse oximeter has been widely used. Such measurement
requires a site, such as a fingertip or an earlobe, through
which light can be transmitted. When the circulation to
the fingertip or the earlobe is diminished during shock or
hypothermia, measurements fail. On the other hand, the
reflectance pulse oximeter can be applied to any portion of
the body, and thus it has potential for wider clinical ap-
plication. However, reflectance pulse oximeter for fetal
and retinal use is still under active development. Cerebral
oxygen sufficiency monitoring is another important area of
interest, which applies near-infrared spectrophotometry
(NIRS) (38).
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1. INTRODUCTION: PROBLEMS OF BLOOD
TRANSFUSION SYSTEM AND EXPECTATIONS FOR THEIR
SUBSTITUTES

Since the discovery of blood type antigen by Landsteinter
in 1900, allogeneic blood transfusion has been developed
as a routine clinical practice; it has contributed to human
health and welfare. Infectious diseases such as hepatitis
and HIV are now social problems, but a strict virus test by
nucleic acid amplification test (NAT) is extremely effective
to detect trace presences of a virus to minimize infection
(though it is available in few developed countries). Even
so, NAT poses problems such as detection limits during
the window period and limited species of viruses for
testing. Emergence of new viruses (such as West Nile
virus, avian influenza, Ebola, dengue) and a new type of
pathogen, prions, also threaten us. The preservation
period of donated red blood cells (RBCs) is limited to 3–6
weeks. Platelets can be preserved for only a few days.
Immunological responses (such as anaphylaxis and graft
versus host disease) and contingencies of blood type in-
compatibility further limit the utility of blood products. To
obviate or minimize homologous transfusion, the transfu-
sion trigger has been reconsidered, and roughly reduced
from 10 to 7–8 g/dl. Bloodless surgery and preoperational
enhancement of erythropoiesis for storing autologous
blood have become common. However, these epoch-mak-
ing treatments are not always practical for all patients.
Some developed countries with aging population are
facing a decreasing number of young donors and an
increasing number of aged recipients. On the other
hand, in some developing countries, establishment of a
safe blood donation system is difficult. Under such circum-

stances, research toward blood substitutes has gathered
great attention and has been developed worldwide (1,2).
In Japan, for example, the government has given strong
support to a spectrum of projects for development of blood
substitutes in the wake of two tragedies: the infection of
hemophiliac patients, who had received non-pasteurized
plasma products, by AIDS; and the Great Hanshin Earth-
quake disaster. In China, because of the lack of safe
transfusion, blood substitute R&D is a national project.

Blood is separable into two fractions after centrifuga-
tion: plasma and cells. The roles of all plasma components
are well characterized and their substitutes are already
established (Table 1). Especially, recombinant human
serum albumin (rHSA) will be commercialized soon in
Japan. On the other hand, substitutes for cellular compo-
nents—platelets and RBCs—are challenging (3). In this
chapter, we specifically examine artificial oxygen carriers,
which are substitutes for RBCs. The requisites for artifi-
cial oxygen carriers should be not only effectiveness for
tissue oxygenation, but also the following:

1. No blood type antigen and no infection (no patho-
gens);

2. Stability for long-term storage (e.g., over 2 years) at
room temperature for stockpiling for any emer-
gency;

3. Low toxicity and prompt metabolism even after
massive infusion;

4. Rheological properties can be adjusted to resemble
human blood; and

5. Reasonable production expense and cost perfor-
mance.

Realization of an artificial oxygen carrier will bring in-
novative change in transfusion medicine.

2. CHEMICALLY MODIFIED HEMOGLOBIN AS AN
OXYGEN CARRIER

Historically, the first attempt in the 1930s of Hb-based O2

carrier was to simply use stroma-free Hb because Hb in

Table 1. Roles of Blood Components and Their Substitutes

Fraction Components Substitutes*

Plasma (55 vol%) Plasma proteins Albumin (maintenance of blood
volume)

Plasma expanders (dextran,
hydroxyethyl starch, modified
gelatin, recombinant human serum
albumin)

Globulin (antibody) Antibiotics artificial immunoglobulin
Fibrinogen coagulation factors Fibrin adhesive recombinant

coagulation factors
Electrolytes and

other solutes
Naþ ,Kþ ,Ca2þ ,Mg2þ ,

Cl� ,HCO3
� ,HPO4

2� , etc.
Electrolyte infusion

Vitamins, amino acids, glucose,
lipids, etc.

Nutrient infusion (triglyceride, amino
acids, saccharides)

Cells (45 vol%) Platelets Artificial platelets
White blood cells None (antibiotics)
Red blood cells Artificial red cells (artificial O2 carriers,

O2-infusions)

*including the materials under development.

1
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RBCs binds and releases O2. However, several problems
became apparent: impurity of stroma-free Hb’ dissociation
into dimers that have a short circulation time; renal
toxicity; high oncotic pressure; and high O2 affinity. Since
the 1970s, various approaches have been developed to
overcome these problems, especially in the United States,
because of military use for infusion to combat casualties
(Fig. 1).

Materials included intra-molecular crosslinking using
dibromosalicyl fumarate (4) or pyridoxal 5’-phosphate,
polymerization using glutaraldehyde (2) or oxidized o-
raffinose (5), and conjugation with water-soluble polymers
such as polyethylene glycol (PEG), hydroxyethyl starch
(HES), and dextran (2). The source of Hb is mostly human
Hb purified from outdated donated human blood. An
industrial–scale production of human Hb-based O2 car-
riers requires a cooperation with blood banks, the Red
Cross, and hospitals to establish a collection system of
outdated donated RBCs. However, the amount is limited
due to the limited number of blood donors and the fact that
the hospitals are trying to use packed RBCs in a well-
planned manner to reduce the discarded packed RBCs.
Bovine or swine Hb can be a huge source obtainable from
the cattle and hogs industries. The absence of heterolo-
gous immune reaction and prion protein has to be guar-
anteed. Recent biotechnology enables production of
human Hb from transgenic swine blood. Moreover, a
large-scale production of reombinant human Hb mutants
as well as recombinant human serum albumin is possible
from E. coli or yeast that should not include any patho-
gens from humans and mammals. For all the cases, Hbs
should be strictly purified and free of pathogen via rigor-
ous purification procedure such as ultrafiltration, pasteur-
ization, irradiation, and solvent-detergent method (6),
because the dose rate is considerably large.

In some cases of chemically modified Hbs, their struc-
ture (acellular structure) is so different from that of RBCs
and caused side effects such as vasoconstriction (4). They
are presumably attributable to the specific affinity of Hb to
endogenous gas molecules, NO and CO, which are impor-

tant messenger molecules for vasorelaxation. Although
many companies have developed chemically modified Hb
solutions as a transfusion alternative for elective surgery
and trauma, some of them suspended clinical trials be-
cause of vasoactive properties. (See: ‘‘Clinical trials’’ in
another chapter).The fact that myocardial lesion is caused
by intramolecular crosslinked Hb (both chemically mod-
ified and recombinant Hb mutants) deters further devel-
opment of these Hb-based O2 carriers (7). Presently,
glutaraldehyde-polymerized bovine or human Hbs and
PEG-conjugated Hbs have progressed to the final stages
of clinical trials (Table 2).

OxyglobinTM, a polymerized bovine Hb produced by
Biopure Co. (Cambridge, MA), is now approved for veter-
inary use in the United States. This material can be stored
in a liquid state at room temperature for years because Hb
is stabilized by deoxygenation with addition of N-acetyl-
cysteine. A more purified product, HemopureTM, with a
narrower molecular weight distribution, is approved in
South Africa for treating adult surgical patients who are
acutely anemic and for eliminating, reducing, or delaying
the need for allogeneic red blood cell transfusion in such
patients (8). Because prion proteins are known to cause
mad cow disease (bovine spongiform encephalopathy:
BSE), the key is to collect safer bovine blood exclusively
from closed herds with well-documented health histories
and controlled access.

PolyHemeTM is a glutaraldehyde polymerized human
Hb developed by Northfield Laboratories Inc. (Evanston,
IL). Even though most chemically modified Hbs show
vasoconstriction, it is reported that PolyHemeTM does
not induce vasoconstriction (9). Information on this mate-
rial is more limited in the academic literature than for
other products. PolyHemeTM is now undergoing phase III
clinical trials designed to evaluate the safety and efficacy
of Polyheme when used to treat patients in hemorrhagic
shock following traumatic injuries. According to the com-
pany, this is the first trial of an Hb-based O2 carrier in
which treatment begins in the pre-hospital setting, such
as in an ambulance during transport.

Problems of Hbs
. Colloid osmotic pressure
. High Oxygen affinity
. Vasoconstriction
. Dissociation to dimers

(α2β2 → 2αβ)
Short half life

Renal toxicity 
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Ajinomoto Co. Inc. (Tokyo) first tested PEG-conjugation
to pyridoxalated Hb (PHPTM) (10); Curacyte AG (Chapel
Hill, NC) is continuously developing that material as an
NO scavenger. PHPTM has been demonstrated to reverse
the vasodilatation caused by excess NO produced by
inducible NO synthase. It resolves the hypotension asso-
ciated with septic shock. It has completed Phase II clinical
studies in distributive shock. Sangart Inc. (San Diego, CA)
has developed PEG-modified human Hb (HemospanTM)
with unique physicochemical properties: markedly higher
O2 affinity [P50 (partial pressure of O2 at which Hb is half-
saturated with O2) ¼ 6 Torr]; viscosity (2.5 cP); and colloid
osmotic pressure (55 Torr). It is effective for microcircula-
tion and targeted O2 transport to tissues (11). This mate-
rial is now in clinical phase II trials in Sweden. Even
though criticism exists that the O2 affinity is too high to
release O2 in peripheral tissues, a comparative study of
PEG-modified albumin indicated that Hemospan reliably
delivers O2 to tissues with no vasoconstriction or hyper-

tension (12). This reliability suggests that the appropriate
physicochemical properties for artificial O2 carriers should
not necessarily be merely equal to those of blood or RBCs
(13).

3. IMPORTANCE OF Hb-ENCAPSULATION IN RBC FOR
ARTIFICIAL RBC DESIGN

Physicochemical analyses have revealed that the cellular
structure of RBCs retards O2 release and binding of the
inside Hb in comparison with a homogeneous Hb solution
(14,15). However, nature has selected this cellular struc-
ture during evolution. Historically, Barcroft et al. insisted
that the reasons for Hb encapsulation in RBCs were (1) a
decreased high viscosity of Hb and a high colloidal osmotic
pressure, (2) prevention of the removal of Hb from the
blood circulation, and (3) preservation of the chemical
environment in the cells such as concentration of phos-
phates (2,3-DPG, ATP, etc.) and other electrolytes (1).

Table 2. Artificial Oxygen Carriers Currently Developed for Clinical Application

Products (Group) Composition Indication Present R&D Situation

PolyHeme (Northfield Labs.
Inc.)

Glutaraldehyde-polymerized
human Hb

Trauma Phase III (US)

Hemopure (Biopure Corp.) Glutaraldehyde-polymerized
bovine Hb

Elective surgery Phase III (US) approved in
South Africa

PHP (Curacyte AG) Pyridoxalated-human Hb, PEG-
conjugated

Septic shock Phase II (US)

Hemospan (Sangart Inc.) PEG-modified human Hb Elective surgery Phase II (Sweden)
Hemolink (Hemosol Corp.) o-raffinose polymerized human

Hb
Elective surgery Phase III, suspended

Oxygent (Alliance Pharm.
Corp.)

Perfluorooctylbromide emulsion Elective surgery Phase II (US) suspended,
R&D in China

Perftoran (Perftoran) Perfluorodecalin,
perfluoromethylcyclohe-
xilpiperidine, proxanol

Hypovolemia, elective
surgery

Approved in Russia

Hb-vesicles (Waseda-Keio-
Oxygenix-Nipro)

Phospholipid vesicles
encapsulating Hb,

Preclinical

Hemozyme (SynZyme Technol.) Polynitroxyl human Hb Preclinical
HemoTech (Hemobiotech Inc.) Bovine Hb conjugated with o-

ATP, o-adenosine and reduced
glutathione.

Preclinical

PLA-PEG Hb nanocapsules
(McGill Univ.)

Polylactide-PEG copolymer
nanocapsules with Hb and
enzymes

Preclinical

PolyHb-SOD-CAT (McGill
Univ.)

Copolymerized Hb with SOD and
catalase

Preclinical

Dex-BTC-Hb (Univ. Henri
Poincare-Nancy)

Dextran conjugated Hb Preclinical

HRC 101 (Hemosol Corp.) Human Hb and hydroxyethyl
starch conjugate

Preclinical

PEG-bHb (Beijing Kaizheng
Biotech Corp)

PEG-modified bovine Hb Preclinical

TRM-645 (Terumo Co.) Liposome-encapsulated Hb Preclinical
OxyVita (Oxyvita Inc.) Zero-link polymer of bovine Hb Preclinical

Albumin-hemes (Waseda-
Nipro Corp.)

Synthetic heme-albumin
composite

Preclinical

PHER O2 (Sanaguine Corp) Second generation Fluosol Preclinical
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Moreover, during the long development of Hb-based O2

carriers, numerous side effects of molecular Hb have
become apparent, such as the dissociation of tetrameric
Hb subunits into two dimers (a2b2-ab) that might induce
renal toxicity, and entrapment of gaseous messenger
molecules (NO and CO) inducing vasoconstriction, hyper-
tension, reduced blood flow, and tissue oxygenation at
microcirculatory levels (16,17), neurological disturbances,
and the malfunctioning of esophageal motor function (18),
and heme-mediated oxidative reactions with various ac-
tive oxygen species (19). These side effects of molecular
Hbs imply the importance of the cellular structure or the
larger particle dimension of Hb-based O2 carriers.

Pioneering work of Hb encapsulation to mimic the
cellular structure of RBCs was performed by Chang in
1957 (2) who prepared microcapsules (5mm) made of
nylon, collodion, etc. Toyoda in 1965 (20) and the Kam-
bara-Kimoto group (21) also covered Hb solutions with
gelatin, gum Arabic, or silicone, etc. Nevertheless, it was
extremely difficult to regulate the particle size that was
appropriate for blood flow in the capillaries and to obtain
sufficient biocompatibility. After Bangham and Horne
reported in 1964 that phospholipids assemble to form
vesicles in aqueous media, and that they encapsulate
water-soluble materials in their inner aqueous interior
(22), it was reasonable to use such vesicles for Hb en-
capsulation. Djordjevich and Miller in 1977 prepared
liposome-encapsulated Hb (LEH) composed of phospholi-
pids, cholesterol, fatty acids, etc. (23). In the US, Naval
Research Laboratories showed remarkable progress of
LEH (24). What we call Hb-vesicles (HbV) with a high-
efficiency production process and their improved proper-
ties have been established by Tsuchida’s group based on

technologies of molecular assembly and precise analysis of
pharmacological and physiological aspects (25,26) (Fig. 2).

Liposomes, as molecular assemblies, had been gener-
ally accepted as structurally unstable. Many researchers
have sought to develop stabilization methods that use
polymer chains (27). Polymerization of phospholipids
that contain dienoyl groups was studied extensively. For
example, gamma-ray irradiation induces radiolysis of
water molecules and generates OH radicals that initiate
intermolecular polymerization of dienoyl groups in phos-
pholipids. This method produces enormously stable lipo-
somes, like rubber balls, which are resistant to freeze-
thawing, freeze-drying, and rehydration (1,28). However,
the polymerized liposomes were so stable that they were
not degraded easily in the macrophages even 30 days after
injection. It was concluded that polymerized lipids would
not be appropriate for intravenous injection. Selection of
appropriate lipids (phospholipid/cholesterol/negatively
charged lipid/PEG-lipid) and their composition are impor-
tant to enhance the stability of liposomes without poly-
merization. Surface modification of liposomes with PEG
chains is effective for dispersion stability. Using deoxy-
genation and PEG-modification, HbV can be stored at
room temperature under deoxygenated conditions for
two years (29). Moreover, storage does not induce aggre-
gation and metHb formation. Even after injection into
blood stream, HbV is homogeneously dispersed in the
plasma phase and contributes to tissue oxygenation, as
clarified by the microcirculatory observations (30).

One particle of HbV (ca. 250-nm diameter) contains
about 30,000 Hb molecules. The HbV acts as a particle in
the blood and not as a solute. Therefore, the colloid
osmotic pressure of the HbV suspension is nearly zero. It
requires addition of a plasma expander for a large sub-
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stitution of blood while maintaining the blood volume.
Candidates of plasma expanders are plasma-derived HSA,
hydroxyethyl starch (HES), dextran, or gelatin, depending
on the clinical setting, cost, country, and clinician. Recom-
binant human serum albumin (rHSA) is an alternative
that will be approved for clinical use in Japan. The HbV
suspended in HSA or rHSA was tested for resuscitation
from hemorrhagic shock (31) and extreme hemodilution
(30). Moreover, HbV with a high O2 affinity (low P50)
suspended in HES was tested for oxygenation of an
ischemic skin flap (32). The results imply the further
application of HbV for other ischemic diseases such as
myocardial and brain infarction and stroke.

Safety of HbV has been confirmed in terms of blood
compatibility (33), no vasoactivity (17), biodistribution of
99mTc-labeled HbV to reticuloendothelial system (RES)
(34) and prompt degradation in RES, even after a massive
infusion (35,36). Based on the safety and efficacy of HbV, a
joint collaboration partnership of academia, a biotech
venture company and a corporation in Japan are seeking
clinical trials of HbV within a few years.

4. TOTALLY SYNTHETIC OXYGEN CARRIERS

4.1. Metal Complexes and Heme Derivatives

Minoshima et al. tested the crystalline state of cobalt
histidine chelate complex as an O2 carrier that reversibly
binds an O2 molecule (37). The Kambara and Kimoto
group studied heme-derivatives of imidazole complexes.
However, the irreversible O2 binding and the short life-
time of the O2 complex could not be overcome. Because a
heme is inserted into a hydrophobic pocket of a globin
macromolecule (such as Hb, myoglobin, neuroglobin),
stable O2 binding requires a hydrophobic environment.
Collman et al. in 1973 (38) synthesized a derivative of iron
tetraphenyl porphyrin-imidazole complex that makes its
O2 binding site hydrophobic and binds O2 reversibly in an
organic solvent, but not in an aqueous solution because of
the spontaneous and irreversible oxidation of heme. Tsu-
chida et al. in 1983 synthesized an amphiphilic derivative
of iron porphyrin that can be inserted into the hydropho-
bic bilayer membrane of phospholipid vesicles (liposomes)
(39). This system represents the first example of an
entirely synthetic O2 carrier that reversibly binds O2

under physiological conditions.
One role of serum albumin is to provide a hydrophobic

binding site to carry nutrients, metabolic wastes, or func-
tional molecules. It was clarified that a synthetic heme
derivative can be incorporated efficiently into human
serum albumin (HSA) solution, thereby providing a red
albumin-heme hybrid (40). In Japan, recombinant human
serum albumin (rHSA) is manufactured through expres-
sion in Pichia pastoris yeast; the Japanese FDA will soon
approve it. Combination of the heme derivative, rHSA-
heme is a new class of synthetic hemoprotein that requires
no blood as a raw material source (41) (Fig. 2). The in vivo
tests clarified the efficacy of rHSA-heme for hemodilution
and shock resuscitation (42). A physiological colloid osmo-
tic pressure was regulated by 5-wt% HSA concentration in
the blood. To increase the O2 transporting capacity of

rHSA-heme, albumin-dimer is effective to reduce the
colloid osmotic pressure and to increase the heme content.
The dimer can be prepared using intermolecular cross-
linking at Cys-34 (43). Surprisingly, this rHSA-heme
shows no vasoconstriction or hypertension even though
its NO binding properties are similar to those of other
modified Hbs of similar molecular size (44,45). This phe-
nomenon is explained by characteristics of negatively
charged rHSA molecules, which reduce the permeability
across the negatively charged endothelial cell layers,
where NO is produced for relaxation of the smooth muscle
layer.

The small molecular dimension of rHSA-heme, which
causes no vasoconstriction, will be appropriate to carry O2

effectively to tissues where RBCs are difficult to reach,
such as tumor tissues. The tumor vasculature is highly
heterogeneous and is therefore susceptible to hypoxia. In
such conditions, tumor cells become resistant to che-
motherapy and irradiation. It has been confirmed that
injection of rHSA-heme considerably increased the O2

tension in an implanted tumor in a rat model (46). The
succeeding irradiation therapy shows reduced tumor size
and improved survival. This therapeutic possibility for
cancer therapy is also supported by the trials of chemically
modified Hb solutions and perfluorochemicals (47).

rHSA incorporates a protoheme IX into the hydropho-
bic cavity of the subdomain IB. Introduction of proximal
histidine into the heme binding site by site-directed
mutagenesis allows O2 binding to the prosthetic heme
group. This albumin-protoheme is a new type of synthetic
O2-carrier (48).

4.2. Perfluorochemicals

Two major discoveries exist in the study of perfluorochem-
icals (PFC): (1) Clark and Gollan found that mice can
survive by breathing an oxygenated PFC liquid (49); (2)
Geyer et al. showed that an emulsified PFC can be used to
replace the blood of rats completely (50). The former
Green Cross Co. (Osaka) produced a PFC solution com-
posed of perfluorodecalin (C10F18) and perfluorotripropy-
lamine with a mixture of Pluronic and egg-yolk lecithin as
surfactants. The resulting white colored emulsion, Fluo-
sol-DA, was approved in 1978 to undergo clinical trials
(51). Because the PFC concentration in the emulsion is
only 20–35 vol%, its O2 carrying capacity is less than one-
tenth that of blood at ambient O2 pressure. Therefore,
patients require inhalation of 100% O2 gas during an
operation. The US FDA approved Fluosol-DA for intracor-
onary administration only during percutaneous translum-
inal coronary angioplasty (PTCA). Because of its
insufficient O2 transporting capacity and side effects
such as accumulation, pneumonia, and anaphylactic reac-
tions, the company stopped production of Fluosol-DA in
1993.

Riess et al. showed that PFC emulsions from perfluor-
ooctylbromide (C8F17Br) had four-times’ higher O2 solubi-
lity than that of Fluosol-DA (52,53). Alliance
Pharmaceutical Corp. (San Diego, CA) has extensively
developed a so-called second-generation PFC emulsion
(OxygentTM) that is in multi-center international phase
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II/III trials aimed at its use as a pre-operational or peri-
operational infusion for elective surgery to obviate or
minimize allogeneic transfusion. In Russia, Perftoran
(Moscow) developed PFC emulsion of perfluorodecalin
and perfluoromethyl cyclohexylpiperidine. This material
is approved in Russia for medical application (54).

5. METABOLISM OF BLOOD SUBSTITUTES AND SIDE
EFFECTS

As a dose rate of blood, substitutes would be considerably
larger than those of other drugs and the circulation time
would be significantly shorter than RBC; their biodistri-
bution, metabolism, excretion, and the side effects have to
be characterized. Normally, free Hb released from RBC is
rapidly bound to haptoglobin and removed from the
circulation by hepatocytes. However, when the Hb con-
centration exceeds the haptoglobin binding capacity, un-
bound Hb is filtered through the kidney, where it is
actively absorbed. When the reabsorption capacity of the
kidney is exceeded, hemoglobinuria and eventually renal
failure occur. The encapsulation of Hb in both RBC and
liposomes completely suppresses renal excretion. How-
ever, both senescent RBCs and Hb-vesicles in the blood
stream are finally captured by phagocytes in the RES (or
MPS), that was confirmed by radioisotope-labeling tech-
niques (23,34,35). Particles of Perfluorocarbon emulsions
and chemically modified Hbs (such as pyridoxalated poly-
merized Hb) are also captured by RES (55,56). It has to be
clarified whether the accumulation of these materials in
phagocytic cells may lead to transient impairment of the
function of RES such as elimination of other foreign
elements (35). There needs to be a balance between the
circulation time of the O2 carriers and the rates of
metabolism and excretion. When their circulation time is
too short, they burden on the functions of RES, kidney,
and other related organs.

The released heme from Hb-based O2 carriers should
be mainly metabolized by the inducible form of heme
oxygenase-1 in the Kupffer cells in the liver and macro-
phages in the spleen. The resulting bilirubin is excreted in
the bile duct. Iron deposition is confirmed as hemosiderin
for the chemically modified and encapsulated Hbs. Nor-
mally, iron from a heme is stored in the ferritin molecule.
This protein has 24 subunits and encloses as many as
4,500 iron atoms in the form of an aggregate of ferric
hydroxide (57). Ferritin in the lysosomal membrane may
form paracrystalline structures and eventually aggregate
in mass with an iron content as high as 50%. These are
hemosiderins composed of degraded protein and coalesced
iron. Not only infusion of polymerized Hb and Hb-vesicles,
but also transfusion of stored RBCs induces hemosiderin
deposition in RES. As iron acts as a catalyst for Fenton
reaction to produce toxic cytotoxic OH radicals from
hydrogen peroxide, the level of hemosiderosis should be
carefully monitored.

As for the membrane components of Hb-vesicles and
perfluorocarbon emulsions, it was reported that the in-
fused lipid components of liposomes are entrapped in the
Kupffer cells, and diacylphosphatidylcholine is metabo-

lized and reused as a component of the cell membrane, or
excreted in bile, especially as fatty acids and in exhaled air
(35). There is no metabolic pathway for inert parfluoro-
carbon, and this gradually diffuses from the RES to the
blood stream and is excreted in exhaled air through the
lungs. The PEG chain is widely used for surface modifica-
tion of both Hb and Hb-vesicles. The chemical crosslinker
of PEG-lipid or PEG-Hb is susceptible to hydrolysis to
release PEG chains during metabolism. The released PEG
chains, which is known as an inert macromolecule, should
be excreted in the urine through the kidneys (58).

6. NEW CONCEPTS

Development of artificial O2 carriers was originally in-
itiated with a simple idea and an expectation that the
materials that bind or dissolve O2 can behave like RBCs in
the blood stream. However, it was not easy to complete
that project. During its long history of development,
unexpected side effects were clarified such as capillary
plugging, renal toxicity, vasoconstriction, vascular injury,
and accumulation. Even after R&D of artificial O2 carriers
for decades, no material is commercially available for
clinical use in Europe, Japan, or the US. Recent advanced
biotechnology enables ex vivo RBC production from hema-
topoietic stem cells (59). However, problems remain of
large-scale production and long-term storage for stock-
piling. On the other hand, no doubts exist about a strong
demand and expectation of blood-substitute development.

The importance of the sophisticated function of RBCs
in concert with vascular physiology has been clarified, and
new concepts are proposed in terms of the physicochemical
properties of Hb-based artificial O2 carriers. Historically,
it has been regarded that the O2 affinity should be
regulated similarly to RBCs (25–30 Torr). Theoretically,
this allows sufficient O2 unloading during blood microcir-
culation as can be evaluated by the arterio-venous differ-
ence in O2 saturation in accordance with an O2

equilibrium curve. It has been expected that decreasing
O2 affinity (increasing P50) increases O2 unloading. How-
ever, small artificial O2 carriers should release O2 faster in
arterial blood flow (14,15). It has been suggested that
faster O2 unloading from the HBOCs is advantageous for
tissue oxygenation. However, this concept is controversial
in light of recent findings because an excess O2 supply
would cause autoregulatory vasoconstriction and micro-
circulatory disorders. The new concept is that an Hb-
based O2 carriers with a high O2 affinity (low P50) should
retain O2 in the upstream artery or arteriole and release
O2 in the capillaries of the targeted tissue. This concept is
recently supported by the results of PEG-modified Hbs
and Hb-vesicles by the microcirculatory observations (60–
62).

Because an infusion of an artificial O2 carrier results in
substitution of a large volume of blood, impact on hemor-
heology is great. It has been regarded that lower blood
viscosity after hemodilution is effective for tissue perfu-
sion. However, microcirculatory observation shows that,
in some cases lower viscosity engenders decreased shear
stress on the vascular wall, engendering vasoconstriction
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and reduced functional capillary density (63). Therefore,
an appropriate viscosity might exist, which maintains the
normal tissue perfusion level. In relation to this, solutions
of Hb-based O2 carriers with a higher molecular weight
are more viscous and would be appropriate. Moreover, as
mentioned above, a larger molecular dimension can re-
duce the vascular permeability and minimize trapping of
NO and CO as vasorelaxation factors.

These new concepts suggest reconsideration of the
design of artificial O2 carriers (13,14). Actually as shown
in Table 2, new products are appearing, though they are in
the preclinical stage, such as zero-link polymerized Hb
(64), Hb-vesicles (65), and HRC 101 with larger molecular
dimensions and higher O2 affinities. The biodegradable
polylactide (PLA)-PEG copolymer -nanocapsules (80–
100nm in size) contain Hb and hemolysate-derived en-
zymes (66). RBCs contain radical scavenging functions by
SOD and catalase, and the sophisticated metHb reducing
system. Hemozyme, Hemotech, and PolyHb-SOD-CAT
have antioxidative properties that would be appropriate
for eliminating active oxygen species in ischemia-reperfu-
sion injury (66).

7. ADVANTAGES OF ARTIFICIAL OXYGEN CARRIERS AND
CLINICAL INDICATIONS

Advantages of artificial O2 carriers are the absence of
blood-type antigens and infectious viruses, and stability
for a long-term storage that overwhelm RBC transfusion.
Easy manipulation of physicochemical properties enables
tailor-made O2 carriers that suit the clinical indications.
The shorter half-lives of the HBOCs in the blood stream
(2–3 days) limit their use, but they are applicable for a
shorter periods of use, as: (1) resuscitative fluids for
hemorrhagic shock during a pre-hospital emergency situa-
tion for temporary use or bridging until packed RBCs are
available; (2) fluids for pre-operative hemodilution or peri-
operative O2 supply fluids for a hemorrhage in an elective
surgery to obviate or delay allogeneic transfusion; (3) a

priming solution for the circuit of an extracorporeal
membrane oxygenator (ECMO); (4) O2 therapeutics to
oxygenate ischemic tissues; or (5) ex vivo oxygenation of
harvested cell cultures, reconstructed tissues, and organs
for transplantation (Table 3).

Clinicians and patients await the realization of safe
and functional artificial O2 carriers and their new clinical
applications in the near future. This development might
require continuous interdisciplinary cooperation to over-
come not only emerging problems in preclinical and
clinical tests, but also the dogmas of classical blood sub-
stitutes and modern transfusion medicine.
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1. BONE REMODELING

Healthy bone is continually being removed and replaced
in the mature skeleton by the process of remodeling. Re-
modeling of bone relies on the integrated activity of osteoc-
last (bone resorbing) and osteoblast (bone forming) cells
and is required to maintain the integrity of the skeleton by
removing areas of damaged matrix, as well as for calcium
homeostasis (1). However, either excessive resorption or
decreased bone formation, or combinations of these, result
in bone loss in disease conditions. In addition, disuse or
chronic unloading of bones results in bone loss. Significant
advances have occurred recently in our understanding of
the factors that regulate the formation and activation of
the cell type uniquely responsible for bone resorption, the
osteoclast. This review of bone resorption discusses the
current understanding of osteoclast formation and activa-
tion and the factors that are responsible for focal or sys-
temic bone loss in various pathologies.

2. THE OSTEOCLAST

Osteoclasts can be defined as multinucleated giant cells
that have the unique ability to resorb mineralized tissue.
Osteoclasts are formed by fusion of circulating precursor
cells of the monocyte-macrophage lineage (2), which are
recruited to sites of bone turnover and repair or, in pa-
thology, to sites of osteolysis (3). Immature and mature
cells of the monocyte-macrophage lineage, in a wide vari-
ety of tissues, apparently have the ability to develop into
osteoclasts under suitable conditions (3–6). In the process
of osteoclast differentiation, a loss of monocyte/macro-
phage markers (such as CD11a, CD11b, CD14, HLA-DR,
and CD68) and an acquisition of markers specific to
osteoclasts occurs. Osteoclasts characteristically express
a variety of proteins, which include tartrate-resistant acid
phosphatase, cathepsin K, carbonic anhydrase II, matrix
metalloproteinases MMPs, osteopontin, calcitonin recep-
tors, and vitronectin receptors (7). Bone resorption by
osteoclasts requires the secretion of acid that enables the
dissolution of hydroxyapatite, the mineral component of
bone. In addition, matrix proteases are released that de-
grade the organic phase of bone matrix (principally type I
collagen) at acid pH (7). The process of differentiation of
precursor monocytes to mature functioning osteoclasts
may take several weeks and requires an appropriate en-
vironment and the presence of several key cytokines. A
large number of factors have now been identified that can
influence osteoclast differentiation positively or nega-
tively. As a result of the complex environment in which
osteoclasts form, it has taken many years of research to

reach our current understanding of the biological process
of bone resorption (described in detail below).

When an osteoclast attaches to the surface of bone, it
undergoes polarization because of cytoskeletal reorgani-
zation (8), which allows osteoclasts to adhere firmly to the
bone via integrins, molecules that attach to extracellular
matrix proteins of the bone matrix, to create what is
known as the ‘‘sealing zone’’ (9). This tight junction be-
tween the bone surface and the osteoclast prevents escape
of the protons or enzymes used in the degradation process
(9). Vesicles containing protons, which demineralize bone,
and proteases, which degrade the organic matrix, concen-
trate to areas of membrane within the resorption zone,
where the cell surface area is greatly increased by forma-
tion of the ‘‘ruffled border.’’ The contents of the vesicles are
released into the compartment formed between the osteoc-
last and the bone and a ‘‘resorption lacuna’’ is created.
Once the mineral phase is dissolved, the degraded matrix
is endocytosed by the cell and secreted at the opposite
membrane (10). Osteoclastic resorption is illustrated in
Fig. 1.

3. FACTORS REGULATING OSTEOCLAST FORMATION
AND ACTIVITY

3.1. Receptor Activator of NF-kB Ligand (RANKL) and
Osteoprotegerin (OPG)

Major advances in our understanding of the process of
osteoclast formation have been obtained from research
over the past two decades. Rodan and Martin (11) first
hypothesized that osteoblasts play a significant role in
regulating bone resorption. This concept was based on
numerous studies showing that pro-resorptive influences
act first on osteoblastic cells (12). The importance of the
osteoblast is demonstrated by the fact that coculture of
osteoclast precursors with osteoblastic cells is normally
required for osteoclast differentiation (13). Studies have
shown that osteoclast formation requires cell-cell contact
between the osteoclast precursors and osteoblastic cells,
as separation of monocytes from stromal cells by a mem-
brane filter prevents osteoclasts from forming. Further-
more, media obtained from osteoblastic cells in culture
cannot support osteoclast formation. These experiments
indicate that pro-osteoclastic signal(s) expressed by osteo-
blasts require intimate cell contact between osteoclast
precursors and osteoblastic cells.

The reason for this necessary close contact between
osteoblasts and osteoclast precursors has now been dis-
covered. In 1998, the cell surface molecule, RANKL
(RANK ligand, osteoclast differentiation factor, osteopro-
tegerin ligand), was identified as a key factor in stimulat-
ing osteoclast formation. RANKL is expressed by
osteoblasts in response to pro-resorptive molecules, such
as parathyroid hormone, Vitamin D, or IL-11. RANKL
binds to its receptor, RANK, on the surface of osteoclast
precursors, stimulating these cells to differentiate into
mature, active osteoclasts capable of resorbing bone
(14,15). Although the RANKL/RANK interaction is essen-
tial for physiological osteoclast formation, other factors
are also necessary, and it is now clear that RANKL, to-

Shankar k.pavan / Art No. ebs197 1^13

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



gether with macrophage-colony stimulating factor (M-
CSF), is required for osteoclast formation.

The initial discovery of osteoprotegerin (OPG), a solu-
ble TNF ‘‘receptor-like’’ molecule that is a natural inhib-
itor of RANKL, played an important role in subsequently
identifying RANKL (14–16). OPG binds to RANKL and
prevents its ligation to RANK and, thus also, to the intra-
cellular signaling pathways that are needed for osteoclast
differentiation. The importance of OPG and RANKL in
regulating bone metabolism is clearly demonstrated by
transgenic and gene knockout studies in mice. Severe
osteoporosis is observed in animals failing to express
OPG, whereas, conversely, osteopetrosis is seen in RANKL
gene knockout mice. Hence, the relative levels of RANKL
and OPG are likely to be important in determining
whether osteoclasts will form. Figure 2 summarizes the
physiological role of RANKL, RANK, and OPG in osteoc-
last differentiation.

3.2. Macrophage-Colony Stimulating Factor (M-CSF)

Macrophage-colony stimulating factor (M-CSF), like
RANKL, also appears to be an essential cytokine regulat-
ing physiological bone metabolism. M-CSF, also known as
Colony Stimulating Factor 1 (CSF-1), normally plays an
essential role in osteoclast formation as is demonstrated
by the fact that CSF-1 knockout mice (op/op) are
osteopetrotic. Daily injection of CSF-1 reverses the
osteopetrotic phenotype showing that osteoclast formation
depends on this cytokine (17). M-CSF appears to be an
essential factor for the proliferation and survival of osteoc-
last progenitors that occurs during differentiation of ma-
ture osteoclasts. M-CSF may also prolong the survival of
mature osteoclasts, as well as modulate their bone resorb-
ing activity.

3.3. Parathyroid Hormone (PTH)

Parathyroid hormone is a systemic hormone secreted in
response to falls in blood calcium levels and is important

in bone remodeling. A chronic continuous excess of PTH
increases bone resorption (18) and, at high levels, PTH has
been shown to inhibit osteoblast synthesis of collagen and
other matrix proteins (19). Conversely, when delivered in
low doses intermittently, PTH causes an increase in bone
mass, an effect that may be mediated by reduced osteo-
blast cell death (18). Although PTH is not essential for
osteoclast bone resorption, its ability to act independently
of other factors, and its role in regulating blood calcium
levels, make it an important factor regulating bone me-
tabolism systemically in health and disease. In addition to
parathyroid gland-derived PTH, a PTH-like molecule
termed parathyroid hormone-related protein (PTHrP),
first identified as an osteolytic and hypercalcaemic agent
in cancer, can mimic the bone resorptive actions of PTH.

(a)

(c) (d)

(b)

Figure 1. Panel A shows a typical lacunae cre-
ated by osteoclasts in vitro on a dentine or bone
surfaces. These lacunae range from smaller
than 10mm to over 100mm in diameter and are
1–5mm deep. Panel B shows an osteoclast over-
lying a resorption lacuna it has formed in
dentine. Panel C shows a series of lacunae cre-
ated sequentially by a single osteoclast. An
osteoclast, indicated by an arrow, is in the pro-
cess of migrating to a new section of dentine to
form another lacuna. Panel D shows a section of
tissue from a rheumatoid joint with synovial
tissue ingrowth into bone. Lacunae of 20–50mm
in diameter, indicated by arrows, can be seen on
the surface of the bone. These lacunae contain
large multinucleated cells, likely to be osteoc-
lasts.

Monocyte

Pre-osteoclast
OPG

RankL

Osteoblasts
Mature osteoclast

Rank

Bone

Figure 2. The diagram represents how receptor activator for
NFkB (RANK), its ligand, RANKL, and the RANKL inhibitor,
OPG, regulate physiological osteoclast formation. During inflam-
mation, a reduction in OPG and an increase in production of
RANKL, derived from inflammatory cells, occurs, which can re-
sult in elevated osteoclast formation.

Shankar k.pavan / Art No. ebs197 1^13

2 BONE RESORPTION



PTHrP shares N-terminal homology with PTH and acts
through the same receptors. It is produced and acts locally
in various tissues, and its local production by metastatic
tumor cells in bone has been implicated in tumor-induced
osteolysis (20).

3.4. Prostaglandins (PGS)

Prostaglandins are a group of nonpeptide metabolites of
arachidonic acid that act locally to affect osteoblastic cells
as well as preosteoclasts and mature osteoclasts. These
chemical mediators have a wide range of effects on osteoc-
lastic cells that may depend on the stage of osteoclast dif-
ferentiation. The action of prostanoids in the regulation of
bone turnover is complex, and they have been shown to
have opposing effects depending on the timing and loca-
tion of their release. Their effects are further complicated
by the fact that they typically interact with several differ-
ent receptors, which may result in different biological out-
comes. PGE2, a prostanoid found at high levels in
inflammation, stimulates osteoclastic bone resorption in
bone organ culture systems as well as osteoclast formation
in murine marrow cultures (21). Overall, prostanoids are
thought to stimulate, more than inhibit, osteoclast forma-
tion and activity. PGE2 may indirectly stimulate osteoc-
lastogenesis in vitro, where it has been shown to induce
expression of RANKL by osteoblasts (22).

3.5. Interleukin (IL)-1

Interleukin (IL)-1 is a proinflammatory multifunctional
cytokine that stimulates bone resorption, helps recruit in-
flammatory cells, stimulates eicosanoid (especially PGE2)
release, and stimulates release of matrix metal-
loproteinases. Importantly, IL-1 induces the expression
of RANKL by osteoblasts. The ability of IL-1b to stimulate
bone loss in disease has been widely studied. IL-1b acts
directly on preosteoclasts and osteoclasts via functional
IL-1R and appears to be important in the coordinated sig-
naling between preosteoclasts and osteoblastic cells dur-
ing osteoclast formation (23). IL-1b prolongs the survival
of osteoclastic cells by stimulating intracellular signaling
of the PI3-kinase/Akt and extracellular signal-regulated
kinase (ERK) pathways (24). In addition, it stimulates
multinucleation and actin ring formation, which are im-
portant stages in osteoclast resorption (25).

3.6. Tumor Necrosis Factor (TNF)

TNFa has been implicated in bone resorption because of
its association with the joint destruction seen in rheuma-
toid arthritis. TNFa can stimulate osteoclast formation by
inducing RANKL expression. It also sensitizes osteoclast
precursors to low levels of RANKL (26). Recent studies
have also suggested that TNF-a may stimulate osteoc-
lastogenesis directly, in the absence of RANKL (27). As
osteoblasts do not secrete TNFa, it may not have a role in
normal bone metabolism. However, during inflammatory
bone loss, TNFa is likely to have an important role. Recent
studies have indicated that in some human diseases
osteoclasts may form in the absence of RANKL (28). How-
ever, because high levels of RANKL are usually present at

sites of pathological bone loss, it is more likely that TNFa
acts in synergy with RANKL by sensitizing preosteoclasts
to low levels of RANKL. TNF-antagonists and antibodies
are now an accepted treatment regime for active rheuma-
toid arthritis. Inhibition of TNF activity not only reduces
the inflammatory response but may also inhibit osteoclas-
tic bone resorption by reducing the synergistic activity of
RANKL and TNFa in the joint tissues.

3.7. Interleukin (IL)-6

Osteoblastic cells supporting osteoclast formation in vitro
express mRNA encoding IL-6 and IL-6 receptors (29). IL-6
appears to be involved in osteoclast differentiation and
may also have a role in regulating the activity of mature
osteoclasts (30). IL-6 production is stimulated by many
inflammatory mediators, and some of the effects of IL-1
and TNF are likely to be mediated via IL-6 (30). IL-6 has
become of particular interest for its role in estrogen defi-
ciency-related bone loss, in which raised levels of proin-
flammatory cytokines, particularly IL-6, have emerged as
factors that modify normal bone remodeling. Increased
expression and secretion of IL-6, as well as IL-1 and TNF-
a, exists with estrogen deficiency. Patient studies further
demonstrate that IL-6 may mediate the osteoporotic ef-
fects of estrogen deficiency. Serum levels of IL-6 in post-
menopausal women on hormonal replacement therapy are
lower than in those women who are not on therapy (31,32).
In addition, IL-6 deficient mice do not suffer from bone loss
caused by estrogen depletion. IL-6 is reported to stimulate
the expression of RANKL by osteoblastic cells (33). Thus,
although IL-6 may not be an essential factor for osteoclast
formation, it is likely to have an important role in stim-
ulating osteoclast formation in disease in a similar way to
other proinflammatory cytokines.

3.8. Interleukin (IL)-11

IL-11 is a multifunctional cytokine, closely related to IL-6,
with many properties in common with IL-6, and is impli-
cated in regulating bone metabolism in health and dis-
ease. IL-11 stimulates osteoclast formation (34) and
osteoblast-mediated osteoid degradation (35). In normal
bone, IL-11 appears to be produced by cells of the me-
senchymal lineage. ST-2 murine osteoblastic cells express
mRNA encoding IL-11 in vitro (36). IL-1, TNFa, PGE2,
parathyroid hormone (PTH), and 1 alpha,25-dihydroxyvi-
tamin D3 (1 alpha,25(OH)2D3) induce the production of
IL-11 by osteoblasts, providing further evidence that
gp130-coupled cytokines, such as IL-6 and IL-11, have a
central role in osteoclast development. Interestingly, like
TNFa these cytokines have been reported to stimulate
osteoclast formation in the absence of RANKL (37). As is
the case with TNFa it is difficult to determine how impor-
tant this is for human osteoclast formation in vivo, as IL-
11 is a potent inducer of RANKL expression by osteoblasts
(38).

3.9. Transforming Growth Factor (TGF)-b

Molecules belonging to the Transforming Growth Factor
(TGF)-b superfamily are very important in regulating the
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repair of soft and mineralized tissues. They stimulate cell
proliferation, differentiation, and regulate apoptosis of a
variety of cells during tissue repair. TGF-b has been
shown to stimulate the differentiation of osteoblast cells
(39); however, the effect of TGF-b on osteoclasts is still
controversial. TGF-b is clearly important in stimulating
the laying down of new bone during healing but may also
stimulate osteoclast activity. Connective tissues, including
bone, contain large amounts of inactive TGFb bound to the
extracellular matrix that is released and becomes acti-
vated when the matrix is damaged or degraded. Although
reports exist that TGF-b inhibits the proliferation and fu-
sion of human osteoclast precursors (40), more recent re-
ports show that TGF-b increases the formation of
osteoclasts and can stimulate osteoclast formation in the
absence of RANKL (41). Other members of the TGFb su-
perfamily, particularly some of the bone morphogenetic
proteins (BMPs), have also been shown to enhance osteoc-
lastogenesis under certain circumstances.

4. BONE RESORPTION IN BONE LOSS PATHOLOGIES

Bone loss pathologies can be broadly divided into two cat-
egories: systemic diseases, such as osteoporosis, in which
bone is lost throughout the skeleton, and conditions char-
acterized by more focal bone loss, such as the joint erosions
produced by active rheumatoid arthritis (RA); tumor-in-
duced osteolysis, including primary bone tumors such as
giant cell tumors of bone and osteosarcomas and multiple
myeloma or metastatic bone disease produced by tumors
of breast or prostate origin; periodontal bone loss; and
bone loss around orthopedic devices, primarily joint re-
placement components. In seeking to understand the
mechanisms of these bone loss pathologies, it is becoming
clear that many of the same molecular players seen in
physiological osteoclast formation participate in osteoc-
last-mediated bone resorption in these conditions. In
pathological bone loss, the process of bone resorption lacks
regulation, or is not matched by bone formation, leading to
a net loss of bone. Although the same molecules may be
involved in health and disease, they appear to be ex-
pressed by different cell types depending on the particu-
lar pathology concerned.

The following section describes the current under-
standing of the mechanisms of bone loss in a variety of
pathological states, focusing largely on inflammatory ar-
thritis and aseptic loosening of orthopedic implants as ex-
amples. The factors that recruit osteoclast progenitors to
sites of bone resorption, and that promote their differen-
tiation and activity at those sites, are discussed briefly.
Figure 3 summarizes, in a simple form, the major events of
localized pathological bone loss, reviewed below.

4.1. Recruitment of Osteoclast Precursors—The Role of
Chemokines

The accumulation of macrophages in bone or the tissues
adjacent to bone is likely to be a significant initial event in
inflammatory-mediated bone loss, which is likely to be be-
cause of expression of locally produced chemokines that
recruit peripheral blood monocytes into the tissues. The

granulomatous inflammatory response seen in human pa-
thologies is often initiated by pathogens or foreign mate-
rials, such as particles of worn implants, that cannot be
easily removed or degraded. Recruitment of osteoclast
precursors is required in normal bone turnover, but ex-
cessive recruitment often occurs at sites of bone loss as-
sociated with inflammation. Chemokines can be involved
in the recruitment of many types of cells, but it is those
that are involved in the recruitment of monocytes/macro-
phages and lymphocytes that are likely to be most impor-
tant in peri-prosthetic, rheumatoid arthritis, and
periodontal osteolysis. Chemokines have been classified
into four distinct groups according to the arrangement of
cystine amino acids in their structure, and chemokines
and their receptors are the subject of several recent re-
views (42–44). Chemokines belong to a family of molecules
that are different from the more classic chemoattractants,
such as the complement fragments C3a and C5a, platelet
activating factor (PAF), other metabolites of arachidonic
acid, and bacterial products. It is those that belong to the
group known as the CC chemokines that are most likely to
be involved in granuloma formation. Three important CC
chemokines are chemoattractant protein (MCP)-1, macro-
phage inflammatory protein (MIP)-1a, and RANTES, and
these chemokines are likely to be most important in focal
bone loss pathologies, as they are chemotactic for both
monocytes and activated T cells (43). Strong evidence ex-
ists that MCP-1 is important in granulomatous formation,
as abnormalities in monocyte recruitment and granuloma
formation are seen in MCP-1-deficient mice (45) as well as
in mice with knockout of the chemokine receptor (CCR)2
gene, the cell surface receptor for MCP-1 (46). Several
other chemotactic molecules have been implicated in stud-
ies on experimental and human granulomatous diseases,
which show strong expression of MIP-1a (47) and RAN-
TES (48) as well as MCP-1 (49). Importantly, MCP-1 and
MIP-1a are implicated in the recruitment of osteoclast
progenitors (50), and MIP-1a may also mediate osteoclast
differentiation (51).

Chemokines are present in the interface tissue around
loosening implants (52), and prosthetic wear particles

Inflammation Activated leucocytes

Rank

RankL

Blood monocyte

Pre-osteoclast

Bone

Mature osteoclast

TNF�
IL-1�
IL-6
PGEs

Figure 3. Diagram summarizing the major cytokines and medi-
ators involved in the process of osteoclast formation in the tissues
associated with pathological bone loss.
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have been shown to stimulate the production of molecules
chemotactic for monocytes (52). Three members of the CC
group of chemokines, MCP-1, MIP-1a, and RANTES, were
stimulated by prosthetic particles in vitro (53). Similarly,
other diseases of localized bone loss are associated with
elevated expression of these chemokines near sites of
osteolysis.

4.2. Interleukin (IL)-8

Interleukin (IL)-8 is a chemokine present in diverse in-
flammatory disorders, which stimulates the recruitment,
proliferation, and activation of vascular and immune cells.
Tissue samples obtained from patients undergoing revi-
sion hip replacement because of peri-prosthetic osteolysis
have significantly higher levels of IL-8 compared with
normal joint capsule tissue (54). IL-8 is also elevated in
rheumatoid arthritis (55), and fibroblastic cells have been
identified as the cell type producing IL-8 in peri-prosthetic
tissue adjacent to areas of bone loss and in rheumatoid
tissues (56). IL-8 has been reported to promote osteoc-
lastogenesis, independently of RANKL, in metastatic can-
cer (57). Osteoclasts are also a source of IL-8; human
osteoclasts isolated from osteoporotic femoral heads have
also been shown to synthesize mRNA (messenger ribo nu-
cleic acid) for IL-8 and release IL-8 protein in culture (55).
IL-8 is present at high levels in peri-prosthetic osteolytic
lesions, where its expression has been related to aseptic
loosening of total hip replacement (56). Inflammatory
stimuli, such as LPS, IL-1a, and TNFa significantly in-
crease IL-8 mRNA expression and IL-8 protein release
from osteoclasts. In contrast, ‘‘noninflammatory’’ cyto-
kines and systemic hormones, such as IL-6, TGF-b1, and
TGF-b3, do not stimulate IL-8 release (55). It has also
been suggested (55) that human osteoclast-derived IL-8
may be an important autocrine/paracrine mediator of bone
cell physiology and immunoregulation involved in normal
as well as pathological bone remodeling.

4.3. RANKL and OPG in Pathological Bone Resorption

As mentioned previously, RANKL and OPG may be key
factors in the process of pathological bone loss as well as
normal bone turnover. Immunostaining for human
RANKL and OPG suggested that elevated levels of
RANKL and OPG protein are commonly present in dis-
eased tissue adjacent to osteolysis. Studies on healthy and
pathologic human tissues (58–61) show that a number of
cell types may be important in the ectopic production of
RANKL in the tissues adjacent to localized bone loss. Very
high levels of RANKL protein are expressed within in-
flammatory cell infiltrates in the tissues adjacent to patho-
logical bone loss in RA, peri-prosthetic loosening, and
periodontal disease. Importantly, the expression of
RANKL in the tissues adjacent to bone loss was signifi-
cantly greater than in the relevant controls (58,60,61).

Dual staining has shown that different types of cells
colocalize with RANKL protein in different bone loss pa-
thologies. In rheumatoid arthritis and periodontal bone
loss, CD3-positive lymphocytes were the predominant cell
type that colocalized with RANKL (58,60,61), which is
consistent with reports that lymphocytes present in the

rheumatoid tissues may be the major cell type that pro-
duces RANKL in inflammatory arthritis (62,63). Inhibi-
tion of RANKL by OPG treatment in vivo can reduce both
bone destruction and cartilage destruction in a model of
adjuvant arthritis (62). These reports suggest that
RANKL is also associated with CD68-positive monocyte/
macrophages in rheumatoid arthritis. As monocyte/mac-
rophages can express RANK and may also become osteoc-
lasts, it is possible that autocrine stimulation of RANK
may occur in disease.

OPG has also been detected in peri-prosthetic osteoly-
sis and other osteolytic states (64). OPG was detected in
blood vessels (on Factor VIII-positive endothelial cells)
and synovium (on CD68-positive type A synoviocytes) in
RA and peri-prosthetic tissues associated with osteolysis,
as well as the epithelium in periodontal tissues. Whether
the OPG produced by endothelial cells or the type A
synoviocytes is able to block RANKL and inhibit the for-
mation of osteoclasts in these tissues is yet to be deter-
mined. However, it is significant that the expression of
OPG was greatly reduced in the blood vessels and syno-
vium in inflammatory disease. Although the role of OPG
production in blood vessels is not yet understood, the dif-
ference in OPG expression between diseased and control
tissues suggests that the reduced production of OPG may
contribute to the disease. A significant correlation exists
between osteoclast formation ex vivo and the ratio of
RANKL to OPG mRNA levels in cells isolated from RA
tissues (65). Consistent with this fact, the ratio of RANKL
to OPG mRNA was also higher in cells isolated from peri-
prosthetic tissues, from which osteoclasts readily formed
(66). It is interesting that cells from several of these sam-
ples formed active osteoclasts without additional osteo-
blast-like/stromal cells. More recently, the levels of
RANKL and OPG mRNA have been compared in healthy
gums with tissue from moderate or advanced periodontitis
(67). Like the RA and peri-implant tissues, lower levels of
OPG mRNA were found in moderate and advanced peri-
odontitis compared with healthy tissue, while the expres-
sion of RANKL mRNA was highest in the advanced
periodontitis samples. These results suggest that a high
ratio of RANKL to OPG in tissues adjacent to bone may
stimulate macrophages to become mature osteoclasts
without the need for them to be in contact with osteoblast
cells.

The effect of TNFa on OPG production by endothelial
cells has also been investigated in vitro (27). The finding
that TNFa reduces OPG detected on endothelial cells but
increases OPG released into the supernatant may be rel-
evant to inflammatory joint diseases. It is possible that,
although TNFa might initially upregulate OPG produc-
tion, chronic exposure to inflammatory cytokines in situ
might exhaust the production of OPG by endothelial cells.
TNF antagonists and antibodies are now an accepted
treatment regime for active RA. Not only does inhibition
of TNFa activity reduce the inflammatory response (68),
but blocking elevated TNFa in disease may also enhance
the differentiation and proliferation of osteoblasts (69).
These recent findings demonstrate that the RANKL/
RANK pathway of osteoclast differentiation is an impor-
tant pharmaceutical target for regulating the bone de-
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struction in inflammatory bone loss conditions such as
peri-prosthetic loosening, RA, and periodontitis.

4.4. Interleukins 1, 6, 11, 17

Levels of IL-1 are raised in peri-prosthetic tissue at sites of
osteolysis (70) as well as in the synovial fluid of RA pa-
tients (71). In general, IL-1 is also elevated in periodontal
tissues associated with bone loss (72,73), as well as the
gingival crevicular fluid (74) from inflamed periodontal
tissues, compared with normal or healthier sites. The in-
flammatory response and bone loss in experimental peri-
odontitis can be inhibited by antagonists to IL-1 and
TNFa, demonstrating the role IL-1 may have in bone
loss in this disease (68). In peri-prosthetic tissues associ-
ated with osteolysis, macrophages containing wear parti-
cles express both IL-1b and TNFa protein (75).
Macrophages, foreign body giant cells and osteoclasts iso-
lated from peri-prosthetic tissues, also express IL-1b re-
ceptor (76). The detection of IL-1b in fibroblasts, without
concurrent mRNA expression, suggests that macrophages
release IL-1b that then binds to fibroblasts, and possibly
other macrophages (75). The production of IL-1 in these
pathological tissues is likely to be important in the light of
evidence that IL-1 acts as a cofactor for, and may be syn-
ergistic with, RANKL (as discussed above). IL-1 may also
induce osteoclast formation independently of RANKL (25).

IL-6 and soluble IL-6 receptors are elevated in the
synovial fluids of rheumatoid arthritic patients (77) and
are produced by macrophages and other cells present in
the peri-prosthetic tissues during osteoclast formation
(78). IL-6 is also elevated in inflamed periodontal tissues,
with notably higher levels in periodontitis than in gingi-
vitis tissue (79,80). In peri-prosthetic bone loss, IL-6 is
thought to have a role in regulating the inflammatory re-
sponse at the bone-implant interface, as well as having an
adverse effect on the process of bone remodeling. It is im-
portant to note that IL-6 has been positively related to the
severity of osteolysis around prostheses, although not to
the same extent as TNFa (81). Furthermore, the IL-6 re-
ceptor is present on macrophages and giant cells, possible
precursors of osteoclasts, which are present in these peri-
prosthetic tissues (76).

It has long been established that infection in bone or
around teeth can cause extensive and rapid osteolysis. In-
flammatory cells that are recruited into the area release
chemokines and cytokines, such as IL-1-b and TNF-a.
These cytokines can then stimulate osteolysis, as dis-
cussed in previous sections of this review. It has been
shown that endotoxin (lipopolysaccharide; LPS) released
from bacteria activates cells, including tissue macrophag-
es, which causes the release of TNFa, IL-1-b, and other
osteolytic cytokines. In addition, LPS has been found to
directly contribute to osteoclast differentiation by inter-
acting with Toll-like receptors on osteoclast progenitors
(82).

Immunohistochemical staining has identified IL-11 in
the interface and pseudocapsular tissues obtained from
sites of peri-prosthetic osteolysis (83). Cells expressing IL-
11 are more numerous at the bone-implant interface and
pseudocapsular tissues from patients with aseptic loosen-

ing of their implant because of peri-prosthetic osteolysis
than in control synovial tissues from patients undergoing
primary hip replacement. The presence of IL-11 in peri-
prosthetic tissue suggests that it may be another factor
involved in stimulating peri-prosthetic bone resorption. In
rheumatoid arthritis, IL-11 is produced predominantly by
the synovial cells, and has been identified in these cells at
both the RNA and protein level (84). It is also detected in
the serum and synovial fluid of patients with rheumatoid
arthritis (85). It is therefore likely that IL-11 production in
the rheumatoid joint is involved in the bone destruction of
this disease (84).

IL-17 is a T cell-derived cytokine involved in inflam-
mation. IL-17 is present in the synovium of rheumatoid
patients (86) and levels are significantly higher in the
synovial fluid of patients with rheumatoid arthritis com-
pared with osteoarthritic patients (86). IL-17 is reported
to stimulate osteoclast activity and bone destruction in
rheumatoid arthritis (86). Recent studies using a murine
model also suggest a role for IL-17 in cartilage and bone
destruction. The intra-articular administration of IL-17
into a normal mouse induced cartilage destruction,
whereas blocking IL-17 with specific inhibitors protected
the bone by inhibiting bone destruction (87). The effect of
IL-17 on bone and cartilage may be explained by its ability
to stimulate the production of the proinflammatory cyto-
kines, IL-1, and TNF-a by macrophages, as well as IL-6,
IL-8, PGE2, and RANKL expression by stromal/osteoblast
lineage cells (88).

The extent to which IL-17 is involved in pathological
osteolysis is yet to be determined. As IL-17 is largely a T
cell-derived cytokine, its role in peri-prosthetic osteolysis
may not be as important as the factors mentioned above
because T cells are typically in low numbers in these tis-
sues (89). However, IL-17 could have an important role in
other pathologies, such as rheumatoid arthritis and peri-
odontal disease, where large numbers of T cells are pres-
ent. A recent study found mRNA encoding IL-17 to be
expressed by osteoblast lineages and its production by
osteoblastic cells may therefore be involved in physiolog-
ical and pathological bone loss in various diseases (29).

4.5. TNFa

Tumor necrosis factor (TNF)a is primarily produced by
activated monocytes/macrophages in inflamed joints in
rheumatoid arthritis (90,91), whereas TNF-b (lymphotox-
in) is produced by activated T lymphocytes. TNFa medi-
ates leukocyte recruitment and activation, synovial
macrophage and fibroblast cell proliferation, increased
prostaglandin and matrix degrading MMP activity, as
well as bone and cartilage destruction. The production of
TNFa in inflammation has long been recognized as an in-
ducer of bone resorption (92). In support of this fact, a
correlation has been found between the presence of TNFa
and the severity of osteolysis (81). The administration of
TNFa antagonists to patients with rheumatoid arthritis
has been shown to reduce inflammatory symptoms and to
prevent bone loss in this disease (93) and is now an im-
portant treatment modality in this disease. Indeed, exper-
imentally, antiTNF therapy, in concert with antiIL-1 or
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antiRANKL therapy, can give almost complete disease re-
mission and protection from bone loss (94). In peri-pros-
thetic osteolysis, abundant TNFa has been observed
associated with macrophages in areas containing wear
debris, as well as with fibroblasts and some endothelial
cells (95). Numerous reports exists of the ability of pros-
thetic wear particles to stimulate macrophages to release
TNFa in vitro (96).

4.6. Prostanoids

PGE2 is an inflammatory mediator that is likely to be im-
portant in several bone loss pathologies. It has been iden-
tified in the peri-prosthetic pseudosynovial membrane
(97) and macrophage-like cells derived from this tissue,
cultured together with human osteoblasts, form bone re-
sorbing osteoclasts after 14 days incubation (98). The ad-
dition of exogenous PGE2 in this cell culture system
caused a dose-dependent two-to three-fold increase in lac-
unar bone resorption compared with untreated controls
(98). Conversely, although it appears to be a requirement
for normal osteoclast formation, excessive PGE2 may in-
hibit osteoclast formation (99). Other arachidonate me-
tabolites may also be involved in osteoclast formation in
the peri-prosthetic tissues. Anderson et al. have developed
a culture system that uses prosthetic wear-like particles to
stimulate osteoclast formation (100). With this model,
they showed inhibition of osteoclast formation by specific
inhibitors of leukotriene synthesis, indicating that other
arachidonic acid metabolites, besides prostaglandins, may
regulate osteoclast formation in disease conditions. In
periodontal disease, a significant amount of PGE2 can be
produced in the inflamed tissues (101). Levels of PGE2 in
the gingival crevicular fluid are reduced in patients with
improved clinical parameters following treatment (101),
suggesting that PGE2 may be involved in the pathogenesis
of oral bone loss disease. It is likely that arachidonic acid
metabolites, prostaglandins, and leukotrienes are impor-
tant mediators of osteoclast formation; however, it is not
known if they have a direct effect on the process or if their
effects are mediated via regulation of other important fac-
tors involved in osteoclastogenesis.

4.7. M-CSF

Considering its pivotal role in osteoclast differentiation,
M-CSF production by activated cells in the soft tissues
adjacent to localized bone loss is likely to be an important
factor in osteoclast formation. It is, therefore, important
that, in addition to bone marrow stromal cells and osteo-
blasts, M-CSF has been associated with a variety of cell
types, such as monocyte/macrophages, fibroblasts, and
vascular endothelial cells. M-CSF is present in the syno-
vial fluid (102) and in the synovial-like membrane (103) of
peri-prosthetic tissues taken from patients with implant
loosening because of peri-prosthetic osteolysis. High levels
of M-CSF have been identified in the peri-prosthetic tis-
sues adjacent to failed prostheses than in the synovial
membrane of patients undergoing primary hip replace-
ment (102). It is important to note that the M-CSF recep-
tor is present on the surface of macrophages and foreign
body giant cells in peri-prosthetic tissues (78). These find-

ings support the concept that M-CSF may play an impor-
tant role in the regulation of osteoclastogenesis in disease.
Indeed, studies of osteoclast formation from cells isolated
from peri-prosthetic tissues illustrate the importance of
M-CSF and its receptor in peri-prosthetic osteolysis. High
levels of M-CSF are produced during osteoclast formation
in vitro in cocultures of arthroplasty-derived mononuclear
cells and human osteoblastic cells (78). The addition of
antibodies to block endogenous human M-CSF binding to
its receptor markedly reduced the numbers of osteoclasts
that formed in these cocultures. However, the addition of
exogenous M-CSF or IL-6 to these cultures only slightly
increased the numbers of osteoclasts that formed, sug-
gesting that cells exists in peri-prosthetic tissues that are
releasing sufficient M-CSF to mediate osteoclast forma-
tion (78).

Granulocyte-macrophage colony stimulating factor
(GM-CSF) is another colony stimulating factor that regu-
lates monocyte maturation. It is closely related to M-CSF
and is also present at sites of osteolysis (104). GM-CSF is
reported to stimulate osteoclast formation in much the
same way as M-CSF. However, at similar concentrations,
GM-CSF is a weaker stimulator of osteoclast formation
than M-CSF and may not be as important as M-CSF in
mediating osteolysis associated with diseases such as peri-
prosthetic loosening, rheumatoid arthritis, and period-
ontitis.

4.8. TGFb

TGF-b is thought to be associated with repair of damaged
tissues. It is produced not only by osteoblastic cells but has
been shown in peri-prosthetic tissues near loose hip im-
plants, where it may modulate bone metabolism (105).
TGF-b is also associated with macrophages (90). In vitro,
both osteoblastic cells and blood monocytes express mRNA
encoding TGF-b (29). The actions of TGF-b in pathological
bone loss are uncertain, but its activities may depend on
the types of cells and cytokines present in the soft tissues
adjacent to the bone.

4.9. Martix Metalloproteinases (MMPs)

Matrix metalloproteinases (MMPs) are essential to break
down the nonmineral component of bone and, therefore,
the resorption of bone by osteoclasts. MMPs are also be-
lieved to play an important role in joint destruction in a
range of arthritides and osteolytic diseases by contribut-
ing to degradation of cartilage extracellular matrix. Fib-
roblasts from the interface membrane can be stimulated
by wear particles to produce metalloproteinases in culture
(106). Elevated levels of matrix MMP have been reported
near loose artificial hip joints (107) and in the synovial
fluids from RA patients (108). The MMP-specific degrad-
ing activity of rheumatoid synovial fluid may contribute to
both cartilage destruction and bone loss. Tissue inhibitors
of metalloproteinases (TIMPs) specifically regulate the
enzymatic activity of MMPs. The balance between
MMPs and TIMPs is thought to be particularly important
in determining resultant cartilage damage. A recent study
found that the molar ratio of MMPs to TIMPs was 5.2-fold
higher in RA patients compared with OA patients (108).
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4.10. Other Factors and Cells

Recently, it has been proposed that cells other than osteoc-
lasts can directly cause osteolysis. Fibroblasts that grow
into the bone interface during peri-implant osteolysis may
also cause bone dissolution by a similar mechanism to that
of osteoclasts (109). Although not forming a resorptive
compartment like osteoclasts, fibroblasts can secrete pro-
tons into the local environment and cause degradation of
the bone surface (110). This lower pH could result in the
dissolution of the mineral component of bone and allow
degradation of the connective tissue component by en-
zymes that may also be released by fibroblasts. It is not
certain if these effects are directly contributing to bone
loss or if it is because of hypoxia and an acidic environ-
ment that can, in turn, promote the activation of osteoc-
lasts (111,112). As hypoxic or acidic conditions are likely to
be common in swollen and inflamed joints, they may con-
tribute to osteoclast-mediated bone loss, although this
concept remains to be tested in vivo.

An increase in mechanical stress or fluid flow may up-
regulate osteoclastogenic factors, leading to bone loss in
pathologies. These mechanical influences can cause bone
loss adjacent to prosthetic joints and in alveolar bone. The
release of the osteolytic cytokines, IL-6, TNF-a, and IL-b
from monocyte-derived macrophages is significantly in-
creased when exposed to cyclic pressure regimes of differ-
ent frequencies in culture (113). Mechanical strain or fluid
sheer stress has also been reported to regulate PGE2,
TGF-b, OPG, and IL-11 expression. In addition, fluid sheer
stress is reported to stimulate bone resorbing activity of
osteoclasts in culture (114). Mechanical factors have been
suggested as contributing to inducing peri-prosthetic
osteolysis prior to the production of wear particles (115).
Pressure changes or fluid flow have been suggested as
possible causes of peri-prosthetic bone resorption and im-
plant loosening (115). Cocultures of human PBMC and
periodontal ligament cells, as the stromal support, have
demonstrated an increase in osteoclastogenesis when cells
were placed under pressure (116). In support of this fact,
when periodontal ligament cells were placed under a com-
pressive force, an increase in expression of RANKLmRNA
protein resulted (116). Mechanical strain or fluid sheer
stress is reported to regulate PGE2, TGF-b, OPG, and IL-
11 expression and stimulate bone resorbing activity of
osteoclasts in culture (114). It is likely that peri-implant
fluid pressure acts in synergy with particulate debris to
greatly accelerate peri-implant osteolysis (117).

A simplified description of the regulation of osteoclasts
in inflammatory diseases of localized bone resorption is
shown in Fig. 3.

5. OTHER BONE LOSS PATHOLOGIES

5.1. Osteoporosis

Osteoporosis (OP) is a systemic skeletal disease charac-
terized by low bone mineral density (BMD) and microar-
chitectural deterioration of bone tissue, with a consequent
increase in bone fragility and susceptibility to fracture. OP
is common in western countries and particularly among

Caucasian women (118). Although the underlying causes
of OP are not well understood, the accelerated rate of bone
loss after the menopause in women clearly reduces the
strength of bones and their ability to resist fracture. Fac-
tors that may cause this bone loss have been identified,
and include reduced estrogen levels in women, low Vita-
min D levels, poor nutrition, such as low calcium intake,
insufficient exercise, and propensity to fall (119). Recently,
it has been argued (120) that the rate of bone remodeling
is an important factor that determines bone fragility be-
cause increased osteoclastic resorption leads to loss of
trabecular elements in bone and greater cortical porosity.
Abnormal expression of molecules regulating bone metab-
olism have also been reported, and higher levels of
RANKL, relative to OPG, may exist in OP bone (121),
which may be initiated by reduced estrogen levels and in-
creased proinflammatory cytokines, such as IL-6 and
TNFa (122). Understanding how the interactions of hor-
monal and other factors influence the structural integrity
of bone is likely to greatly advance our knowledge of this
disease and lead to improvements in treatments in our
aging populations.

5.2. Paget’s Disease

Paget’s disease of bone, a disorder that affects up to 3% of
the population over 60, disturbs bone remodeling and re-
sults in bone lesions. Paget’s disease involves the forma-
tion of abundant new woven bone, with single or multiple
skeletal lesions (123). The pathology is most commonly
found in the pelvis, lumbar spine, femur, tibia, and skull.
In the early stages, Paget’s disease is associated with
marked osteolysis, which is visible radiographically. The
lesions may be caused by local stimulation of osteoclast
formation as well as activity (19). Generally, the histo-
pathological changes indicate abnormal bone remodeling
(124). The early stages involve disorganized bone remod-
eling and abundant woven bone formation, which are later
replaced with lamellar bone. Pagetic osteoclasts are larger
than normal, with a greater number of nuclei, and contain
viral-like nuclear inclusions (125). The preosteoclasts and
osteoclasts from Paget’s patients appear hyperresponsive
to 1,25 dihydroxy Vitamin D3 and RANKL (126).

Increases in IL-6 levels have been reported in Paget’s
disease (123) and osteoclasts themselves express IL-6
mRNA as well as IL-6 receptors (125). At the same time,
a marked increase in serum alkaline phosphatase occurs,
as well as an increase in serum osteocalcin, indicating in-
creased bone metabolism. Similarities exist between Pa-
get’s disease and bone metastases, as there is increased
osteoclastogenesis mediated by IL-6 and RANKL in both
conditions (127). In juvenile Paget’s disease, the gene for
OPG (TNFRSF11B) is subject to an inactivating mutation,
leading to increased resorption and accelerated remodel-
ing (128).

5.3. Osteolytic Tumors, Giant Cell Tumors (GCT)

Many tumors of bone can cause pathological bone resorp-
tion, including primary malignancies such as GCT and
osteosarcoma, as well as metastatic disease from cancers
such as breast, lung, and prostate. Osteolytic tumors may
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induce bone resorption by direct or indirect induction of
osteoclastic resorption. GCT are the primary example of
tumors that cause the recruitment of osteoclast progeni-
tors and promote their differentiation and activity. GCT
stromal cells have been shown to express high levels of
proresorptive factors and, in particular, RANKL (129). In
contrast, other primary tumors of bone or tumors meta-
static to bone induce the production of RANKL by nearby
stromal cells to indirectly stimulate osteoclastic resorption
(130).

5.4. Multiple Myeloma

An important tumor that can cause extensive resorption
and degradation of bone is multiple myeloma. Myeloma is
a plasma cell dyscrasia involving expansion of a single
clone of immunoglobulin-secreting cells and secondary
myeloma lesions are commonly detected in the spine, pel-
vis, ribs, and proximal long bones. As in Paget’s disease,
proliferation and differentiation of myeloma cells is asso-
ciated with high serum levels of IL-6. Osteoclast formation
and activity is stimulated by production of cytokines and
growth factors such as IL-1, IL-6, TNF-b, and M-CSF. The
actual tumor cells express CD38, a plasma cell-associated
antigen. They may express epithelial membrane antigen
and are negative for leukocyte common antigen and CD22,
a mature B cell marker (19). Recent evidence strongly
suggests that RANKL expression by myeloma cells confers
on them the ability to participate directly in the formation
of osteoclasts in vitro and in vivo (131).

6. TREATING BONE RESORTION IN DISEASE

A number of treatments are commonly applied to treat the
skeleton-wide bone loss of osteoporosis, such as estrogen
therapy, bisphosphonates, calcitonin, calcium, and Vita-
min D. There have been a large number of reviews that
discuss the clinical approaches to this common form of
bone loss [e.g., Riggs and Parfitt (120)]; however, it is not
the intention of this review to elaborate further on this
topic. Although rheumatoid arthritis, peri-prosthetic loos-
ening, periodontitis, and other conditions characterized by
a local or widespread loss of bone appear to be quite dif-
ferent diseases, the primary mediators involved in patho-
logical bone loss are common. Therefore, similar
approaches might be useful to inhibit osteolysis in a vari-
ety of bone loss diseases. Although we now have an ex-
tensive range of anti-inflammatory drugs to control
inflammation, very few treatments are available for in-
hibiting the debilitating bone loss seen in a variety of in-
flammatory diseases. The recent discoveries of the key
factors involved in regulating osteoclast resorption will
enable the development of new therapies to treat this
problem. The RANK-RANK interaction in the formation of
osteoclasts is an ideal target of therapy because it is a
point at which numerous pathways for osteolysis con-
verge. Experimental treatments for peri-implant osteoly-
sis that are based on the inhibition of RANKL by its
natural inhibitor OPG (132) have been successful, as
have similar approaches in rheumatoid arthritis
(62,133). Soluble RANK also appears to be useful as an

antiresorptive agent (134). Suppression of TNFa has also
been used to successfully treat peri-implant osteolysis
(135). Suppression of osteoclast formation by various com-
binations of TNFa, IL-1, and RANKL inhibitors have also
been used in an animal model of rheumatoid arthritis (93)
and may be more successful than individual therapies. In
addition, selective blockade of potassium channels may
also reduce osteoclast formation in T cell-driven osteolysis
in inflammatory diseases. These animal studies are prom-
ising, and preliminary studies based on blocking RANK-
RANKL interaction in humans are currently underway
(136). Similar therapies based on bisphosphonates, a
group of drugs currently used to inhibit osteoclast activ-
ity in osteolytic bone tumors and osteoporosis, have also
been used in models of peri-implant osteolysis animal
studies (137), although they may not be effective in all
cases.

7. CONCLUSION

An increased understanding of the factors regulating
osteoclast-mediated bone resorption over the past decade
mean that we can apply molecular therapies to treat ex-
cessive bone loss in a wide range of systemic and localized
bone loss disease. Although further studies are required to
refine these approaches, they are likely to yield exciting
results that enhance the duration and quality of life of
many individuals.
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1. INTRODUCTION

Bone is a complex heterogeneous material that in the
human body serves the function of support, movement and
protection, body mineral homeostasis, and hematopoesis.
The study of bone brings together the fields of medicine
and engineering in addition to the basic sciences of
chemistry, biology, and physics to find ways of preventing
and treating disease. As a material whose normal function
and operation is integral to the daily life of the human
being, bone has been the subject of countless research
studies covering topics as diverse as the treatment of
fractures to replacing pieces with artificial materials to
building bone de novo on the lab bench. It has a hierarch-
ical structural that presents certain behaviors under daily
loading conditions in its physiologically normal state, only
to offer somewhat unpredictable behaviors in the setting
of a variety of bone pathologies and abnormal loading
conditions. The combination of its physiologic roles, com-
plicated geometry, and dynamic composition contribute to
the challenging nature of characterizing its mechanical
behavior. As such the topic of mechanical testing of bone is
quite extensive and cannot be fully discussed in a single
book chapter. It is therefore the authors’ intent to provide
a brief overview of the various mechanical tests that
engineers, physicians, and researchers use to characterize
this dynamic material.

2. OVERALL OBJECTIVES OF MECHANICAL TESTING OF
BONE

According to Hoffler et al. (1), there are four main motives
to use mechanical testing in studying bone. First, there is
the ‘‘form-function’’ (structure-mechanics) evaluation as
described by Katz (2) that can detail bone structural
characteristics in relationship to the functional conse-
quences of their variation. Next is the elucidation of the
etiology and pathogenesis of disease to help understand
both prevention and treatment. As Hoffler et al. point out,
the functional deficit that affects mechanical integrity is
most manifest and it is usually the effect that is easier to
understand than the cause. Nonetheless, these two mo-
tives complement each other in either starting with the
disease and searching for the effect, or starting with the
deficit and seeking the factors that can contribute to it.
The third motive is to investigate the behavior of bone

under iatrogenic manipulation such as fracture fixation,
grafting, or total joint arthroplasty. Finally, understand-
ing the behavior of bone allows for advanced modern
methods of computer simulation and research such as
finite element analysis in which the computer needs to be
programmed with the normal physical behavior of bone in
order to perform computations with it. Hoffler et al.
continue in realizing that these motives are ‘‘neither
mutually exclusive or exhaustive’’ and simply serve the
purpose of providing a basis on which to understand the
broad spectrum of research on bone.

3. STRUCTURAL BASICS

Bone consists of an organic matrix of mostly collagen and
inorganic hydroxyapatite (HA) crystals. Other compo-
nents include noncollagenous proteins, proteoglycans,
phospholipids, glycoproteins, and phosphoproteins. The
inorganic and organic materials form fibrils, which are
more ductile than the brittle HA crystals alone and can
bear more load and add more stability over the flexible
collagen. The fibrils then form isotropic lamellae arranged
into one of two structures, either stacked sheets or tubes.
The tubular forms are circular concentric columns of fibril
sheets called Haversian osteons that provide strength
along their long axis. The stacking of lamellae into sheets
provides increased strength in the plane of the sheet as
found in plexiform bone. Ultimately bone is formed into
cortical (compact) or trabecular (cancellous or spongy)
bone by the combination of mineral matrix, Haversian
osteons and/or trabeculae. These structures contribute
directly to the mechanical properties and make orienta-
tion, sample selection, and specimen preparation consid-
eration vital to the successful mechanical test. These
concepts are illustrated in Fig. 1.

It is also important to understand that the structure
described forms a complex hierarchy that directly models
its mechanical properties. Each structural level from
mineral to the macroscopic bone structure affects the
properties of the whole. Please refer to Table 1 for an
expanded listing of factors associated with the hierarchi-
cal levels of bone. Figure 1 illustrates this structural
concept. Each of these structural levels can be evaluated
individually, but given the scope of this chapter, only the
ultra structural methods will be considered. For more in
depth review of bone structure, consider reviewing the
following books, chapters, or journal articles: Strength of
Biological Materials by Yamada (3), Mechanical Proper-
ties of Bone by Evans (4), The Mechanical Adaptations of
Bones by Curry (5), Bone Mechanics Handbook edited by
Cowin (6), Skelatal Tissue Mechanics by Martin and Burr
(7), Nordin and Frankel (8), Albright (9), Einhorn (10),
Hayes and Bouxsein (11), Whiting and Zernicke (12), and
Rho et al. (13).

4. SAMPLE SELECTION AND PREPARATION

The source and selection of bone is important in designing
a mechanical test. Bone can be obtained from either
animals or humans, either premortem or postmortem,
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and from either healthy subjects or pathological subjects.
Pathological subjects can either be from a natural etiology
or from investigator induced pathology. Factors that affect
the mechanical properties and performance of bone are
numerous. During life, these include: age, subject sex,
specimen porosity and structure, differences in anatomical
location, weightlessness, activity levels, hormones (sex
hormones, parathyroid hormone, growth hormone, and
steroids) and pathology. Therefore it is necessary to obtain
samples from similar sources. One of the best ways to do
this is to use samples from matched locations such as a
right and left tibia from the same individual. When using
smaller machined samples, ensuring that they are uni-
formly machined will reduce the effects of size variation
between samples.

Bone can be obtained, processed, stored, and prepared
for testing in numerous ways. Bone can be obtained with
consent from patients or from experimental animals dur-
ing surgery or at necropsy or autopsy. Specimens should
be taken as close to death as possible to avoid natural

degradation of tissue. If samples cannot be obtained at the
time of death, then freezing the source can be performed
as long as samples are used within a few days of freezing.
It is important to note that if histology is planned for the
experiment that the sample not be frozen because the
thawing of intracellular ice crystals will make microscopy
impossible. Some sources may be embalmed, which is not
appropriate for mechanical testing of bone properties, but
can be used in testing surgical techniques or implants.
Formalin fixation alters the collagenous matrix of bone
and will significantly alter the mechanical properties of
bones.

When obtaining specimens, it is important to note the
sample location, subject sex, and pathology, if any, of the
sample for future reference. Soft tissue can either be left
intact or removed depending on the nature of the test
being performed. It is also important to use caution when
harvesting samples due to the fact that stray cuts with
instruments into bone can create stress concentrations
and change the outcome of tests, especially when using
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Figure 1. Hierarchical Structure of Bone: The
various structural layers and components of bone
are illustrated by the hierachieal model. Rep-
rinted from Rho et al. (1998) with permission.

Table 1. The Hierarchical Levels of Bone (13,14)

Level Elements (specimens) Main Factors Determining Bone Strength

Macrostructure Femur, humerus, vertebrae, frontal bone, phalangeal
bones, calcaneous, etc.

Macrostructure such as tubular shape, cross-sectional
area, and porosity of long bone, cortical bone-
covered vertebrae, or the irregular pelvic bone

Architecture Compact bone or cancellous bone blocks, cylinders,
cubes, or beams

Densities, porosity, the orientation of the osteons,
collagen fibers, or trabeculae

Microstructure Osteons, trabeculae Loading direction, with maximum strength along
their long axis

Submicrostructure Lamella, large collagen fibrils Collagen-HA fibrils are formed into large collagen
fibers or lamellar sheets with preferred directions of
maximum and minimum strengths for a primary
loading direction

Ultrastructure Collagen fibril and molecule, mineral components HA crystals are embedded between the ends of
adjoining molecules; this composite of rigid HA and
flexible collagen provides a material that is superior
in mechanical properties to either of them alone,
more ductile than hydroxyapatite, allowing the
absorption of more energy, and more rigid than
collagen, permitting greater load bearing.
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small samples or samples from small laboratory animals.
It is also a good idea to obtain both radiographs and
photographs of samples when harvested to document
pathology or absence of it. Surrounding tissue changes,
as seen in arthritis, fractures, or implants are also im-
portant to note as these all affect the structure and
remodeling of bone.

Once a sample has been harvested, it must be pro-
cessed. The least amount of processing required for a
sample is to keep the tissue bathed in saline for prompt
use right away. Hydration is important because simple
drying in room air can decrease the elastic modulus by up
to 3% (15). If a sample will not be used immediately, then
it should be frozen according to accepted standards. Many
studies have evaluated storage methods ranging from
sterile storage at room temperature in saline or ethanol
to storage in ethylene oxide to freezing at a variety of
temperatures. For long term storage (greater than 3
months), the most common practice is to freeze specimens
at � 201C in saline to prevent dehydration. Soft tissues
should be left intact as this will guard against freezer
burn. If soft tissues are removed, saline soaked gauze can
be substituted. Specimens should be wrapped in plastic
wrap and placed in sealed plastic bags for additional
protection. Although bone degradation can still occur at
this low temperature and certainly enzymatic degradation
continues when the bone is thawed to room temperature,
the effects on mechanical properties are minor (16). Var-
ious laboratories have researched the length of time that a
specimen can be frozen without significant reduction in
mechanical properties and the majority have found that
there is no significant change (17–19). As no data is
available for time periods longer than 8 months, storage
longer than this time period is not recommended.

When it is time to test the bone samples, they should be
thawed in saline at room temperature for at least 3 hours.
If the situation arises that the testing cannot be completed
en toto, bone can be refrigerated for several days between
tests without significant change in properties. Bone can
also be refrozen and tested multiple times as complex
experiments may warrant. This has been verified by both
our laboratory (20) and by the work of Linde and S�renson
(21).

Once the bone is ready for testing, it must be machined
both into the appropriate shape and to the desired struc-
tural level as outlined by the test being performed. Bone
structure can be tested from whole bone down to single
osteons or trabeculae and each requires unique prepara-
tion methods. Whole bone requires minimal processing
prior to testing but microsamples require unique methods
of dissection and machining. Equipment used to prepare
large specimens includes saws, drills, polishers, grinders,
and measuring tools (calipers, measuring tapes) as illu-
strated in Fig. 2. Rough cuts are made with the larger
saws (handsaw, bandsaw) and the sample is machined to
the desired size and shape with finer cuts from more
precise saws (diamond wafering saw). Bone can also be
machined into cylindrical shapes. Drill presses fitted with
appropriate hollow bits are used to cut cores of the
required size. The specific shapes that are commonly

used in different tests will be discussed in the respective
testing sections below.

In addition to testing whole bone and macroscopic
sections, investigators sometimes use microscopic samples
for testing. Microsamples of osteons and smaller bone
structures can be obtained with specialized equipment
such as that described by Ascenzi, et al. (28). These
essentially consist of either using microneedles to ‘‘drill’’
out cores of bone with a dental drill (down to 200 micro-
meter diameter � 500 micrometer length), or using ‘‘split-
ting and scraping’’ techniques of creating microfractures
under microscopic guidance along natural planes in the
bone. Single trabeculae can also be dissected out and
tested as described by Runkle et al. and Townsend et al.
for tensile, compressive, buckling, torsional, and bending
tests.

The quality and method of machining performed on a
sample can affect the outcome of a test. Uneven surfaces
can induce stress concentrations and moments that will
lead to inaccurate results. The contact between the ma-
chine and the specimen can induce frictional forces that
will likewise alter the data. When a sample is tested in
such a way that these other forces are eliminated or
reduced to a negligible level, one refers to the test as a
‘‘pure’’ test, as in pure axial loading or pure bending. An
investigator should also be sure that machining is per-
formed in a standardized fashion because of the potential
to induce sample to sample variability in shape and size.
The effects of machining itself also pay a factor. High heat
processes such as bandsawing and coring can burn the
edges of bone to depths of 1–2mm (22–24). The cut edges
need to be ground with a polishing wheel or other similar
post-machining finishing steps to remove the burns.

5. MATERIAL PROPERTIES

A basic overview of some of the important mechanical
properties encountered in this type of testing is necessary
before discussing the test equipment and testing methods.
These include stress, strain, stiffness, the modulus of
elasticity, and stress-strain curves. First, the modulus of
elasticity, E, is a measure of the ductility or elasticity of a
material. It will tell an engineer if a material is brittle like
a ceramic or ductile like a piece of rubber. This value is a
ratio of the stress (force applied to an area) and strain
(ratio of change in length to original length) in a material
before the yield point. The yield point is a point in which
the material behavior changes from elastic deformation to
plastic deformation. Elastic deformation means that if a
material is loaded and then unloaded, it will return to its
previous size and shape similar to a rubber band stretched
and released. When a material is loaded beyond the elastic
point, it is said to undergo plastic deformation, or a change
in size or shape that cannot be recovered when unloaded.
This is similar to molding a piece of clay.

Figure 3 shows a typical stress-strain curve for a
tensile test. This type of curve is usually generated from
the raw data recorded during the test, namely the load
applied and the deformation recorded. Using formulas for
stress and strain discussed below, these values are plotted
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automatically by a computer or manually by the investi-
gator. In addition to point values for stress and strain, the

following information can be obtained from plotting a
stress strain curve and are illustrated in Fig. 3:

1. The beginning of the elastic portion where the speci-
men is engaged by the machine.

2. The proportional limit or the limit to which stress
and strain are proportional.

3. The elastic limit or the limit at which the greatest
stress can be applied without leaving permanent
deformation upon removal of the load.

4. The elastic range, that part of the curve where
strain is directly proportional to stress.

5. The yield point, or the point at which permanent
deformation occurs.

6. The range of plastic deformation, the part of the
curve from the yield point to the failure point.

7. The breaking point or ultimate stress or ultimate
strength.

8. The amount of energy absorbed by the specimen
before failure, or the area under the curve.

9. The modulus of elasticity or the slope of the linear
portion of the curve.

Figure 2. Lab Equipment. Some of the basic labora-
tory equipment necessary for specimen preparation: (a)
Drill Press (b) Diamond Wafering Saw (c) Various Hand
Tools (d) Band Saw.
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Figure 3. Stress- Strain Curve. A typical stress strain curve
illustrating the important testing parameters recorded from the
mechanical test. Reprinted with permission from reference
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The stiffness of a material related to the modulus of
elasticity is a measure of the amount of deformation under
a given load. This is usually calculated as the slope of the
linear portion of a load-displacement curve but can also be
calculated as the product of the modulus of elasticity and
the moment of inertia (discussed below) of the specimen.
The moment of inertia is related to the shape of the
specimen and computed using formulas specific to shape.
As such, this can be a difficult number to calculate and the
slope of the load-displacement curve works well instead.

The inverse of the stiffness is called the compliance of a
material and this is sometimes reported when for speci-
mens with very low stiffness values. Ligaments and soft
tissues have a high compliance and low stiffness whereas
hard bone has a high stiffness and low compliance.

The last concept to understand is that bone is a
viscoelastic material. This refers to the time dependent
change in mechanical properties that is encountered when
bone is loaded at different rates. When bone is loaded at a
high strain rate it appears stiffer and stronger. When
loaded at a slower rate, it is the opposite. Most biological
materials have some amount of viscoelasticity. For this
reason, mechanical tests are conducted at accepted rates
to standardize testing.

A more detailed discussion of mechanical properties,
specific concepts related to mechanical testing, material
dimensions, and loading behavior is beyond the scope of
this chapter but can be found in any mechanics of materi-
als book or reviewed in a variety of specific bone me-
chanics books (6,25).

6. TESTING EQUIPMENT

A biomechanics laboratory that evaluates bone properties
or bone mechanics will require basic equipment to perform
tests. This includes a mechanical testing machine, stress
and strain recorders, data logging devices, and a variety of
jigs and fixtures. Testing machines include single axis,
multiaxis, micromechanical, and indentation/hardness
testers. Modern single axis or multiaxial biomechanical
testing machines are typically computer controlled table
top units that are powered by servohydraulics (Fig. 4).
These are available from numerous private commercial
vendors who specialize in this field. Machines can also be
screw driven, pneumatic, or electromagnetic. Single axis
machines can perform compressive, tensile, or bending
tests although it is possible to convert single axis ma-
chines into torsional testers with geared jigs and force
translators as demonstrated in our lab and by other
authors (Fig. 5) (26,27). Multiaxis machines can perform
a wider range of mechanical tests and apply two or more
different loads in different directions (such as an axial test
and torsional test simultaneously) but they are more
expensive than single axis machines. Each of these ma-
chines operates by the same method in which an electri-
cally generated function is sent to the machine, which in
turn moves the actuator(s) and applies force to the test
specimen. Force is recorded by a load cell and sent to the
data logging equipment for software based data analysis.
Most biomechanical machines do not need to exceed loads

of 1000–2000N, but in our experience having a load cell
that can achieve 10000N is useful in some compressive
tests of vertebral bodies. Although some labs will require
large load capacities, others will require micromechanical
testing capabilities. Machines for this type of testing are
used to test single osteons or trabeculae. Bending, com-
pression, tension, and torsion can all be tested with these

Figure 4. MTS Machine. A modern table top single axis servo-
hydraulic mechanical testing machine (MTS Mini Bionix Model
855). (Courtesy of MTS Systems, Inc., Eden Prairie, MN).

Direction
of loading
from
machine

Specimen with
resulting
rotary motion

Gears to convert linear to rotary motion

Figure 5. Rotational Tester. An example of a method to convert
the common uniaxial mechanical tester into an additional tor-
sional testing machine. This jig can be constructed at a local
machine shop.

BONE, MECHANICAL TESTING OF 5



specialized testers (28,29). One final type of testing ma-
chine is the hardness tester (Fig. 6). This is used to
determine resistance to indentation or abrasion. Macro-
indentation according to the Brinell method is used for
loads of 1 kg or greater applied to bone macrosections.
Microsections can be tested with the Knoop and Vickers
indenters to determine mineral content. Nanoindenters
are also available for testing of osteons and trabeculae on
an even smaller scale. It is obviously important to decide
what type of test will be performed to optimize equipment
choice.

Most mechanical testing machines are used to measure
the load applied to the load cell. Most machines also report
the distance moved by the actuator that is applying the
force. Many investigators use this to record the displace-
ment of their specimen; however, there may be a difference
in the amount of displacement in the sample versus the
distance the actuator travels due to non-homogenous
properties of the sample or slippage of the sample in the
machine. For example, if a vertebral body is being com-
pressed and portions of intervertebral discs are still pre-
sent, the disk will act as a shock absorber and compress
before the bone. If the measurement is taken simply from
the actuator travel, the compression of the bone will
appear greater than it actually is, as shown in Fig. 7.
The use of strain gauges or extensometers applied directly
onto the sample itself in the area of interest will prevent
this common error (30–36). These devices yield much more
accurate measures of the displacement and calculated
strain over a defined area.

Other items that are needed to perform tests include
machining equipment mentioned previously, such as
saws, drills, grinders, and polishers. Basic operating tools
such as scalpels, towels, gloves, saline, and storage bags
and boxes should also be available (37).

Mechanical testing requires additional equipment and
materials to fix specimens in the testing machines. These
fixtures and materials will vary depending on the type of
test and the property being investigated. Bone specimens
will either have a uniform shape after machining or will
have an irregular shape, as seen with whole bone speci-
mens. Uniform shapes can be attached with standard
grips and fixtures such as pneumatic grips in a tensile
test (Fig. 8), or simply placed on the platens in a compres-
sive test. Standard grips and fixtures are commercially
available. However, it is often necessary to have custom
jigs and fixtures made to accommodate the specific test the
investigator is trying to perform. Local machine shops can
make these fixtures out of stock steel or aluminum to
produce a cost effective custom appliance.

The more irregular shapes, such as the ends of long
bones or vertebrae, will require potting in a hard setting
material that can be mounted in the mechanical tester.
Materials used for this purpose include: polymethyl-
methacrylate (PMMA), epoxy resins, plaster, or calcium
sulfate-based materials such as dental stone (37). Once
these specimens are potted, they may or may not be
compatible with standard fixtures.

7. FACTORS AFFECTING THE MECHANICAL TEST

It is necessary to consider all the sources of error that
might be encountered in mechanical testing of bone. The
most common sources include machine compliance, the
specimen fixture interface, measurement errors, and of
course simple human error in calculation and procedure.
Machine compliance comes into play because the two
values often being measured, the displacement of the
actuator and the force generated on the load cell, may
not be the actual values being exhibited by the sample. If
the machine’s frame, actuator, and loading platform have
a stiffness that is less than that of the sample, the data will
be erroneous. To account for this effect, the compliance of
the machine should be determined through the standard
method described by Bensen and An (37) and Turner and
Burr (22). A small load (P) is applied to the load cell
without any sample in place. The stiffness of the machine
(S) is calculated by dividing the load (P) by the displace-
ment (d) (Equation 1). The process is repeated with the
sample in place and the sample stiffness is calculated.
These two values are related through equation 2 to yield
an actual specimen stiffness (Sactual). If the Smachine is
much greater than the Sactual, as is the case with most
large biomechanical testing machines, then the error
caused by the machine compliance will be minimal (22)
and no correction will be necessary. For smaller micro-
testing machines, this becomes a more important calcula-

Compression
loading

Specimen

Universal joint

Figure 6. Hardness Tester. A Brinell-Rockwell-Vickers hardness
tester (Courtesy of Nanotek, Inc., Opelika, AL).
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tion.

S¼
P

d
; ð1Þ

Sactual¼
SsampleSmachine

SsampleþSmachine

� � : ð2Þ

The specimen-machine interface is also a common source
of error. As with any mechanical testing, each and every
attachment point of the sample to the machine constitutes
the boundary conditions of the test. These boundary
conditions must be part of the mechanical analysis to
account for all loads applied and developed in the sample.
They must also be fixed without slippage or shearing
between the sample and attachment or loading point. In
compression testing, there is friction that develops be-
tween the flat platens and the specimen. The moisture
content, surface finish of the platen and sample, and the
shape of the sample will all affect the frictional force.
Small bone sections expand in a transverse direction to
the axis of compressive loading and likewise contract
under tensile loading. This is known as Poisson’s Effect.
Too high frictional forces from rough or dry surfaces will
constrain this slight expansion in compression and create
a shear stress within the sample. This will not only alter
the stiffness of the specimen but also cause fractures to
occur at 451 to the direction of loading. On the other hand,
too little friction from greasy specimens will be caused by
transverse strains from excessive spreading of the mate-
rial (22). It is recommended that a surface finish of 2mm
cm�1 (mirror polish) be used for the platens and that
petroleum jelly be added for samples that create high
frictional forces. The effect of friction in relation to Pois-
son’s effect of expansion is greatest with smaller bone
sections, but small sections that are too large will be
affected by a phenomenon known as the vertical end effect
described first by Linde and Hvid (38). This is seen in
compression testing of trabecular specimens where the
axial and lateral deformation of a specimen are largest at
the ends compared to the midpoint between the plates.
Keaveny et al. (39,40,42) studied the common use of cubes
versus cylinders in this type of testing and found that
cylinders with an L/D of 2 provided better estimation of

the modulus of elasticity in respect to the end effect and
frictional forces. End caps or potting in PMMA has been
shown to reduce this effect as well (38,41). A through
discussion of this topic can be found in Keller and
Liebschner (23) and Turner and Burr (22).

The fixation of the specimen in a jig is also a source of
error. Slippage of a specimen is common when using
biological materials that may be wet or greasy or highly
ductile. This is most commonly seen in tensile and tor-
sional tests. Figure 9 shows a load displacement curve of a
tensile test in which the sample is slipping in the grips.
This will result in the recording of displacement errors by
the machine and is another reason for the use of extens-
ometers in the measurement of displacement. The use of
potting material or grips with serrated teeth will help
reduce slippage.

The shape and alignment of the specimen are crucial to
accurate results for all tests due to the fact that off center
loading creates a lever arm through which the force is
conducted. This in turn adds an unintended bending
moment to the specimen in compression, tension, or
bending tests. The moment will then add stress concen-
trations to the sample that effect the outcome data (Fig.

ExtensometerLg
B A

Compression
plate

Compression
plate

IV disc
remnants

Whole
vertebral
body

(a) (b)

Figure 7. Compression of Vertebral Body, Ex-
tensometer. (a) An extensometer attached to a
sample illustrating the defined displacement
measurement region, or gauge length (Lg). (b)
Without an extensometer, a compression test
will only yield information about the overall
displacement of a specimen, illustrated as di-
mension A, with no way to determine if the
displacement is due to compression of the IV
disc on the ends of the vertebral body or if it is
from compression of the bone itself. In a test of
bone displacement, an extensometer should be
placed to measure the displacement listed as
dimension B for accuracy. Reprinted with per-
mission from reference (25).

Figure 8. Tensile Test with grips. An example of a pneumatic
grip attachment. Reprinted with permission from reference (25).
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10). Zhu et al. (43) discuss a parallelism index that can be
used to asses the alignment of the ends of the specimen for

use in compressive testing. In other forms of testing, one
should be sure that the load is being applied along the
intended axis and any moment arms are eliminated or
accounted for in the mechanical analysis.

In test specimens that may not be exactly parallel,
special features can be added to jigs for compression and
tensile tests. The jig fixture or platens can be fitted with a
universal joint that allows bending motion in two direc-
tions or a spherical joint that allows motion in three
directions (Fig. 11). This will eliminate bending or tor-
sional moments that are developed within the specimen.
With such a jig in place, the specimen is said to be loaded
in pure tension or compression.
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Figure 9. Slippage. A load displacement curve illustrating the
jagged ‘‘catch and release’’ behavior of a specimen that is slipping
with respect to its fixation.

Upper platen

Loading axis

Specimen
central axis

Lower
platen

Resultant
bending
force

Loading axis

(a) Pre-loading (b) Loading

Figure 10. Uneven Loading. An illustration of off-center loading
and the resulting unintended bending moment applied to the
specimen.

Figure 11. Universal Joint. With the use of a universal joint in
compression testing, the specimen can be loaded in pure compres-
sion. Any unintended bending moments created by compression
will be reduced through the ability of the joints to rotate while
maintaining axial alignment.
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8. TYPES OF TESTS

There are numerous mechanical tests that can be per-
formed on bone, but the most common are the compres-
sion, tensile, bending, indentation, and torsional tests.
Each test requires a different specimen shape, testing
jig, and testing parameters and of course, each tests a
different mechanical property.

The tensile and compression tests are similar tests in
that they both test mechanical properties of axial loading
although they are in different directions. In pure compres-
sion and tension tests, the ends of the sample in contact
with the machine are required to be parallel to prevent
triaxial loading and unintended moments as previously
discussed. The tensile test is the standard mechanical
property measuring test used for many materials in
engineering. The test specimen is typically machined
into a shape with the ends wider than the central portion.
This is called the dogbone shape and is illustrated in Fig.
12. It can be used to test cancellous or cortical bone with
equal success. The test is run with the specimen fixed into
grips or it is embedded into a potting material that is fixed
into a specialized holder, usually a cylindrical pipe. Tests
are run in displacement control with the actuator moving
at a slow rate of 1mm to 5mm per minute and the load is
measured from the load cell. Extensometers are most
useful in this type of testing because they can be attached
to the narrow central region and easily measure displace-
ment of this region. Slippage of the test specimen is the
main source of error and the machining of specimens to
the dogbone shape is not an easy task. Therefore, although
this test is commonly used for performing material tests in
other fields, it is not as widely employed in bone testing.

Compression tests are similar to tensile tests but they
are run in the opposite direction. In machined samples,
the dogbone shape is not used, rather, a cylinder with an
L/D ratio of at least 2 is typically used. This shape will
minimize the chance of buckling and reduce the errors of
the end effect described previously in addition to making
test set up easier and quicker. In compression tests, the
ends of the sample may or may not be fixed depending on
the type of sample being used. Some studies have shown
that fixing the sample in PMMA may reduce the end
effect, but this error may be minimal in properly sized
specimens. Unfixed specimens tested on flat platens need
to have frictional forces accounted for secondary to the
previously discussed changes in apparent stiffness from
high frictional forces or exaggerated spreading from too
little.

Calculation of material properties is straightforward in
either compressive or tensile tests. In a solid cylindrical
core sample being compressed, the ultimate compressive
or tensile stress (s) is calculated by:

s¼
P

A
; ð3Þ

where P equals the maximum load attained and A is the
area of the sample. Strain (e) can be determined for either
test with the formula:

e¼
d
L
; ð4Þ

where d is the change in length and L is the original
length. It is important to make sure that the length used
in the calculations is the gauge length of the portion of the
specimen where the change in displacement was mea-
sured. In a dogbone sample, this is the narrow center area
or the area between the arms of the extensometer. The
modulus of elasticity (E) can be calculated by:

E¼
SL

A
; ð5Þ

where S equals the specimen stiffness (see Equation 1), L
is the gauge or specimen length, and A is the uniform cross
section area of the specimen. Again, the length is specific
to the area being investigated and measured.

It is sometimes difficult to test material properties with
compression or tensile tests. Such is the case when trying
to machine small bones into the required shapes for these
tests. An alternative test that can be used to determine
mechanical properties is the bending test. Bending tests
are used on these as well as longer whole bone sections to
evaluate stress, strain, and modulus of elasticity. Bending
tests are also useful because many bone fractures occur as
a result of bending stresses, such as a ski boot top fracture.
As shown in Fig. 13a and 13b, a material loaded in
bending experiences compressive stresses along one axis
and tensile stresses along the opposite. In bone testing,
failure usually occurs along the tensile side.

There are two types of bending tests that are used in
bone testing: the three point and the four point bending

5 mm

25 mm

12 mm

3 mm

Figure 12. Dogbone Shape. The standard dogbone shape used in
many types of material testing shown with standard dimensions.
Reprinted with permission from Y.H. An and R.J. Friedman (eds.),
Animal Models in Orthopaedics. Boca Raton, FL:CRC press, 1999.
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tests (Fig. 13a and 13b). The three point test is simple to
construct and perform, but large point shear loads are
developed at the center load point. This can adversely
affect the outcome of the test and therefore, the four point
bending test is considered the most sound. The four point
bending test will place the center section of the specimen
in pure bending with a constant moment and zero shear.
This is the ideal scenario in a uniform cross section
specimen, such as a steel pipe, however, most long bones
do not have a uniform cross section. They have a small
length to diameter ratio, inconsistent cross sectional area,
and inconsistent intramedullary components (marrow in
some areas, trabecular bone in others). Ideally the L:D
ratio should be at least 20 to reduce the bone displacement
secondary to direct shear at the load points. The variance
in geometry and composition causes unequal loading
along the shaft of the long bone, more so than with the
three point bending test. For this reason, the simpler three
point bending test is often used for testing whole bone
sections.

It is possible to machine sections of long bones for use
in bending tests. This requires a bone of sufficient size that
a strip of the appropriate size (length to thickness ratio of
at least 20) can be machined from it. For most whole
bones, the L:D ratio is insufficient. The deformation,
strain calculation and the modulus of elasticity will be
overestimated. Therefore, if the L:D ratio is less than 20,
the best way to calculate these values is with a strain
gauge bonded directly to the bone surface.

For either the three or four point bending test, fixtures
generally consist of load supports made of rounded cylin-
ders with their long axis mounted perpendicular to the
long axis of the bone. Next the bone is loaded onto the
fixture and a load is applied at the center point(s) until
failure is reached. Typically, bones have an elliptical cross
section such that the placement in the fixture can be
important depending on the type of test. One may wish
to test both the long and short diameter orientations for
strength, or one may only be interested in a particular
loading scenario such as a fracture from a force in a

Compression

Tension

Bending
moment
(Nm)

Distance (m)

(a) Three point bending

Neutral
axis

Bending
moment
(Nm)

Distance (m)

(b) Four point bending

Compression

Tension

Neutral
axis

Figure 13. Bending Tests: (a) Three Point Bend-
ing (b) Four Point Bending. The two types of
bending tests illustrating the compression-ten-
sion relationship of forces along the surfaces of
the loaded specimens. Moment diagrams are also
shown for each type of bending test illustrating
the maximum load at the application point of the
center load in the three point bending test and
the constant moment across the loading region
between the two center loads in the four point
bending test. Reprinted with permission from
reference (25).
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certain direction. If the orientation is not important,
loading the bone with the long diameter horizontal makes
for a more stable construct.

For three point bending, the calculation of the modulus
of elasticity (E), stress (s), and strain (e) is again straight-
forward, although now the cross sectional moment of
inertia (I) about the bending axis must be calculated.
The equations are listed below:

I¼ p
a3b� a03b0
� �

64
; ð6Þ

E¼
SL3

48I
; ð7Þ

s¼
PLa

8I
; and e¼d

12a

L2

� �

: ð8Þ

For four point bending, the moment of inertia is the same
but equations for modulus of elasticity (E), stress (s), and
strain (e) are as follows:

E¼S
c2

12I

� �

3L� 4cð Þ; ð9Þ

s¼
Pac

4I
; ð10Þ

e¼d
6a

2c 3L� 4cð Þ

� �

; ð11Þ

where a, b, a0 and b0 are the average measurements of the
external and internal anteroposteral and mediolateral
diameters of the specimen as shown in Fig. 14, S is the
stiffness, L is the distance between the supports, P is the
applied load, c is the distance between the support and the
load point in the four point model and d is the displace-
ment of the actuator.

The cantilever test is essentially a one sided bending
test. It is conducted with one end of a specimen rigidly
fixed and a load applied to the unfixed end in a direction
perpendicular to the axis of orientation, as shown in Fig.

15. This applies a maximum bending moment at the
fixation interface. Shear is a factor in specimens that are
short and the applied load is near the point of fixation
since the point of maximum shear is located at the speci-
men fixation interface. The investigator should decide
which side of the bone needs to be in compression and
which needs to be in tension and orient the sample
accordingly. For this reason, it is also important that the
samples are all in the same rotational alignment when
potted and placed in the testing jig. For this test, the same
cross sectional moment of inertia (I) is used as with the
three and four point bending tests (Equation 6). The
bending moment (M) and bending stress (s) are calculated
as listed below:

M¼PL; ð12Þ

s¼
PLa

4I
¼P sin

a
A

� �

þ
PLa cos að Þ

2I
; ð13Þ

where L is the distance between the potted support and
the applied load, P is the applied load, a is the average
measurement of the external diameter of the specimen, a
is the angle between the fracture surface and the vertical,
and A is the cross sectional area of the specimen.

Torsional tests are usually used to test whole bone
specimens. A torsional test puts a rotational shear stress
on a bone fixed at both ends. The ends are rotated in
opposite directions from each other until failure occurs
(Fig. 16). Torsional tests are useful because they load the
ends of the bone and place a maximum stress at the
weakest point in between. This can be useful in determin-
ing weak points, the effects of bony defects, or bone repair.
Generally bones are potted in standard potting material

b′

a′ a

b

Figure 14. Measurements of Diameters for MOI. Dimensions for
determining the moment of inertia for a typical long bone.
Reprinted with permission from reference (25).

Compression

Neutral
axis

Tension

Clamp

Bending
moment
(Nm)

Distance (m)

Figure 15. Cantilever Test. Illustration of a cantilever test
showing a specimen with one fixed end being loaded at the
opposite end. A moment diagram shows that the peak moment
is at the point of fixation. Reprinted with permission from
reference (25).
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into a cup or cylinder at both ends and then placed in a
torsional testing machine or a jig designed to convert a
uniaxial tester into a torsional test machine. In torsional
calculations the polar moment of inertia (J) about the axis
of rotation is used. For most bones that resemble a tubular
shaft with radii of rOutside and rInside, this is

J¼
p
2

r4Outside � r4Inside
� �

: ð14Þ

The maximum torque applied and angle of deformation
are recorded. The shear stress (t) and shear modulus (G)
are usually calculated and their formulas are shown
below:

tMax¼
TrOutside

J
; ð15Þ

G¼
TL

yJ
; ð16Þ

where T is the applied torque, y is the rotational displace-
ment, L is the length of the test region, and rOutside is the
external radius of the specimen.

The indentation test is a test used to measure the
hardness of a material. The test is performed by driving
an indenter of specified geometry into a material and
measuring the penetration. As previously discussed,
bone exists as a hierarchical structure with four main
levels: macrostructure (cancellous or cortical bone), micro-
structure (Haversian systems, osteons), nanostructure
(collagen and lamella), and subnanostructure (molecular
structure). The indentation test is useful to measure the
respective macroindention, microindention, and nanoin-
dention properties of each hierarchical level (44). Hard-
ness properties are specific to each bone level and so each
level should be tested to fully characterize the hardness of
a bone sample. The most common use of these tests is in
examining the subchondral and trabecular bone near
large joints in the body in studies of osteoarthritis and
in implant studies (22). The basic tests are similar for each
substructural level with some specifics regarding the
indenter and specimen preparation for nanoindentation

or osteopenetrometer testing. As such, only the general
principle for macroindentation is discussed here. The test
consists of driving an indenter with a blunt end, either a
sphere or a flat ended rod, and into a flat specimen at a
rate of 1–2mm/min to a depth of 0.2 to 0.5mm or until a
maximum load is reached (22,44). From this test a load vs.
displacement curve is generated similar to the compres-
sion and tensile tests previously discussed. The modulus
of elasticity (E) is determined by the equation:

E¼S
1� n2

d

� �

; ð17Þ

where S is the stiffness taken from the slope of the load-
displacement curve, n is Poisson’s ratio, and d is the
diameter of the indenter. The ultimate indentation
strength (s) is determined dividing the maximum load
by the cross-sectional area of the indenter represented by
the equation:

s¼
4P

pd2
; ð18Þ

where P is the maximum load obtained and d is the cross-
sectional diameter of the indenter.

Some other methods of testing bone include using
ultrasound, specialized tests of pure shear, fracture me-
chanics studying crack propagation, and fatigue testing.
These tests are more specialized than the basic tests
outlined here and as such are not elaborated upon in
this text.

9. CONCLUSION

The intent of this chapter is to provide an overview of the
reasons for performing mechanical testing of bone, the
basic preparation of a testing lab and testing samples, and
finally to offer a description of the core group of tests that
an experimenter can use to characterize the mechanical
properties of bone. It is important to remember that
testing any material will always yield some form of result
but it is up to the investigator to ensure that the result is a
true measure of what was sought at the onset of the test.
Understanding the hierarchical structure of bone, the
effects of preparation and influence of external factors
such as loading and the machine interface is the first step
to performing a sound mechanical test. Using the basic
mechanical principles, adequate, thoughtful preparation
and careful planning will yield accurate results that will
be reproducible and acceptable to the highest standards.
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1. INTRODUCTION

Most of our understanding of brain function derives from
electrophysiology studies that use single and multiple unit
recordings. This methodology is precise, but tedious, and
the data produced are inherently undersampled because
coverage over large areas of the cortex is impractical.
Optical imaging techniques provide an alternative ap-
proach. However, these methods cannot penetrate more
than B1 mm in depth on the exposed cortical surface
when used for high resolution functional mapping and
are restricted to a few millimeters with relatively course
spatial resolution when performed noninvasively through
the intact scalp and skull (1). Radioactively labeled glu-
cose analog 2-[1-14C]-deoxyglucose has been used in early
seminal experiments on functional parcellation in the
brain [e.g., (2)]; this method, however, is limited by the
availability of differently labeled glucose analogs, and
hence, the number of conditions that can be studied in a
single animal. Of course, a major drawback with all of
these methodologies is that they are invasive, or even
terminal, therefore, unsuitable for human brain applica-
tions.

These limitations are the reasons why functional mag-
netic resonance imaging (fMRI), since its introduction (3–
5), has come to play a dominant role in both human and
animal model studies. Today, functional images in the
brain can be obtained using the BOLD mechanism (3–5),
measurement of cerebral blood flow (CBF) changes with
arterial spin labeling (ASL) [e.g., (6–11) and references
therein], intravoxel incoherent motion (12,13), and cere-
bral blood volume (CBV) alterations [e.g., (14–17)]. These
methods have revolutionized our ability to study brain
function, especially human brain function, which is en-
dowed with unique capabilities that often cannot be
studied in animal models. In this review, the authors
have tried to provide a critical evaluation of most of these
methods—their shortcomings, strengths, and promises.
The critical evaluation is not meant, however, to detract
from the accomplishments and current utility of these
methods. Rather, it is provided with the view to future
developments that can rectify some of the current limita-

tions, recognizing that even the simplest and the most
commonly used functional imaging study (i.e., gradient
echo (GE) BOLD fMRI) performed at 1.5 Tesla magnetic
field strength has been and will continue to be of immense
utility.

2. BOLD-BASED FUNCTIONAL IMAGING OF THE BRAIN

The most commonly used fMRI approach, introduced in
1992 (3–5), is based on imaging regional deoxyhemoglobin
perturbations that accompany modulations in neuronal
activity. This contrast mechanism is referred to as blood
oxygen level dependent (BOLD) contrast (18–21). It origi-
nates from the intravoxel magnetic field inhomogeneity
induced by paramagnetic deoxyhemoglobin sequestered in
red blood cells, which in turn are compartmentalized
within the blood vessels. Magnetic susceptibility differ-
ences between the deoxyhemoglobin-containing compart-
ments versus the surrounding space devoid of this
strongly paramagnetic molecule generate magnetic field
gradients across and near the boundaries of these com-
partments. Therefore, in images sensitized to BOLD con-
trast, signal intensities are altered if the regional
deoxyhemoglobin content is changed. This occurs in the
brain because of spatially specific metabolic and hemody-
namic responses to enhanced neuronal activity. Regional
cerebral blood flow (CBF) increases while oxygen con-
sumption rate (CMRO2) in the same area is elevated to a
lesser degree, resulting in decreased extraction fraction
and lower deoxyhemoglobin content per unit volume of
brain tissue. Consequently, signal intensity in a BOLD
sensitive image increases in regions of the brain engaged
by a ‘‘task’’ relative to a resting, basal state.

2.1. Data Acquisition Considerations

In BOLD contrast, signal is acquired simply after a delay,
te, following excitation. A refocusing pulse may or may not
be applied during this delay. When refocusing pulses are
not applied, one uses field gradient pulses to form an echo
in imaging; consequently, such echoes are called ‘‘gradi-
ent-recalled’’ or ‘‘gradient’’ echoes, abbreviated simply as
GE. This is the first technique introduced for functional
mapping using the BOLD approach (3–5). In the presence
of a refocusing pulse, the spin-echo (SE) signal (echo-
amplitude) detected after the echo time TE decreases
according to exp(-TE/T2) where T2 is the spin-lattice
relaxation time associated with the decrease of magneti-
zation in the transverse plane. Spin echoes can also yield
functional information in the brain leading to SE based
fMRI. SE fMRI is sensitive to only a subset of the
processes that lead to BOLD contrast in the GE experi-
ment, while everything that contributes to functional
signals in SE fMRI also contribute to GE BOLD fMRI.

In a gradient echo, signal loss occurs through relaxa-
tion processes that contribute to T2 as well as by signal
cancellation that arises due to ‘‘dephasing’’ of the magne-
tization in the presence of magnetic field inhomogeneities.
The latter is recoverable with a refocusing pulse and does
not contribute to spin-echoes. In a gradient echo image,
the appropriate relaxation constant of magnetization in
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the transverse plane is T2*. BOLD contrast refers to T2* or
T2 changes due to magnetic field inhomogeneities gener-
ated by magnetic susceptibility difference across red blood
cells membranes and across the luminal boundaries of
blood vessels. Oxygenated blood is diamagnetic and has
similar properties as tissue. However, deoxyhemoglobin
molecule is paramagnetic, and its presence leads to a large
susceptibility difference between compartments that con-
tain this molecule and others that are devoid of it.

During increased neuronal activity, deoxyhemoglobin
content is altered in the brain; this change is accompanied
with small but measurable decreases in T2 and T2* and
was experimentally documented in early days of fMRI
(Fig. 1) (22). Provided that ‘‘noise’’ in fMRI data is domi-
nated by the intrinsic thermal noise of MR images, it is
easy to show that the optimum TE for detecting the signal
intensity difference induced by this T2 or T2* change in a
spin- or gradient-echo signal is equal to T2 or T2*, respec-
tively (23). In the brain, T2 and T2* are field dependent
(Table 1) (24–27).

Image acquisition can be accomplished using ‘‘slices’’
where a frequency selective RF pulse is employed to
restrict the signal origin to a single slice, typically 3 to
10 mm in thickness. Signal from the slice is spatially
encoded in the two remaining orthogonal dimensions
and acquired either by means of techniques that require
multiple applications of the RF pulse [such as FLASH
(28), and see reviews (29–31)], or by methods that com-
plete the entire spatial encoding and acquisition for the
slice in a single shot (such as Echo Planar imaging (EPI)
or SPIRAL imaging [e.g., (32)]). Segmented versions of

EPI and SPIRAL are also employed based on hardware
restriction and/or resolution requirements; these segmen-
ted approaches rely on not a single but a few RF excita-
tions, but significantly less than those employed in
methods like FLASH to collect the data for a single slice
[e.g., (33–35)].

In MR imaging terminology, k-space refers to the two or
three-dimensional matrix of data points collected during
image acquisition. When the image acquired is from a slice
only, the k-space data reside in two dimensions, represent-
ing the encoding along two orthogonal directions that
define a plane perpendicular to the slice selection direc-
tion. A 2-D Fourier transform then converts this into an
image of the slice. In techniques like FLASH, one line
along a single dimension of k-space is collected after each
RF pulse. In single shot approaches, as the name implies,
the entire k-space points are covered after a single RF
pulse using multiple gradient echoes. Acquiring the image
of a slice with single shot methods takes approximately
B20–100 msec depending on the available hardware. In
contrast, techniques like FLASH typically take seconds to
achieve the same task. Segmented EPI schemes are in
between the single shot and FLASH approaches: They
cover more than 1 line but less than the entire k-space in a
single segment.

At higher magnetic fields, it is necessary to acquire
single shot images faster, because the signal disappears
faster subsequent to excitation (i.e., the T2* is shorter).
The main reason for this is the increased magnetic field
inhomogeneities generated in the sample as a result of
compartments with different magnetic susceptibilities.
These compartments can be blood vessels ranging in size
from a few microns to several millimeters or significantly
larger entities such as the air filled sinuses and ear
cavities. These inhomogeneities are detrimental in single
shot techniques but their deleterious influence can be
minimized by rapid image acquisition. Thus, at 4 Tesla
and 7 T, single shot images have been acquired so far in
B30 msec, limited in speed by gradient hardware. At
1.5 T, acquisition speeds in the range 50 to 100 msec are
tolerable and are utilized.

Single shot techniques provide distinct advantages to
the others. These advantages are the ability to acquire
rapidly multiple slices to cover the whole head, and
suppress image-to-image signal fluctuations. The latter
advantage touches on a very interesting subject: namely,
in consecutively acquired images from the brain, there
exists image-to-image signal fluctuations that arise from
physiologically induced processes such as blood vessel
pulsation, vasomotion, and respiration (reviewed further
on). Of course, the intrinsic signal-to-noise ratio (SNR) of a
single image has to be sufficiently good (e.g., better than
50/1) so that these physiologically induced fluctuations
can be detected. These image-to-image signal fluctuations
come into single shot versus multiple shot acquisitions in
a different way and are much more deleterious for the
multiple shot techniques (36,37). This effect can be mini-
mized by data processing strategies in multiple shot as
well as in single shot techniques [e.g., (36–44)]. However,
such strategies require intrinsically very good SNR and,
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Figure 1. Change in T2* in the visual cortex for the human brain
induced by visual activation. Log of signal intensity is plotted as a
function of echo delay TE for a gradient recalled echo study of
activation in the visual cortex. A linear relationship is seen as
expected from the exponential signal decay with time constant
T2*. The data are shown for the same voxels that were found to be
‘‘activated’’ during the visual stimulations study, both before and
during the visual stimulation period. Some voxels were identified
as originating from large venous vessels. Tissue areas had no
visible blood vessels at resolution of vessel weighted MR images.
A multi-echo sequence was used to collect the data for all echo
times simultaneously. From Menon et al. (22).
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for some, rapid image acquisition so as to capture the
physiologically induced fluctuations accurately.

The main disadvantage of the single shot techniques is
the difficulty of achieving high-resolution images, espe-
cially at high magnetic fields where the signal loss on the
transverse plane is faster. Thus, columnar level functional
imaging in humans (45) that requires at least 0.5 mm
spatial resolution would be practically impossible to per-
form with single shot techniques. In this respect, multiple
shot approaches or segmentation schemes are advanta-
geous.

2.2. Mechanism of BOLD-Based Functional Imaging Signals

BOLD contrast reports on the deoxyhemoglobin content in
the brain, which is determined by two parameters: (1) the
deoxyhemoglobin concentration in blood and (2) the total
amount of deoxyhemoglobin containing blood in a given
volume of brain tissue. Deoxyhemoglobin concentration in
blood is determined by CMRO2/CBF ratio (i.e., the rate at
which oxygen is used compared to its delivery rate). The
total amount of deoxyhemoglobin is determined by the
product of deoxyhemoglobin concentration and blood vo-
lume in tissue. This aspect of the BOLD effect is therefore
determined only by physiology.

Susceptibility gradients generated around blood ves-
sels because of the presence of deoxyhemoglobin depends
on vessel diameter. Consequently, the blood vessels play a
critical role in generation of the MR detectable signals
induced by alterations in neuronal activity. The nature of
the MR detectable signals also depends on parameters
other than physiology, namely magnetic field magnitude
and the type of pulse sequence used.

The BOLD effect has two components: extravascular
and intravascular (i.e., blood related). First, let us ignore
the intravascular space and focus on the extravascular
space only. When deoxyhemoglobin is present in a blood
vessel, magnetic susceptibility of the space within the
blood vessel is different than outside the blood vessel.
This results in a homogeneous field within the blood
vessel1 but an inhomogeneous field outside the blood

vessel. If one considers an infinite cylinder as an approx-
imation for a blood vessel with magnetic susceptibility
difference Dg then the magnetic field expressed in angular
frequency,2 at any point in space, will be perturbed from
the applied magnetic field o0 (46). Inside the cylinder, the
perturbation, DoB will be given by the equation

Doin
B ¼ 2pDwOð1� YÞoo½cos2ðyÞ � 1=3� ð1Þ

At any point outside the cylinder, the magnetic field will
vary depending on the distance and orientation relative to
the blood vessel and the external magnetic field direction,
according to the equation:

Doout
B ¼ 2pDwOð1� YÞoO½rb=r�2 sin2

ðyÞ cosð2fÞ: ð2Þ

In these equations, DwO is the maximum susceptibility
difference expected in the presence of fully deoxygenated
blood, Y is the fraction of oxygenated blood present, rb

designates the cylinder radius, r is the distance from the
point of interest to the center of the cylinder in the plane
normal to the cylinder. The angles and the relevant
distances are depicted in Fig. 2. Note that outside the
cylinder, the magnetic field changes rapidly over a dis-
tance comparable to two or three times the cylinder
radius; at a distance equal to the diameter of the cylinder
from the cylinder center, DoBout is already down to 25% of
its value at the cylinder boundary.

Table 1. T2 and T2* Values (ms) as a Function of Field Strength (24–27)

White Matter Gray Matter
Source

T2 T2* T2 T2*

1.5 Tesla 7475 8772 26
4 Tesla 49.872.2 6376.2 27
4 Tesla 57.973.8 67.176.0 41.475.5 25 (for T2); 24 (for T2*)
7 Tesla 45.971.9 55.074.1 25.173.5 25 (for T2); 24 (for T2*)

BO

Blood vessel

θ

ϕ

r

Figure 2. Diagram of a cylinder representing a blood vessel and
the parameters that determine magnetic field at point outside of
the cylinder when the susceptibility inside and outside the
cylinder is not the same.

1In reality, this statement is correct strictly if we treat blood as a
homogeneous medium with a magnetic susceptibility that differs
from the surrounding tissue. However, within blood, deoxyhemo-
globin is compartmentalized within red blood cells. This leads to
magnetic field inhomogeneities around the red blood cells, thus to
a non-uniform field distribution within the blood. However, the
spatial scale of these inhomogeneities is sufficiently small that
water diffusion in blood averages them out, effectively resulting in
a uniform field.
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In a GE BOLD-based fMRI experiment, images are
acquired after a delay TE in order to sensitize the image to
magnetic field inhomogeneities. In the SE approach, there
is a single 180 degree ‘‘refocusing’’ pulse in the delay
period TE. As previously discussed, intra-voxel magnetic
field inhomogeneities will lead to signal loss during the
evolution period TE. If the typical diffusion distances of
water in tissue during the delay TE are comparable to the
distances spanned by the magnetic field gradients within
that tissue, then during this delay, the tissue spins will
experience a time-averaged magnetic field in the extra-
vascular space where the magnetic field gradients exist.
This type of averaging due to motion of the spins is
referred to as ‘‘dynamic’’ averaging. Dynamic averaging
is what is detected in SE fMRI experiments. GE, on the
other hand, contains additional contributions.

Typical TE values used in fMRI experiments depend on
the field strength and the specifics of the pulse sequence,
but in general range from B15 to B100 ms. Thus, blood
vessel size compared to the diffusion distances in this
B15–100 ms time domain becomes a critical parameter in
the BOLD effect. In this time scale, diffusion will dynami-
cally average the gradients around small blood vessels
(e.g., capillaries) that contain deoxyhemoglobin and, thus,
result in a signal decay that will be characterized with a
change in apparent T2 (47–49). In a spin-echo experiment
with a single refocusing pulse in the middle of the delay
period (i.e., a Hahn Spin Echo), the phase accumulation
that has taken place during the first half of the echo will
not be reversed fully because the spins will not be able to
trace back their trajectories exactly due to the presence of
the diffusion. Of course, applying many refocusing pulses
as in a Carr–Purcell pulse train or applying a large B1 field
(relative to the magnitude of the magnetic field inhomo-
geneity) for spin-locking during this delay will reduce or
even eliminate this signal loss due to dynamic averaging.
In a gradient echo measurement, dynamic averaging will
also occur during the entire delay TE. If the imaging voxel
contains only such small blood vessels at a density such
that one-half the average distance between them is com-
parable to or less than diffusion distances (as is the case in
the brain where capillaries are separated on the average
by B25 to 40 mm (50,51)3, then the entire signal from the
voxel will be affected by dynamic averaging.

In considering the movement of water molecules
around blood vessels, we need not be concerned with the
exchange that ultimately takes place between intra- and
extravascular water across capillary walls. Typical life-

time of the water in capillaries exceeds 500 ms (52–54),
significantly longer than the T2 and T2* values in the
brain tissue and longer than the period TE typically
employed in fMRI studies.

For larger blood vessels, complete dynamic averaging
for the entire voxel will not be possible. Instead, there will
be ‘‘local’’ or ‘‘partial’’ dynamic averaging over a subsection
of the volume spanned by the magnetic field gradients
generated by the blood vessel. However, there will be
signal loss from the voxel due to static averaging if
refocusing pulses are not used or asymmetric spin echoes
are employed. Following the excitation and rotation onto
the plane transverse to the external magnetic field, the
bulk magnetization vector of the nuclear spins will precess
about the external magnetic field with the angular fre-
quency oBout. A water molecule at a given point in space
relative to the blood vessel will see a ‘‘locally’’ time-
averaged oBout , o, Bout, which will vary with proximity to
the large blood vessel. Thus, signal in the voxel will then
be described according to equation

SðtÞ¼
X

k

soke
�TE=T2k ðe�io

k
TEÞ; ð3Þ

where the summation is performed over the parameter k,
which designates small volume elements within the voxel;
the time-averaged magnetic field experienced within
these small volume elements is ok in angular frequency
units. Because okTE varies across the voxel, signal will be
‘‘dephased’’ and lost with increasing echo time TE. This
signal loss occurs from ‘‘static averaging.’’ In this domain,
if the variation ok over the voxel is relatively large and
evenly distributed (e.g., gaussian distribution), signal
decay can be approximated with a single exponential
time constant T2*. In a spin-echo, the static dephasing
will be refocused and thus eliminated.

Consistent with the discussion above, modeling studies
(48) demonstrate that the relaxation of spins due to the
presence of cylinders with a different susceptibility are
given by:

R2 � ¼ 1=T2 � ¼ a½DwOBOð1� YÞ�bvl: ð4Þ

For large vessels (static dephasing regime). For small
vessels only,

R2 � ¼R2¼ 1=T2¼ Z½DwOBOð1� YÞ�2bvsp: ð5Þ

All other relaxation mechanisms (e.g., dipole-dipole
coupling) are ignored. In these equations, a and Z are
constants, is the external magnetic field, DwOBOð1� YÞ

� �

is the frequency shift due to the susceptibility difference
between the cylinder simulating the deoxyhemoglobin
containing blood vessel and the space outside the cylinder,
bvl is the blood volume for large blood vessels (veins and
venules with a radius greater than B5mm for 4 T) and bvs

is the small vessel blood volume (capillaries and small
venules, less than B5 mm in radius that permit dynamic
averaging), and p is the fraction of active small vessels

2In the presence of a magnetic field Bo the angular ‘‘resonance’’ or
Larmor frequency oo is given by oo¼ gBo where g is the
gyromagnetic ratio which is 2.6751965�104 rad s� 1 G� 1 for
protons in a spherical water sample.
3Capillary density in the brain is not a constant and varies from
region to region. In the cat visual cortex, the average distance
between capillaries has been reported to be B25mm . Pawlik G,
Rackl A, Bing RJ. Quantitative capillary topography and blood
flow in the cerbral cortex of cats: an in vivo microscopic study.
Brain Res. 1981; 208(1)35–58.; in contrast in the human primary
motor cortex it was reported to be B40mm . Duvernoy HM, Delon
S, Vannson JL, Cortical blood vessels of the human brain. Brain
Res Bull 1981; 7(5):519–579.
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(i.e., filled with deoxyhemoglobin containing red blood
cells).

Figure 3 illustrates R2* modeled for infinite cylinders
in a voxel as a function of the voxel diameter and the
difference in the susceptibility between the intra- and
extra-cylinder volume expressed as frequency difference
in Hz. When the cylinder radius is between 5 to 10
microns, a transition occurs in the dependence of R2* on
the radius. At radii larger than this transition region, R2*
is independent of the radius—this is the pure static
averaging regime associated with large cylinders. For
radii in the 10 micron or smaller range, the R2* decreases
because the diffusion actually averages these field inho-
mogeneities, increasingly effectively at smaller radii.

An important prediction of modeling studies (47–49,55)
is that the large and small vessel extravascular BOLD
effects differ and the microvascular contribution varies
supralinearly with the external magnetic field. In con-
trast, the dependence on the external magnetic field is
linear for large blood vessels in the static averaging
domain.

However, in considering the effect of magnetic fields on
the BOLD mechanism, we must also consider purely blood
effects (intravascular contribution) as opposed to extra-
vascular contributions specified in Equation 4 and Equa-
tion 5. In the blood, hemoglobin is also compartmentalized
within red blood cells. Thus, when the deoxy form is
present, there are field gradients around the red cells.
However, because the dimensions are very small com-
pared to diffusion distances, the effect is dynamically
averaged and becomes an ‘‘apparent’’ T2 effect only. The

dynamic averaging in this case also involves exchange
across the red blood cell membrane that is highly perme-
able to water. The exchange is between two compart-
ments, plasma and the interior of the red blood cell
where the magnetic field is significantly different because
of the presence of paramagnetic deoxyhemoglobin. Thus,
in the presence of deoxyhemoglobin containing red blood
cells, apparent T2 of blood decreases and can be expressed
as 1/T2¼Aoþ kBo

2(1�Y)2 where Ao is a field independent
term and k is a constant (see Ref. 56 and references
therein). Therefore, the T2 of blood will change when the
content of deoxyhemoglobin is altered by elevated neuro-
nal activity and this will lead to a signal change in the
apparent T2 or T2* weighted image. This effect will be
present wherever the content of deoxyhemoglobin has
changed, thus potentially both in large and small blood
vessels.

2.3. Inflow Effects in BOLD-Based fMRI

Flow increases within large vessels supplying and drain-
ing the activated brain tissue is inevitable during the
hemodynamic response that supplies more blood to the
area of increased activity. This macrovascular flow change
can lead to signal alterations in images intended to report
on BOLD contrast [e.g., (22,57–60)]. This is not because
BOLD contrast itself contains a direct flow effect; rather,
image contrast may not be purely of BOLD origin because
any repeated, slice-selective image is inherently flow
sensitive if the signal within the slice does not attain
full relaxation between consecutive signal excitations. In
single slice studies, allowing full relaxation in between RF
pulses eliminates this problem completely; however, this
condition often is not satisfied in many studies since it
leads to a loss in SNR per unit time. Consequently, such
studies essentially obtain images of macrovascular flow
rather than the much smaller BOLD changes. This pro-
blem was demonstrated with clarity by comparing pre-
sumably BOLD-based ‘‘functional’’ images with vessel
images in two and three dimensions (58,61).

When full relaxation is allowed for each slice, a small
macrovascular inflow problem may still be present in
multislice studies due to inter slice effects. For example,
blood experiencing an RF pulse in one particular slice will
subsequently travel to other parts of the brain and, in
turn, affect the intensity of signals from a slice sampled at
a later time. The sensitivity to this problem will depend on
the imaging sequence used, and how the different slices
are sampled and the orientation of slices since most
macrovascular flow occurs along a superior-anterior direc-
tion in the human brain. Experimental evidence, however,
indicates that this type of inter-slice flow contribution to
BOLD-based multislice imaging is negligible (62).

3. PERFUSION IMAGING

BOLD-based images reflect a complex interplay between
function-induced changes in oxygen consumption, blood
flow and blood volume, with blood flow changes dominat-
ing the effect for the positive BOLD response. Blood-flow
changes alone can be utilized to generate functional maps
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Figure 3. The susceptibility induced R2* in the presence of water
diffusion plotted as a function of cylinder radius. Plots are shown
at three different values of frequency shifts (32, 48, 64 Hz). Echo
time¼40 msec, fractional ‘‘blood volume’’ (i.e., volume within
cylinder relative to voxel volume)¼0.02. From Ogawa et al. (48).
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as well using magnetic resonance techniques, thereby
simplifying the underlying mechanism involved in the
functional image.

Images of perfusion or perfusion changes associated
with increased neuronal activity can be obtained using
ASL techniques that utilize the water protons in the blood
as an endogenous ‘‘transient’’ tag. These methods rely on
either continuous [e.g., (63–65)] [or dynamic (i.e., modu-
lated) versions of continuous (66,67)] or pulsed [e.g.,
(7,68,69)] tagging approaches. All of these techniques
benefit from increased T1 encountered in higher magnetic
fields. This is expected to ameliorate errors introduced by
transit delays, extend coverage over the brain and yield
higher CNR, and specificity to tissue. Excellent perfusion
images based on continuous arterial spin tagging have
already been accomplished at 3 Tesla (70) and this ap-
proach has also been used for functional mapping at 3
Tesla (71).

The tissue specificity of ASL can improve at high
magnetic fields because of the fact that tagged spins
require a finite amount of time to reach the capillaries
and exchange with tissue water. At shorter periods, larger
blood vessels in the arterial side can dominate the mea-
surement, confounding quantitation of blood flow or blood
flow changes [e.g., (72)], and appearing as ‘‘activated’’ in
perfusion based functional images. In ASL measurements,
generally the tag that can be detected in the veins sub-
sequent to the tag’s passage through the capillaries is
thought to be negligible and is ignored, even though there
has not been an experimental confirmation of this. At high
fields, this potential contribution should vanish due to the
short T2 of venous blood.

4. SPATIAL SPECIFICITY OF BOLD AND PERFUSION-
BASED FMRI

Although the neuro- and cognitive science communities
have embraced fMRI with exuberance, caution must be
exercised in quantitatively using fMRI data because fMRI
maps are based on secondary metabolic and hemodynamic
events that follow neuronal activity, and not the electrical
activity itself. One of these issues is the spatial specificity
of the fMRI maps (i.e., how accurate are the maps gener-
ated by fMRI compared to actual sites of neuronal activ-
ity?).

The ability to obtain accurate functional maps at the
level of neuronal clusters that respond to a highly reduced
attribute of the input is imperative if fMRI is to make
contributions to brain science beyond its current capabil-
ities. This is not just a question of mapping ocular
orientation or dominance columns but has important
implications for cognitive neurosciences. It is not known
to what degree functional parcellation occurs in higher
order visual areas or in other higher order cognitive
functions. For example, clustering, analogous to the well-
recognized columnar organization in the early visual
areas has been proposed for some higher order visual
areas [e.g., inferio-temporal (IT) cortex of monkey with
respect to face and object recognition (73,74)] and could be
a fundamental principle in the entire brain. Such fine

functional parcellation of cortical territory and our inabil-
ity to detect it easily in the human brain may in fact be the
reasons for existing controversies.

In discussing the spatial specificity of this approach, we
must distinguish single condition versus differential map-
ping. Differential mapping refers to functional images
obtained by using two analogous but orthogonal activation
states designed specifically to eliminate or suppress com-
mon signals; the functional image generated corresponds
to a subtraction of the two conditions. In contrast, single
condition mapping does not rely on a subtraction from a
second orthogonal activated state. Mapping ocular dom-
inance columns by stimulating one eye vs the other in an
alternating fashion is differential mapping. Stimulating
one eye and using a dark state as the control would
correspond to single condition mapping. Even if the ima-
ging signals are not specific enough to be confined to the
territory of one column, a functional map of the columns
can be obtained in the differential image if a given group of
columns respond slightly differently to the stimulation of
each eye. In addition, false (i.e., nonspecific) activation,
often associated with draining veins, induced equally by
stimulating the two different eyes would be eliminated in
the difference. Phase encoded mapping of multiple areas
using an activation paradigm that cycles through all
possible stimulations (as employed in the visual system
[e.g., (75–77)] is also a kind of differential mapping be-
cause it suppresses common, non modulating components.

Single condition mapping is significantly more de-
manding on the spatial accuracy of the imaging signals
than differential imaging. However, ability to perform
single condition mapping is important because it is not
always feasible to have a priori knowledge of analogous
but orthogonal activation conditions.

The degradation of spatial specificity might arise from
imprecise spatial-coupling between neuronal activity and
the physiological and metabolic events that ultimately
yield the functional images. Thus, blood flow increases
that accompany enhanced neuronal activity might exceed
the boundaries of active neurons. Alternatively, or in
addition, the lack of spatial specificity could originate
from the fact that vasculature plays a crucial role in the
generation of MR detectable signals from deoxyhemoglo-
bin changes that accompany neuronal activity. In fact, it is
well documented that large ‘‘draining’’ vessels do contri-
bute to the T2* based BOLD signals (22).

4.1. Specificity of Perfusion Changes Coupled to Neuronal
Activity

The two potential limitations on spatial specificity de-
scribed above, in principle, equally apply to perfusion-
based fMRI. Clearly, when the control of perfusion by the
vasculature occurs at a coarser spatial scale than func-
tional clustering, it will lead to spatial blurring in perfu-
sion fMRI. In addition, when blood flow to a volume of
tissue increases, flow in the large arterial and venous
blood vessel that supply or drain blood from that parti-
cular volume of tissue must also increase due to conserva-
tion of mass. It is, therefore, not surprising that blood
vessel dilation produced by neuronal activation propa-
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gates to more distant blood vessels (78). However, the
perfusion measurement techniques by MR can be ‘‘tuned’’
to be selectively sensitive to capillary/tissue level flow and
the large vessel effects can be minimized so as to yield
accurate perfusion maps, i.e. maps that report on water
delivery to the capillary bed and, by exchange across the
capillary wall, to surrounding tissue.

In these MR techniques, a transient perturbation (the
‘‘label’’) is induced in the population of hydrogen nuclei
(spins) of water in blood, outside the tissue of interest; this
label is monitored as it shows up in the tissue of interest
after a delay (the tagging time) that is long enough to
permit arrival into the capillary and tissue but not long
enough to reach a new equilibrium state. In this case, the
amount of ‘‘label’’ detected in the tissue of interest is
proportional to blood flow, and increases with elevated
neuronal activity. Since arterial side is permeated with
fresh blood significantly faster relative to the tissue,
tagging times sufficiently long to allow the equilibrium
state to be reached in the large arteries versus the tissue
is different. Thus, long tagging times (B2 s) (72) eliminate
arterial component from perfusion images. The long tag-
ging times, however, may lead to the tagged spins appear-
ing in the venous side, thus leading to false ‘‘activation’’ in
the veins. At high magnetic fields, the spin-spin relaxation
rate (T2) of venous blood is very short (79,80) so that this
effect can be selectively eliminated by a brief delay after
excitations of spins but before image acquisition. Accord-
ingly, perfusion-based fMRI maps have been shown to
yield accurate images and co-localize with Mnþ 2 uptake
(81), a marker of calcium dependent synaptic activity (82).

In the absence of large vessel contributions, perfusion-
based fMRI can be used to examine the critical physiolo-
gical question related to specificity of blood flow increases.
Namely, are perfusion changes confined accurately to the
region of increased neuronal activity in the spatial scale of
columnar organizations? Such a study was performed
recently using the iso-orientation columns in the cat
visual system (8). It demonstrated that while perfusion
increases that follow neuronal activation were not ‘‘per-
fectly’’ localized at the iso-orientation column level, the
difference between active and neighboring inactive col-
umns was large and permitted single condition mapping
(Fig. 4) (8). This is a fundamentally important result for
brain physiology and functional mapping because it de-
monstrates for the first time blood flow changes are
regulated even at the level of iso-orientation columns
and that these tissue level flow changes can be used to
obtain maps with columnar specificity. This conclusion
was initially considered to be in conflict with results from
optical imaging techniques because CBV maps from such
techniques were shown not to have columnar specificity.
However, there is a very important difference between the
optical imaging and MR perfusion imaging data. Namely,
as discussed above, the MR methods can be set to elim-
inate the confounding problem coming from large vessel
effects, which degrade spatial specificity. When the signal
origin is restricted to the accurate capillary/tissue signals,
columnar activation is detected by the MR method. How-
ever, the optical methods intrinsically do not have this
selective ‘‘tuning’’ capability and report on all volume

changes; thus they are in fact dominated by large vessel
effects. Recent optical imaging studies conducted subse-
quent to the perfusion mapping of iso-orientation columns
by MR, have confirmed this fundamental difference and
demonstrated that when large vessel effects are taken out
CBV based optical imaging techniques also yield columnar
level mapping signals [e.g., (83–85)].

This perfusion based fMRI work by Duong et al.
indicated for the first time that there must be regulation
of blood flow control in the submillimeter (B300 to
400 mm) scale. Consistent with this results, the point
spread function (PSF) of the CBF response to visual
stimulation has been measured to be B0.6 mm [full width
half maximum (FWHM)] in the cat primary visual cortex
(86). This number includes the neuronal contribution to
the PSF as well. This PSF imposes a fundamental limita-
tion on spatial specificity in all functional imaging tech-
niques that directly [e.g., ASL or positron emission
tomography (PET)] or indirectly (e.g., BOLD) rely on blood
flow as the imaging signal. However, it also demonstrates
that blood flow regulation does not exist only at the
arteriolar level but capillary level regulation must occur.
This follows simply from the fact that spatial separation of
arterioles within the cortex is such that it cannot yield a
PSF of 0.65 mm. Subsequently, CBV based fMRI studies,
conducted using the extravascular contrast agent MION
(see discussion further on), have also demonstrated single
condition columnar resolution fMRI changes (87).
Furthermore, with its superior sensitivity, CBV activation
studies in animals have demonstrated that fMRI can
detect and resolve laminar activity and that the larger
intralaminar fMRI signal changes correspond to cortical
layer 4 [(88,89) and references therein].

4.2. Hahn Spin Echo (HSE)-Based Bold Images

Virtually all current fMRI studies are carried out using
GE (T2* weighted) BOLD technique. However, with the
availability of high magnetic fields, there is increasing
justification for considering HSE-based functional map-
ping for improved accuracy. BOLD-based functional maps
with suppressed large vessel contribution can be obtained
with Hahn Spin Echo approach at high but not low
magnetic fields. HSE fMRI responds to apparent T2 (as
opposed to T2*) changes both in the extravascular space
around microvasculature (48,90), and in blood itself (91–
93). The former provides spatial specificity in the hundred
micron spatial scale because capillaries are separated on
the average by B25 toB40 mm (50,51) (see footnote 3). The
blood effect, however, can be associated with large and
small blood vessels and hence degrades spatial specificity
of fMRI. However, the apparent T2 of venous blood de-
creases quadratically with magnetic field magnitude (79)
and is diminished from B180 ms at 1.5 Tesla (94) to B6 ms
at 9.4 Tesla (80), significantly smaller than brain tissue T2

and the TE values that would be used at such field
strengths.

The extravascular HSE BOLD effect, which is micro-
vascular in origin, is a small effect. As a result, it is
reasonable to question whether it is at all detectable at
any field strength or whether HSE BOLD signals origi-

BRAIN FUNCTION, MAGNETIC RESONANCE IMAGING OF 7



nate predominantly from blood contribution. Both of these
questions were specifically examined using separate ex-
periments

Whether extravascular BOLD effect exists was exam-
ined using weak but detectable 1H resonances of metabo-
lites, such as N-acetyl aspartate (Fig. 5), that are
sequestered intracellularly [95]. Any BOLD effect ob-
served on such signals can only be entirely extravascular
in origin. A BOLD effect on intracellular metabolites was
clearly detectable at 4 and 7 Tesla, leading to the clear
demonstration that extravascular spin-echo BOLD effects
exist in the human brain.

The blood contribution to HSE BOLD fMRI was eval-
uated using Stejskal and Tanner gradient pair first intro-
duced for diffusion measurements (96). This gradient pair,
often referred to as ‘‘diffusion weighting’’ gradients, also
suppresses blood significantly more than tissue spins in
the brain. This is because the diffusion of blood water is

much faster than in tissue, and the gradient pair dephases
blood spins. The latter effect arises because flowing spins
acquire a velocity dependent phase in the presence of
these gradients. Flow rates are non-uniform within a
blood vessel. Furthermore, the blood vessels change direc-
tions within a voxel, or there may be several different
blood vessels with different flow rates and/or different
orientations relative to the gradient directions. Since the
blood signal detected from the voxel will be a sum of all of
these, the net result can be signal cancellation due to
dephasing of flowing spins (IVIM effect) (97).

The Stejskal-Tanner pulsed gradients can be used to
distinguish between intra-and extra-vascular BOLD ef-
fects in functional images. Such experiments conducted at
1.5 Tesla have concluded that most of the BOLD-based
signal increase during elevated neuronal activity is elimi-
nated by bipolar gradients, leading to the conclusion that
most of the fMRI signal at 1.5 Tesla arises from intravas-
cular or blood related effects (98,99). At 3 Tesla, B50% of
the HSE functional signal changes has been attributed to
blood using the same type of experiments (100).

The effect of the Stejskal–Tanner gradients on brain
tissue signal intensity at 4 and 7 Tesla was examined and
found to agree well with the modeling predictions (56).
The dependence on the b value for diffusion-weighted
spin-echo BOLD data, averaged for all subjects, are illu-
strated in Fig. 6 for an echo time of 32 ms for both at 4 and
7 T, and for echo times of 65 and 55 ms for 4 Tesla and 7 T,
respectively (56). The 32 ms echo time is shorter than
tissue T2 at both fields. Blood contributions are expected to
be echo time dependent and diminish with increasing echo
time for TE values exceeding the blood T2. At about 32 ms
TE, blood contribution to 7 Tesla is expected to be minimal
since T2 of blood is short (24). However, for 4 T, where the
T2 of blood is B20 ms, the blood is still expected to
contribute. The 32 ms TE data in Fig. 6 emphasizes that
at this echo time, signal changes associated with activa-
tion that are attributable to blood (and thus can be
suppressed with diffusion gradients) are a small fraction
of the total signal change at 7 T; in contrast, signal
changes associated with activation at this echo time arise
predominantly from blood at 4 Tesla. This would still be
the case in gradient echo fMRI experiments where typical
echo times employed would be approximately 30 ms. At
the longer echo times, however, as expected, percent
changes at both fields were only slightly reduced by the
diffusion-weighting gradients. There is a relatively small
but persistent reduction in stimulation-induced signal
intensity change that is field independent; this is ascribed
to the elimination of so called ‘‘in-flow’’ effects that arise
because full relaxation is not allowed between consecutive
images.

At 9.4 Tesla, the effect of the Stejskal-Tanner gradients
are similar to 7 Tesla results reported for the human brain
above (80). In a Hahn spin-echo weighted fMRI study
conducted in the rat brain (forepaw stimulation, sym-
metric spin-echo with one 1801pulse), we observed that
the activation is not altered at all going from very small to
very high b values (Fig. 7) (80).

Therefore, one can conclude that at these very high
magnetic fields, unwanted blood contributions to the
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Figure 4. Activation maps of two orthogonal iso-orientation
domains in the cat visual cortex obtained separately with perfu-
sion based mapping. Panel a, shows perfusion based images
obtained with two orthogonal orientations (45 and 135 degree
gratings), demonstrating their complimentarity. Each map was
acquired as a single condition map where the grating of one
orientation was either moving back and forth (activation condi-
tion) or static (control condition). Bottom trace (Panel b) shows
the blood flow (perfusion) response in all the voxels identified as
‘‘activated’’ either by the 45 degree or 135 degree gratings for the
two orthogonal stimulations. All voxels identified as ‘‘activated’’
for 45 degree orientation display a large perfusion increase during
stimulation by this orientation gratings and show a smaller but
detectable perfusion increase in response to the 135 degree
gratings. The opposite of this is observed for the voxels identified
as activated for 135 degree gratings. A marked perfusion increase
(B55%) following 451 or 1351 stimulus was observed in the
regions tuned to these orientations, while the stimulation with
the orthogonal orientation lead to a 3.370.6 fold smaller perfu-
sion increase in the same region. Adapted from Ref. 8.
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BOLD effect are virtually eliminated at typical TE values
that correspond to gray matter T2. This TE value would
represent the optimum TE for spin-echo fMRI assuming
that the ‘‘noise’’ in the spin-echo fMRI data (i.e., image-to-
image fluctuations in signal intensity) is TE-independent;
this certainly would be the case at very high resolution
where intrinsic image SNR dominates the ‘‘noise’’ in the
fMRI series and is also the case for HSE functional
mapping even at low resolution (see discussion later on
and Ref. 101). Thus, at these ‘‘optimal’’ echo times, both
7 Tesla and 4 Tesla human fMRI data as well as 9.4 Tesla
rat data are equally devoid of blood-related degradations
in specificity.

Even though both at 4 Tesla and 7 T undesirable blood
contributions are suppressed at the optimum TE, there is
still an advantage to the 7 Tesla over the 4 Tesla. This
advantage is the substantially improved CNR of the HSE
functional images, which increases approximately quad-
ratically with field magnitude (Fig. 8) (25). This is ex-
pected based on modeling studies and was also verified
experimentally (25). This CNR enhancement is extremely
important in view of the fact that CNR for HSE fMRI is
low even at 4 Tesla. Note, however, that similarly long
echo times are not useful for 1.5 Tesla for suppressing the
blood effect because blood T2 is equal to or exceeds tissue
T2. At that field magnitude, the blood contribution is
substantial at TE values in the vicinity of tissue T2
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Figure 6. Experimental evaluation of blood contribution to 7
Tesla Hahn Spin Echo Functional Images: Figure shows normal-
ized HSE BOLD percent changes as a function of b value for short
and long echo times at 4 and 7 Tesla in a region of interest (ROI)
defined in the b¼1 map. Percent changes were normalized to the
BOLD change at b¼1 s/mm2 for each subject and averaged for
each field. Closed rectangles and circles indicate HSE data with
TE of 65 ms at 4 Tesla (n¼7) and with TE of 55 ms at 7 Tesla (n¼
4), respectively. Open rectangles and circles indicate HSE data
with TE of 32 ms at 4 and 7 T, respectively, for 2 subjects at each
field (six repeated measurements were made for each subject).
Error bars are standard errors of the means. For long TE, the
attenuation was not statistically different between 4 and 7 Tesla
(P40.05) (56).
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(B90 ms), and are increasing with TE (Fig. 9) until about
150 ms [(56) and references therein].

The experiments with the ‘‘diffusion’’ weighted gradi-
ents confirm the expectation that blood effects are negli-
gible at high fields. However, experimentally, we are
unable to judge at what level of the vascular tree we
were able to eliminate the blood signals from the image
using the diffusion gradients. Since the apparent T2 of
venous blood is so short, we expect that at all levels of the
venous tree (venules to large veins), blood signals must be
suppressed provided we use echo times that are about
three fold larger than the apparent venous blood T2. The
intra-capillary blood, however, is unlikely to be fully
suppressed. In the capillary, red blood cell density is
non-uniform and oxygenation level varies from the arter-
ial value to the venous value from one end of the capillary
to the other end. However, this is immaterial as to
whether capillary blood still contributes or not at high
fields to functional maps; in either case, spatial resolution
is dictated by the capillary distribution.

Thus, as in perfusion imaging, HSE BOLD techniques
are expected to yield columnar level mapping. That they
are capable of distinguishing among different layers has
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background) was significantly reduced by bipolar gradients, as expected due to diffusion. Localized
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already been shown (25,88,102). Recent work measuring
the point spread function (PSF) in the cat cortex have
confirmed this by demonstrating that the full width at half
maximum of the PSF is approximately the same for both
CBF and HSE methods and less than a millimeter
(B0.7 mm) [(86) and see discussion further on].

4.3. Gradient Echo (T2*) Bold Functional Imaging

Virtually all current fMRI studies are carried out using
GE (T2* weighted) BOLD technique. All other fMRI
methods are primarily employed by investigators inter-
ested in mechanisms and methodology development. GE
BOLD fMRI, however, suffers from inaccuracies in func-
tional mapping because of large vessel contributions. This
is true at all magnetic fields because the extravascular
BOLD effect associated with large vessels is always pre-
sent and increase linearly with magnetic field, as pre-
viously mentioned. However, the situation gets better
even for this BOLD approach with higher magnetic fields.

The GE BOLD effect also comes from intravascular and
extravascular sources. The intravascular effect originates
from same mechanism as in the HSE BOLD, namely the
T2 changes induced by deoxyhemoglobin concentration
perturbation when neuronal activity is altered. However,
there is a second mechanism by which blood comes in to
the GE BOLD effect (103,104). This mechanism is opera-
tive when blood occupies a large fraction of the volume of
the voxel. When deoxyhemoglobin is present in the blood,
the blood water will dynamically average the gradients
surrounding the red blood cells and will behave as if it
encounters a uniform magnetic field. This will differ from
the magnetic field experienced by the rest of the voxel. In
the immediate vicinity of the blood vessel, the magnetic
field will vary and approach a constant value in tissue
distant from the blood vessel. For simplicity, we can
neglect the gradients near the blood vessel and consider
the voxel to be composed of two large bulk magnetic
moments, one associated with blood and the rest with
the extravascular volume. These magnetic moments will
precess at slightly different frequencies; therefore, the
signal from the voxel will decrease with time as the two
moments lose phase coherence. In this scenario, the signal
can even oscillate as the phase between the two magnetic

moments increase and then decrease. This mechanism
cannot be operative when a voxel only contains capillaries
since the blood volume is B2% (50). This blood-related
effect appears to be the main source of fMRI signals at 1.5
Tesla and explains the reason why there exists very large
stimulation induced fractional changes at low magnetic
fields (103,104). This effect is diminished and even elimi-
nated at high fields as the blood signal contributions
becomes smaller due to the short T2. Note that, unlike
the extravascular BOLD effect, these blood-related me-
chanisms do not require that DS is dependent on S (or
equivalently, DS/S is independent of S), where S repre-
sents the voxel signal intensity and DS is the activity-
induced signal change in the fMRI data.

As in GE fMRI, all blood related effects diminish
dramatically with increasing magnetic field as blood T2

decreases and blood signal vanish in a typical fMRI
acquisition. However, unlike HSE, the extravascular
BOLD effect for large vessels persists and continues to
be a source of inaccurate functional mapping signals in
GE. Nevertheless, at higher fields such as 7 Tesla, the
microvascular contributions also become large enough so
that its contributions is comparable to the large vessel
effects (101). Figure 10a displays a histogram of the
number of activated voxels, defined by a statistical thresh-
old of p o0.05, versus percent signal change for one
subject, for three different runs performed on different
days at 7 Tesla (101); the figure contains both HSE and GE
fMRI data. An example of a GE image that was used to
extract these data is illustrated in Fig. 10b. In each case,
anatomical landmarks were used to aim for the selection
of the same slice. The activation in the HSE data has a
narrow distribution in percent signal change induced by
visual stimulation, with only few voxels showing increases
larger than 10%. This is consistent with the concept that a
single blood vessel type contributes to these signal
changes. In contrast, the GE BOLD measurements are
characterized by a broad distribution of stimulus-induced
percent changes. In the GE data, there exists a large
concentration of voxels at small percent changes just as in
HSE series; however, there are also a significant number
of voxels displaying large signal changes ranging up to
B25%. This would be expected if different blood vessels,
from capillaries to draining veins, are all contributing.
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Figure 9. Simulation of the intravascular
BOLD signal change, DSblood/(SbloodþStissue),
as a function of echo time for a Hahn spin
echo at 1.5, 3, 4, 7 and 9.4 T. We assumed a
venous blood volume of 0.05, no stimulus-
evoked blood volume change, and an increase
in venous oxygenation level from 0.6 to 0.65
during stimulation. The T2 values of blood
water at different field strengths and as a
function of echo time were calculated from
experimental data (see Ref. 56 for details)
(56).
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The presence of large vessel contribution even at
7 Tesla in T2

� BOLD fMRI images in the human brain
was also demonstrated by comparing perfusion based
images in the human brain with T2

� BOLD fMRI. Both
because of the enhanced SNR and the long T1, high fields
provide advantages for perfusion based functional ima-
ging. In high resolution perfusion images that were ob-
tained at 7 Tesla (11), the activity was found to be confined
to the gray matter ribbon; in contrast, the T2

� BOLD fMRI
images showed highest intensity changes not in the cortex
but in the cerebral spinal fluid space (CSF) space in the
sulci. Within the cortical gray matter, there are 50 to 100
micron veins separated by 1 to 1.5 millimeters that drain
the capillaries. These are the blood vessels that can be
seen in high resolution T2* weighted images as dark lines
traversing the gray matter perpendicular to the cortical
surface [e.g., (20)]. These small veins drain immediately
into similarly sized or somewhat larger veins on the
cortical surface. The draining ‘‘pial’’ veins located on the
cortical surface are the likely source of intense but false

activation seen within sulci in human GRE BOLD images
at 7 Tesla (11).

Despite the presence of large vessel contributions, high
resolution GE functional images at 7 Tesla look very
different than high resolution GE functional images at
lower fields because of the substantial microvascular
contributions at the higher field strength. At lower fields,
high resolution functional images look like venograms
(58); only if the spatial resolution is reduced, the func-
tional image becomes diffuse and activated areas appear
to cover gray matter areas rather than depicting vessels
(103). At higher fields, microvascular contribution increas-
ingly becomes apparent. At 7 Tesla, the activity is diffuse
and covers gray matter even at very high resolution (Fig.
10) (101) albeit together with contaminating signal from
large vessels. At fields of 3 Tesla or above, if contrast-to-
noise permits it would therefore useful to utilize methods
that selectively suppresses large vessel contributions [e.g.,
(105,106)].

We should add that even with these inaccuracies, still a
large number of questions about human cognition can be
answered using GE fMRI even at 1.5 T. However, high-
resolution images at the columnar level become impossible
to attain by GE (T2*) BOLD fMRI at any field strength
unless differential methods can be successfully applied. It
was rigorously demonstrated that T2* BOLD fMRI
method fails to generate single-condition functional
images of iso-orientation domains in the cat cortex
(107,108) at 4.7 Tesla (107). Although the image resolution
was sufficiently good to detect columnar organizations
associated with orientation preference in these studies,
they were not observed. Furthermore, the images were not
complementary when orthogonal orientations were used,
and the highest ‘‘activity’’ was associated with a large
draining vein, the sagittal sinus. Thus, spatial specificity
in the submillimeter domain of iso-orientation columns
does not exist in T2* BOLD fMRI. Additional limitations
on the accuracy of T2* BOLD fMRI were provided by
multiple site single unit recordings and fMRI studies on
the same animal. These studies suggested that the limit of
spatial specificity of T2* BOLD may be in the 2 to 3 mm
range for single-condition maps (109,110). In this study,
high-resolution T2* BOLD fMRI was performed together
with single unit recording at multiple sites. The BOLD
response was found to be proportional to the spiking rate
when data from all recording sites was averaged and
compared with the BOLD response from the entire area
where it was deemed statistically significant. However,
this correlation started breaking down when smaller and
smaller areas were considered for the averaging of the two
distinct measurements, in particular when the area
started decreasing below approximately 4� 4 mm2. At
1.5 Tesla human brain studies using a phase-encoding
method (77), the full width at half maximum of the pint
spread function was estimated to be 3.5 mm.

4.4. Functional Mapping With Initial ‘‘Dip’’

In principle, it is possible to obtain functional images with
better spatial specificity than perfusion if one can map the
changes in cerebral oxygen consumption (CMRO2).
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Figure 10. Stimulus-invoked percent signal change at 7 Tesla in
the human visual cortex. (a) Histograms of percent changes of
repeated (different days) HSE (in blue) and GE (in red) BOLD
studies from the same subject, in the same anatomical location.
(b) Percent signal change versus basal image signal intensity
(normalized). The data were extracted from functional images
obtained with 0.5�0.5x3 mm3 spatial resolution at 7 Tesla (b)
(101).
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CMRO2 increases must occur through increased activity of
the mitochondria in the ‘‘activated’’ neurons, and the
mitochondrial density is high in the synapse rich regions,
predominantly in the dendrites (111). It might be possible
to image CMRO2 increases directly using the magnetic
isotope of oxygen (17O) [e.g., [112–116] and references
therein].

CMRO2 increases can also be mapped indirectly
through its perturbations on the deoxyhemoglobin con-
tent. It has been shown that optical imaging of intrinsic
signals in the cat and monkey visual cortex display a
transient and small signal change ascribed to the deox-
yhemoglobin increase before the onset a larger increase in
blood flow (117–121). In this explanation, it is the lag in
the blood flow response which provides the temporal
opportunity to detect the deoxyhemoglobin increase that
results from the faster response in of CMRO2 elevation.
The optical imaging data also showed that this deoxyhe-
moglobin increase yielded better maps of iso-orientation or
ocular dominance columns than the signals associated
with the hyperoxygenated state. Deoxyhemoglobin in-
crease, however, can only be co-localized with elevated
CMRO2 at early time points after the onset of CMRO2

elevation. Even if subsequent blood flow enhancement did
not occur and the only response detected was a deoxyhe-
moglobin increase, this deoxyhemoglobin increase will co-
localize with enhanced neuronal activity initially, but
later will propagate down the vasculature and appear in
the venous system as discussed previously.

The transient deoxyhemoglobin increase would yield a
negative signal change in a BOLD weighted MR image.
Such a ‘‘dip’’ has been observed in human fMRI experi-
ments (122–128) and in animal models (107,108,129).
However, both in optical imaging and fMRI literature,
the observation of this ‘‘dip’’ has been controversial. The
source of this controversy in the early human fMRI
studies has been the failure of several laboratories to
detect this effect at 1.5 Tesla studies. However, this is a
small effect at low magnetic fields but was shown to
increase substantially with magnetic field magnitude
(127) to yield easily detectable signals at 7 Tesla. Recently,
in intra-operative studies in the human brain, the MR
functional maps obtained from this early ‘‘dip’’ were also
detected and shown to co-localize with electrical record-
ings, whereas T2* BOLD maps did not (128).

In anesthetized animal models, this small dip has not
been highly reproducible presumably because of the per-
turbations of anesthesia on the animal physiology. When
observed, it was found to yield accurate maps at the iso-
orientation columnar level (107,108). However, this early
negative response corresponding to deoxyhemoglobin in-
crease is a very small effect. Furthermore, in order to
obtain accurate maps from it, one must restrict the ob-
servation window to early time points of the early ‘‘dip’’
itself before deoxyhemoglobin disperses to areas distant
from actual volume of activation due to blood flow. At
these early time points of this transient ‘‘dip’’ pattern, the
signals are even smaller. Thus, as a general high resolu-
tion MR imaging approach, it suffers from low contrast-to-
noise.

5. ‘‘NOISE’’ IN FMRI DATA AND FIELD DEPENDENCE OF
FMRI CNR

It is well recognized that the standard deviation of image-
to-image fluctuations in an fMRI series (sfMRI) is usually
not dominated by the thermal noise (sTherm) (37,57,130–
133) that determines the intrinsic SNR of individual MR
images. Instead, physiological processes contribute to
sfMRI so that sfMRI can be expressed as ðs2

Physþ s2
ThermÞ

1=2,
ignoring the potential contributions from instrument in-
stabilities. These physiological processes include brain
motion due to cardiac pulsation, magnetic field perturba-
tions induced by alterations in lung volume, and temporal
instabilities in blood flow, blood volume, erythrocyte den-
sity, and oxygen consumption caused by vascular events
and/or spontaneous activities of neurons. These may be
mediated through BOLD mechanisms but other mechan-
isms unrelated to BOLD are possible. Usually, respiration
dependent contributions, and sometimes cardiac pulsa-
tion-induced instabilities, are suppressed by post-proces-
sing [e.g., (42,43) and references therein].

Recently, it has been postulated that the physiological
component of the noise, sPhys, is linearly proportional to
signal magnitude S (131–133) and this postulate was
supported by experimental data obtained at 1.5 and
3 Tesla for GE-based BOLD fMRI. A linear dependence
of sPhys on S is, of course, expected for physiological noise
that is mediated through the BOLD mechanism; for
example, as blood volume, blood flow and/or deoxyhemo-
globin concentration in blood fluctuates, so will the basal
BOLD effect. In fact, shortly after the introduction of
fMRI, it was demonstrated that largest signal fluctuations
in a GE fMRI time series occurs in and around large blood
vessels, and that this can even be used as a mask to
selectively eliminate large vessel regions in functional
images (57). However, recent studies demonstrate that
the physiological noise characteristics are somewhat dif-
ferent at 7 Tesla compared to 1.5 or 3 Tesla for GE fMRI
(101). More interestingly, the noise in an HSE and GE
fMRI time series at 7 Tesla also differ dramatically from
each other (101); this is highly significant since one of the
major benefits of the high fields is high specificity func-
tional mapping using HSE BOLD effect. The results,
however, demonstrate that HSE fMRI not only provides
gains in accuracy of the functional imaging signals but
also substantial gains with increasing magnetic field in
contrast-to-noise ratio as well.

A linear dependence of sPhys on signal intensity S has
important implications on the field dependence of CNR in
functional imaging. CNR is equal to the activation-in-
duced signal change in the fMRI time series (DS) divided
by sfMRI. Given that the activation-induced changes in 1/
T2 and 1/T2

� are very small,4 DS can be approximated as

4Signal difference between the activated and the basal state is
Sactivated � Sbasal¼Soðe

�TE�Ractivated � e�TE�Rbasal Þ¼Soe
�TE�Ractivated ð1�

e�TE�DRÞ and for TE � DR{1, one has the approximation,
e�TE�DR � 1� TE � DR, where R is either R2 or R2*.
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ðS0e
�TE�RðDR � TEÞÞ and CNR can thus be expressed as

CNR¼DS=sfMRI ¼ ðS0e
�TE�RðDR � TEÞÞ=sfMRI ; ð6Þ

where R is either R2 or R2* (i.e., 1/T2 or 1/T2*) for HSE or
GE FMRI, respectively. We drop the subscript 2 on the R
but it is implicit that we are talking about either R2 or R2*
depending on whether we are considering a HSE or a GE
experiment. TE is the echo time, So is the signal intensity
at TE¼ 0, and D represents the stimulus induced changes.
Note that S0e

�TE�R is simply signal intensity S after the
echo delay TE. For the extravascular BOLD effect, DR is
calculated from Equation 4 and Equation 5, based on
changes in fractional deoxyhemoglobin content in blood
(1-Y), blood volume, and so on.

At the limit of very high-resolution functional imaging,
for example, for mapping columnar organizations, image
SNR decreases and we operate in a domain where sTherm
dominates over sPhys; in this limit

CNR¼DS=sTherm / SNRio � e
�TE�RðDR � TEÞ: ð7Þ

In the above equation, SNRio is the signal-to-noise ratio
in the image corresponding to TE¼ 0. SNRio increases
approximately linearly field magnitude for protons at
fields of 1.5 T or above (134). Based on this information
and using Equation 4 and Equation 5 for DR, implications
of Equation 7 for large vessels and microvasculature can
be easily deduced as a function of TE for the extravascular
BOLD effect. When Equation 7 is applicable, the optimum
CNR is obtained for TE equal to T2* or T2 for GE or HSE
experiments, respectively5, in which case, e�TE�R¼ e�1.
Brain tissue T2 changes slowly with magnetic field (Table
1). Thus, provided we are not comparing extremely differ-
ent field strengths such as 1.5 Tesla vs. 9.4 Tesla one can
consider keeping the TE the same. Certainly the T2

difference between 4 Tesla and 7 Tesla is small enough
so the same TE can be used. For HSE fMRI at high fields,
the large blood vessels do not contribute significantly and
the functional signals originate predominately from the
extravascular BOLD effect associated with microvascula-
ture. Then, CNR for HSE fMRI will increase as the cubed
power of the magnetic field magnitude, providing an
enormous advantage in going to higher fields.

The situation is different for GE fMRI since T2* de-
creases approximately linearly with magnetic field and
both large and small vessels contribute. Operating under
conditions of TE¼T2* means, then, that DR � TE will be
field independent for large blood vessels, and will increase
as Bo for microvasculature. Thus, under conditions where
thermal noise dominates sfMRI, CNR will increase with
magnetic field as SNRio for large blood vessels and as
(Bo �SNRio) for microvasculature in the GE fMRI approach
executed with optimal TE. Therefore, for high resolution
imaging, higher magnetic fields provide major advantages
for CNR even when GE fMRI is the method of choice. Not
only CNR increases in a GE experiment, the CNR for

microvasculature increases much more rapidly compared
to the undesirable large vessels.

If we are in the limit where sPhys is much greater than
sTherm (i.e., sfMRIBsPhys) then predictions of field depen-
dence require that we define sPhys better. For BOLD-based
noise one can write

sPhysðBOLDÞ ¼ c � S � sDR � TE; ð8Þ

where c is a constant and S is the signal intensity sDR is
the standart deviation accounting for the temporal varia-
tions in DR (133). For other non-BOLD sources, such as
respiration and cardiac pulsation,

sPhysðnon�BOLDÞ ¼ c0 � �S; ð9Þ

where �S is the time averaged signal intensity in the time
series. The resultant physiological noise is given by
sPhys¼ðs2

PhysðBOLDÞ þ s2
Physðnon�BOLDÞÞ

1=2 (131). The CNR is
calculated from Equation 6 with the substitution of sfMRI

with sPhys and remembering that S¼S0e
�TE�DR. For sim-

plicity, the predictions for cases where physiological noise
is only BOLD mediated or only non-BOLD mediated can
be considered.

If the fMRI noise is exclusively BOLD mediated, in the
limit sfMRIBsPhys, CNR is just a constant, independent of
field magnitude, DR, and TE for either the HSE or GE
experiment.5 No need to buy high field magnets for
functional images just to gain CNR in this case, although
one can still argue a utility for high fields based on the
accuracy of functional imaging signals. On the other hand,
if the noise is purely of non-BOLD variety given by
Equation 9, then CNR will be proportional to DR � TE,
predicting an increasing CNR at longer TE values.6 For
the same TE, CNR will increase linearly for large blood
vessels and quadratically for the microvasculature in a GE
study. For a HSE experiment, quadratic increase in CNR
with magnetic field magnitude will be applicable, since the
contribution is predominantly microvascular. If we again
use TE¼T2* in the GE measurement so that we change
the TE linearly with 1/Bo, then CNR in a GE experiment
will be field independent for large vessels, and increase
linearly with field for voxels dominated by the microvas-
culature only.

Thus, when sPhys dominates, it is possible to be in a
scenario where higher magnetic fields provide no gains in
CNR in the context of the noise models considered so far.
However, studies conducted at 7 Tesla demonstrated that
fMRI ‘‘noise’’ in GE and HSE data are fundamentally
different at this field strength, and that and unlike GE
data, sPhys in 7 Tesla HSE fMRI was virtually independent
of voxel volume and hence �S (102) while functionally
induced signal changes, DS were proportional to �S under
basal conditions. Note that independence of sPhys from �S

5Optimum TE is calculated simply by solving the equation
@ðCNRÞ
@ðTEÞ ¼0 where CNR is given by Equation [4].

6One cannot conclude that TE can be increased indefinitely since
at some TE, the condition sfMRI BsPhys that leads to this predic-
tion will fail, and thermal noise will dominate. But as long as
sfMRI BsPhys remains valid, longer TE’s will yield higher CNR if
the source of sPhys is non-BOLD type given by Eq. [4].
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rules out the explicit formulation of BOLD and non-BOLD
mechanisms given by Equation 8 and Equation 9.
Although mechanisms considered by Equation 8 and
Equation 9 remain valid for GE BOLD fMRI, they are
not applicable to SE fMRI.

6. FMRI USING CEREBRAL BLOOD VOLUME

6.1. Exogenous Contrast Agents

Historically, the first human fMRI experiment was based
on cerebral blood volume (CBV) measurement using an
exogenous contrast agent (GdDTPA) (14). However, data
acquisition had to be performed transiently during bolus
passage of the contrast agent GdDTPA; hence the tem-
poral resolution and repeatability of such an approach was
limited. Since then, more advanced contrast agents that
alter the T2* relaxation times, with better sensitivity to
CBV, have been developed. These agents, are mainly
composed of superparamagnetic particles of iron oxide,
which have a blood half life time lasting up to several
hours (135,136). Dextran coated Monocrystaline Iron
Oxide Nanoparticles (MION) is an example of such a
compound that is commercially available.

Following the intravenous injection of the contrast
agent, the MR signal decreases due to the change in the
magnetic susceptibility of vascular space, consequently
magnetic field inhomogeneities are generated around
blood vessels. During elevated neuronal activity, a local
increase in CBV leads to an increase in the amount of
contrast agent within a voxel, resulting in a further
decrease in MRI signals. While changes in deoxyhemoglo-
bin concentrations (i.e., BOLD) are concurrently present
in a T2*-weighted sequence, the effects from the exogenous
contrast agent, applied with a sufficient dose, will dom-
inate, and the fMRI signal changes will be mainly
weighted by CBV changes.

There are two main advantages to the use of an
exogenous contrast agent for measuring CBV changes.
First, there is an enhanced CNR when compared to
conventional BOLD, provided sufficiently high doses can
be used, and second, there is an increase in the spatial
specificity of the mapping signals to the site of neuronal
activity compared to GE BOLD.

The contrast agents at sufficiently high dose yield a
higher CNR when compared to BOLD contrast due to the
stronger intravascular versus tissue susceptibility differ-
ence induced by the particles relative to deoxyhemoglobin.
The enhanced CNR, however, is heavily dependent on
factors such as dose and echo time used. At high doses
appropriate for animal model studies the net gain in CNR
is about 5 times at low fields (1.5–2 T) (135) while at higher
fields (3–4.7 T) the gain is approximately a factor of 3
relative to BOLD contrast (137). Thus, the gain in CNR
when using an exogenous contrast agent is magnetic field
dependent. The reason for this is that the BOLD contribu-
tion increases approximately supralinearly with the mag-
netic field (25,48) whereas the CBV change remains
constant because the iron oxides are saturated at high
fields (135). However, theoretical calculations and empiri-
cal data have shown that the benefits provided by exogen-

ous agents will persist at fields as high as 9.4 Tesla and
beyond (138).

The second advantage of the contrast agent is the
increase in the spatial specificity of the MR signal com-
pared with GE BOLD (Fig. 11). In a high-resolution fMRI
study it has been shown that while the GE BOLD fMRI
signal is mainly being detected at the cortical surface, a
region containing large vessels, the CBV-weighted signals
are centered over the supragranular and granular cortical
layers (88,139). Due to the shortening of the T2* of blood
following the injection of the contrast agent, voxels con-
taining large vessels (i.e., larger amount of contrast agent)
exhibit a larger signal reduction, when compared with
tissue signals. The signal-to-noise ratio from these large
vessel regions becomes so low to be undetectable after a
relatively short echo time TE. As a result, the functional
maps are ‘‘clean’’ from large vessel contamination even
though blood volume changes occur in such large vessels
(89,138). In contrast, large veins dominate the GE BOLD
maps and are nonspecific to the site of neuronal activity.
CBV-weighted signals have been used to image at the
colunar resolution in the cat cortex (87).

With respect to the specificity of the CBV-weighted
signal, another mechanism is working to reduce the
vessels contribution in the functional maps as well. Dur-
ing activation, CBV increases leading to an increase in the
content of MION in a voxel, and hence to a negative signal
change. Countering this signal decrease is the BOLD
contrast, which induces a positive signal change during
activation. Therefore, the two mechanisms will compete.
The effect is expected to be heavily spatially dependent.
The larger BOLD effect is observed around large vessels,
mainly on the surface region while functional signal
changes from MION will be larger where the fractional
blood volume changes are the largest. This may lead to a
better cancellation of MION signals at the cortical surface,
while the tissue region is less affected by this phenom-
enon.

MION has been used successfully in animal models
such as the mouse, rat, cat, and monkey with very
promising results. The advantages of the exogenous con-
trast agents should certainly be taken into account when
high spatial and/or temporal fMRI studies are planned
where CNR is a limiting factor. While exogenous CBV-
weighted contrast agents exhibit obvious benefits over the
currently available hemodynamic-based fMRI contrasts
(e.g., BOLD, ASL), its use is currently limited to animal
models due to the fact that the desired dose is not
approved for human use.

6.2. Endogenous Contrast Agents

In recent years, a number of non-invasive techniques for
measuring CBV have been developed that use blood as an
endogenous contrast agent. These methods are based on
nulling the blood signal using inversion recovery techni-
ques.

The vascular space occupancy (VASO) method
(17,140,141) is based on eliminating the blood signal in a
manner that is independent of blood oxygenation and flow.
Since the T1 of blood is independent of oxygenation, VASO
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aims to null out blood in all compartments of the micro-
vasculature. The remaining VASO signal is composed of
brain parenchyma and CSF. As CBV increases, the VASO
signal should decrease as parenchyma and CSF is dis-
placed by blood in a given voxel. As a consequence,
changes in CBV can be assessed through changes in the
remaining extravascular water signal.

Similar to the MION signal, during an increase in CBV
the VASO signal shows an inverse correlation with the
stimulus paradigm (e.g., decreased MR signal, consistent
with local vasodilatation). Although the VASO signal
provides an indication of the dynamics of CBV, it does
not provide any quantitative measurement or absolute
values of CBV changes.

Another approach was introduced by Pike and collea-
gue (142), who developed a new, noninvasive fMRI tech-
nique for direct quantification of venous CBV changes.
Venous refocusing for volume estimation (VERVE) isolates
the deoxygenated blood signal by exploiting the depen-
dence of the transverse relaxation rate in deoxygenated
blood on the refocusing interval. In an fMRI study, an
increase of 1672% of venous CBV was measured in visual
cortex on healthy young adults (142).

Thus, there are several approaches that use exogenous
and endogenous contrasts for measuring blood volume
changes using MRI techniques. Potentially most promis-
ing are the development of the exogenous contrast agents
that can yield, as in animal studies, significant improve-
ments in both the CNR and the spatial specificity over the
conventional BOLD contrast, and which can be used in
humans. Development and refinement of these agents for
human use and ultimately for clinical applications will
prove highly advantageous.

6.3. Mapping of Neuronal Currents Directly

The temporal and spatial resolution of BOLD and ASL
fMRI is not only limited by the measurement technique

but also by the coarseness of the hemodynamic response to
the neuronal event. As discussed above, ongoing research
is dedicated to bypass the limitations of the hemody-
namics using clever experimental designs and analysis
methods. In contrast, EEG and MEG are more directly
related to neuronal current but lack spatial accuracy and
have their own methodological limitations. At present, no
single method can be used to probe brain function with
mm spatial and ms temporal accuracy and therefore, it is
highly desirable to measure neuronal currents directly
with MRI (nc-MRI).

Recently, a few attempts have been made to measure
nc-MRI on phantoms, cell cultures, healthy humans, and
epileptic patients (143–150). Time varying currents inside
the neurons and within the extracellular fluid induce
small changes in magnetic field strength. If many neurons
have the same orientation (like parallel-oriented pyrami-
dal cells) and fire coherently then the concomitant mag-
netic and electric field changes can be measured non-
invasively by MEG and EEG, respectively. The measure-
ment squids are at a distance of 2 to 4 cm from the dipole
source, and at this distance the magnetic field changes
caused by evoked stimulus responses and spontaneous
rhythmic activity (e.g., alpha oscillations) cover a range
from 10�12 Tesla to 10� 13 Tesla corresponding to an
estimated dipole current of 10–100 nAm. Proximal to the
dipole source, the corresponding magnetic field strength is
approximately 10� 9 T.

As in other magnetic field disturbances in fMRI (e.g.,
deoxyhemoglobin in BOLD fMRI) this leads to changes in
intensity due to altered relaxation time and to a phase
shift between the undisturbed and disturbed regions of
the probe. Simulations have shown that phase is more
sensitive to neuronal currents than intensity with a
contrast-to-noise advantage of two orders (147). The only
question is, Is this effect big enough to be measurable with
current technology?

GE-BOLD CBV (MION) 
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In-plane resolution: 150 × 150 µµm  
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Figure 11. Improvement in the spatial specificity
of fMRI signals can be obtain by using an intra-
vascular iron oxide contrast agent sensitive to CBV
changes. High-resolution fMRI images (0.15�0.15
�2 mm) obtained in cat visual cortex before (i.e.,
BOLD contrast) and following the administration
of MION (i.e., CBV-weighted, images are shown).
Note that the largest BOLD signals changes are
observed on the surface of the cortex where the
cortical blood vessels are, while the largest CBV
changes are located over the middle cortical layers,
which have the highest neuronal activity increase
(modified from Ref. 88).
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To simulate neuronal firing, Bodurka et al. induced an
electric current of different magnitudes in a wire in a
water-filled container and measured phase changes using
a gradient-recalled echo (GE) sequence at 3 Tesla. They
found that magnetic field strengths as small as
DB0B2 �10�9 Tesla could be detected (145). This value is
close to the aforementioned estimated magnetic field
strength change occurring in the brain during evoked or
spontaneous activity. In a follow-up study, Bodurka and
Bandettini compared the sensitivity of GRE and spin-echo
(SE) sequences with detect the phase changes (144). In
order to mimic physiological perturbations (e.g., respira-
tion), a sinusodial varying current at 0.28 Hz was super-
imposed on to the constant current. Because SE refocuses
large-scale and slow varying magnetic field gradients, SE
should be more sensitive to detecting the constant current
than GE. Indeed, SE turned out to be more sensitive to the
constant current and less sensitive to the sinusoidal
current and capable of detecting transient magnetic flux
changes of 40 ms in duration and 2 � 10� 10 Tesla in
strength.

Using simulation on dipoles of finite spatial extent,
Konn et al. modeled the influence of size of the dipole,
orientation and location relative to the measurement
volume on detectability of neuronal currents (147). As
expected, detectability is maximal for a perpendicular
oriented dipole and additionally for the voxel adjacent to
the dipole. This leads to the speculation that focal neuro-
nal changes might be easier to detect than widespread
activations. In summary, if proven, nc-MRI will have
different sensitivities for detecting various types of neu-
ronal currents.

To date, measurability of neuronal currents with fMRI
in humans remains controversial. Xiong et al. tried to
separate the slow hemodynamic signal from the fast
signal caused by neuronal currents (146) using a rapid
event-related paradigm with a stimulation rate of 2 s and
acquiring images with different delays (� 200, � 100, 0,
100, 200 ms) to the stimulus onset in different runs. The
rationale is to bring the BOLD signal into steady-state,
and therefore any differences between the images at
different delays can be attributed to neuronal currents.
With this method, they found at 1.9 Tesla an nc-MRI
signal change of 1% compared with baseline. However,
this finding could not be reproduced by Chu et al. (149),
who criticized that the experimental design in the former
study was not optimal to detect neuronal currents. Fast
BOLD signal changes evoked by the stimulus and signal
fluctuations in different runs due to fatigue can lead to
artifactual nc-MRI signals. To separate hemodynamics
from neuronal currents with high sensitivity, Chu et al.
(149) used two pseudorandom m-sequences at two differ-
ent time scales (fast and slow). M-sequences are known to
be efficient in determining the linear and nonlinear as-
pects of the fMRI impulse response (151). First, the BOLD
impulse response containing both the hemodynamic and
neuronal signal was determined using the slow m-se-
quence. Second, while only selecting the first 2000 ms
the nc-MRI impulse response was determined with the
fast m-sequence. With this method no nc-MRI was found
although on the same subjects an MEG signal change

during the first 2000 ms was present. The authors con-
cluded that nc-MRI is at least one order of magnitude
below the sensitivity of BOLD fMRI.

However, because spontaneous activity (e.g., alpha
oscillations) and epileptic discharges can evoke neuronal
currents one to two orders of magnitude larger than
stimulus-evoked responses, the feasibility of nc-MRI in
humans for these applications remains open. To test this,
Konn et al. used eyes closed versus eyes open and visual
stimulation as experimental conditions to cause large
changes in alpha oscillations (152). Utilizing a short TR
of 40 ms at 3 Tesla and a subsequent frequency analysis of
the fMRI data, significant nc-MRI activation in 3 out of 4
subjects was observed. However, because similar activa-
tions were also found in CSF and blood vessels the authors
suggest that further improvements in the methodology
are needed before claiming detectability of neuronal cur-
rents by MRI. Using simultaneously acquired EEG-fMRI
data in one epileptic patient, Liston et al. separated MRI
changes related to neuronal current from the BOLD
response utilizing generalized spike-wave discharges
measured with EEG as a predictor instead of the standard
hemodynamic response function (150). They could suc-
cessfully show nc-MRI changes in the patient which only
partially overlapped with active regions of the BOLD
response.

In summary, nc-MRI as a new method might be very
useful for both the study of healthy human brain function
and in clinical epilepsy applications. For instance, pre-
surgical mapping of epileptogenic foci by invasive intra-
cortical EEG recordings could be replaced by the non-
invasive nc-MRI method without loss in spatial and
temporal resolution. Although in phantoms mimicked
neuronal currents were measured reproducibly, an unas-
sailable proof of detectability of neuronal currents in vivo
still lacks despite the very promising latest results. On-
going research has to optimize the stimulation paradigm,
acquisition sequence, MRI parameters and analysis
method in order to make nc-MRI more reliable (see Ref.
148). Also crucial will be the correction method for phy-
siological noise, which was not employed in the aforemen-
tioned studies.

7. CONCLUSIONS

Our understanding of MR detectable functional signals in
the brain has improved significantly over the years since
the development of the methodology. At the same time, we
have seen major advances and refinements in instrumen-
tation, such as the introduction of ultrahigh fields, and
methodologies that also substantially improve data qual-
ity. Some of these developments have not yet been incor-
porated into routine research or clinical use. However, we
can expect this to happen in the near future resulting in
further substantial advances in this field. In addition,
intense research efforts continue to focus on new and
novel methodologies. If history is a guide, the fantastically
dynamic nature of the MR methodology, and the very
large amount of effort committed to this field of research
would predict that in a decade or two, MR-based func-
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tional imaging may be performed using totally different
approaches and provide substantially better information
than the already available rich techniques at the cutting
edge today.
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BULK MODULUS
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Soft tissues generally exhibit nonlinearity, nonhomogene-
ity, anisotropy and viscoelasticity. Viscoelastic materials
present some difficulties for characterising their mechan-
ical response. Energy storage and dissipation within the
complex molecular structure produces hysteresis and
allows creep and relaxation to occur. Soft tissues are
relatively compliant at low strains and become dramati-
cally stiffer at high strains (2). There is a continuing need
to develop methods that reveal the complete set of aniso-
tropic material properties. These properties are important
in case and control studies and in numerical implementa-
tions of constitutive equations in biological tissue. This
context was developed to demonstrate these properties
and to provide experience in analysis of this type of data.

1. WHAT ARE MECHANICAL PROPERTIES?

The mechanical design and function of an organism occurs
at two independent levels: materials and structures. In
fact, there is a considerable relationship between struc-
ture and mechanical properties. All soft tissues are com-
posite materials. Among the common components of soft
tissues, collagen and elastin fibers mostly affect the overall
mechanical behavior of the tissue (3).

The result of the force acting on biological materials is
deformation, which can be measured. The adequacy of the
structure to resist these forces depends on its material
properties, as well as on the shape of the structure. In
solid mechanics, force and displacement are normalised as
stress and strain. Stress (s) is defined as,

s¼
F

A
ð1Þ

where, F is the force and A is the cross-section area to
which the force is applied.

Similarly, deformation or displacement of the material
(DL) can be expresses as a strain by dividing by the resting
length of the material (e¼DL/L). As shown in Fig. 1, the

slope of the linear part of the stress-strain curve defines
the elastic modulus (E¼ s/e). The elastic modulus is a
indicator of the material’s stiffness in terms of stress and
strain (1,3–5).

The relative magnitude of strain in two planes (lateral
strain to the longitudinal strain) perpendicular to the
plane of applied stress is defined by the Poisson’s ratio
(v) of the material in those planes.

vxy¼ � ey=ex ; vxz¼ � ez=ex ð2Þ

In isotropic materials, vxy and vxz are equal. Anisotropic
materials such as bone, muscle and other biological ma-
terials show differing amounts of strain and stiffness along
the materials (1,3,4).

Often, the stresses and strains of the material are
developed in three-dimension. Therefore, the components
of stress in a body can be defined by considering the forces
acting on an infinitesimal cubical volume element (in
Fig. 2) whose edges are parallel to the coordinate axes x,
y and z. In equilibrium, the forces per unit area acting on
the cube faces are

F1 on the yz plane,

F2 on the zx plane,

F3 on the xy plane.

These three forces are then resolved into their nine
components in the x, y and z directions as follows:

F1: sxx, sxy, sxz,
F2: syx, syy, syz,
F3: szx, szy, szz,

The first subscript refers to the direction of the normal
to the plane on which the stress acts, and the second
subscript to the direction of the stress. In the absence of
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Figure 1. Graphical representation of Elastic modulus (E).

Z

x

F1

F3

F2

y

�zz

�zx

�zy

�xz

�xy

�xx

�yx

�yy

�yz

Figure 2. The stress state is represented by an infinitesimal

cube with three stress components on each of its six sides.
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body torques the total torque acting on the cube must also
be zero and this implies three equalities:

sxy¼ syx; sxz¼ szx; syz¼ szy; ð3Þ

These components of stress are defined by six indepen-
dent quatities, sxx, syy and szz, the normal stress which is
normal to the surface and represents direct stress, and sxy,
syz and szx, which are tangential to the surface and
represent shear stresses. These form six independent
components of the stress tensor sij:

s¼

sxx sxy sxz

syx syy syz

szx szy szz

2

6

6

6

6

4

3

7

7

7

7

5

ð4Þ

The state of stress at a point in body is determined when
the normal components and the shear components of
acting on a plane can be specified. Cauchy generalised
Hooke’s law to three-dimensional elastic bodies and stated
that the 6 components of stress are linearly related to the
6 components of strain. The stress state is a second order
tensor since it is a quantity associated with two directions.
As a result, stress components have 2 subscripts. A sur-
face traction is a first order tensor (i.e. vector) since it a
quantity associated with only one direction. Vector com-
ponents therefore require only 1 subscript. Mass would be
an example of a zero-order tensor (i.e. scalars), which have
no relationships with directions (and no subscripts) (6).

The stress-strain relationship written in matrix form,
where the 6 components of stress and strain are organized
into column vectors is,

exx
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ezx

exy

2

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

5

¼

S11 S12 S13 S14 S15 S16

S21 S22 S23 S24 S25 S26

S31 S32 S33 S34 S35 S36

S41 S42 S43 S44 aS45 S46

S51 S52 S53 S54 S55 S56

S61 S62 S63 S64 S65 S66

2

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

5

sxx

syy

szz

syz

szx

sxy

2

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

5

ð5Þ

sxx

syy

szz

syz

szx

sxy

2

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

5

¼

C11 C12 C13 C14 C15 C16

C21 C22 C23 C24 C25 C26

C31 C32 C33 C34 C35 C36

C41 C42 C43 C44 C45 C46

C51 C52 C53 C54 C55 C56

C61 C62 C63 C64 C65 C66

2

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

5

exx

eyy

ezz

eyz

ezx

exy

2

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

5

ð6Þ

where, C is the stiffness matrix, S is the compliance
matrix. In general, stress-strain relationships are known
as constitutive relations. Normally, there are 36 stiffness
matrix components. However, it can be shown that con-
servative materials possess a strain energy density func-
tion and as a result, the stiffness and compliance matrices
are symmetric.

Therefore, only 21 stiffness components are actually
independent in Hooke’s law. The two elastic constants are
usually expressed as the Young’s modulus E and the
Poisson’s ratio v. However, the alternative elastic con-
stants K (bulk modulus) and/or G (shear modulus) can
also be used. Direct stresses tend to change the volume of
the material (e.g. hydrostatic pressure) and are resisted by
the body’s bulk modulus (which depends on the Young’s
modulus and Poisson ratio). Shear stresses tend to deform
the material without changing its volume, and are re-
sisted by the body’s shear modulus (6).

2. BULK MODULUS

When an isotropic material is exposed to hydrostatic
pressures, shear stress will be zero and the normal stress
will be the same. In response to the hydrostatic load, the
material will change its volume. Its resistance to do so is
quantified as the bulk modulus K, also known as the
modulus of compression. Technically, K is defined as the
ratio of hydrostatic pressure to the relative volume change
(which is related to the direct strains).

K ¼ � V
Dp
DV

ð7Þ

where, V is the initial volume, DV is change in the volume
and Dp is change in the pressure (4,6).

3. CHARACTERIZATION AND MODELING OF SOFT
BIOLOGICAL TISSUE

A muscle is ordinarily thought of as an active system; its
prime function is to generate force. Muscles are composite
materials, composed of stiff strong fibres, plates or parti-
cles in a relatively complaint matrix. The properties of
composite materials depend very much upon their struc-
ture. Many soft composites change their mechanical prop-
erties as part of their normal functioning. Muscle is
stiffened by contraction and softened by relaxation. At
present, there is not a representation of nonlinear viscoe-
lasticity which gives an adequate description of the beha-
vior and provides some physical insight into the origins of
this behavior (7,8).

4. ULTRASOUND EXPERIMENTS AND RESULTS

Ultrasound testing is used to detect flaws where an
ultrasonic source is pressed against the part to be tested,
using a gel to act as a sonic coupling to the surface, and
sound is passed into the material. Reflections or echoes
occur from the back face of the material and any internal
discontinuity will reflect the sound wave and generate a
signal in the receiver. The time lags of the echoes are
measured to determine the thickness of the material and
the distance to the discontinuity. The propagation of sound
waves through a material is governed by the mechanical
properties of that material. Therefore ultrasound could be
a useful aide in studies of the elastic properties of biolo-
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gical tissues. If distortion is produced at a point in an
elastic material, it is transmitted as a sound wave or side
wave. The sound wave velocity V can be shown as a
function of bulk modulus K, and as the density r of
isotropic material. The equation is written as;

V ¼

ffiffiffiffi

K

r

s

ð8Þ

Therefore, the bulk modulus can be calculated if Vand r
are known. However, the elastic constant (such as, Elastic
modulus, Poisson’s ratio) of human tissue cannot be
theoretically estimated because of its complex structure
and composition, but the constant may be function of
elasticity explained above (1).

Levinson (9) used ultrasound and assumed linear
elastic theory to obtain mechanical properties of seven
frog sartorius specimens. Linear elastic theory is often
applied as a means of defining the mechanical properties
of biological materials. Levinson obtained four observable
elastic constants associated with a transversely isotropic
model. The average values of these constants were;

for resting,

C11 ¼ 2:64Pa

C13 ¼ 3:39Pa

C33 ¼ 4:40Pa

undergoing tetanic contraction,

C11 ¼ 2:65Pa

C13 ¼ 3:43Pa

C33 ¼ 4:57Pa

where index 1 and 3 represent the transverse and long-
itudinal axes. In all cases C44 was 0 indicating a minimal
contribution from longitudinal shear. For all seven speci-
mens, the model of transverse isotropy provided a better
fit of the data than that of isotropy (9). In terms of the
characterisation of ultrasonic wave propagation, this ap-
proach has been most extensively applied to bone.

Levinson et al. (10) also used sonoelastography (which
uses ultrasound) to measure the propagation of shear
waves induced by externally applied vibrations. Because
shear waves predominate in incompressible viscoelastic
media at low frequencies, sonoelastic data should be
comparable to those obtained using conventional means.
They demonstrated the practicality of using sonoelasto-
graphy to measure the viscoelastic properties of human
muscles in situ. They recorded vibration propagation
speeds as a function of applied load in the quadriceps
muscle of ten volunteers, as shown in Table 1.

4.1. Indentor Test Results

In an indentor test, a steady load is applied to soft tissue
under constant environment conditions, the amount of
indentation being measured after a fixed time. Indentor

tests have been used widely to determine mechanical
properties of soft biological tissues, such as cartilage,
skin and subcutaneous tissues. In general, biological
tissues are multi-phasic and show time-dependent beha-
vior (11–16).

Indentor tests are widely used in characterising the
mechanical response of biological tissue. Advantages of
using an indentor test are to have the ability to analyse
samples in situ and perform multiple tests at several
different sites. When tissue is modeled using the linear
biphasic theory, the equilibrium deformation is that of a
compressible elastic solid and Poisson ratio v (0rvr0.5).
In indentation creep or stress-relaxation tests, compres-
sible elastic models can then predict the three-dimen-
sional deformation of a tissue layer at equilibrium.
However, determining the material properties of tissue
from such a test is a difficult computational task.

Historically, viscoelastic behavior has also been re-
ported in soft tissues (2,11,12,14,17) most of these ana-
lyses have used a static linear elastic material model.
Hayes et al. (12) obtained a theoretical solution to the
problem associated with axisymmetric indentation, where
the articular cartilage bounded to subchondral bone was
modeled as an elastic layer fixed to a rigid boundary. The
elastic modulus E can be calculated using the formula;

E¼
Pð1� v2Þ

2awkðv;a=hÞ
ð9Þ

where, P is the indentation force, v the Poisson’s ratio, w
the indentation depth, a the radius of the indentor, h the
thickness of the test tissue, k a geometry and material-
dependent factor.

Sakamoto et al. reported similar results using a new
mathematical model (18). The solution of Hayes (12) has
been widely used to calculate the elastic modulus of
cartilage (13,19,20) and skin together with subcutaneous
tissues.

Sacks et al. (21) used weighted indentors to measure, in
vivo, static stiffness of the soft tissue of the proximal thigh
of four male subjects; two paraplegic and two without
disabilities. Schock et al. (22) reported in vitro indentor
tests of static stiffness of porcine skin, fat and muscle and
compared these with a finite difference analytical model.
Assuming linear elasticity, they gave three sets of mate-
rial properties as in Table 2.

Their conclusions stated that no single set of data led to
adequate agreement between experimental and analytical
results; they suggested that more accurate constitutive

Table 1. Calculated Values of Elastic Modulus

Propagation (Hz) Applied Loads (kgf) Elastic Modulus (E, kPa)

30 0 773
30 7.5 29712
30 15 57737
60 0 2576
60 7.5 75711
60 15 127765
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equations were needed. They also noted that their model
was more accurate at low strains.

Krouskop et al. (23) used Doppler ultrasound motion
sensing system to make non-invasive measurement of the
elastic modulus of soft tissue in vivo. The traditional
drawback of ultrasound in measuring tissue properties
is that the strain rate is very much higher than the
physiological one, making the results useful for detecting
anisotropy but not for measurement of stiffness. They used
a 10Hz mechanical oscillator to drive the tissue; using
ultrasound only to measure the resulting tissue motion.
This method is used to measure dynamic viscoelastic
stiffness; results can be seen in Table 3.

Chow and Odell (24) analysed wheelchair seating
stress using a static, geometrically nonlinear model.
They studied the deformations and stresses in the but-
tocks of a seated person using pressure measurement on
human subjects, bench tests of the deformations of various
seating materials and a nonlinear finite element model.
Nakamura et al. (25) used a static, materially and geome-
trically nonlinear model for cadaver heel tissue, calculat-
ing moduli from 500 to 7000kPa. They created a two-
dimensional plane-stress finite element model of the foot
to study the effect of various shoe sole materials.

Steege et al. (26) used indentor tests of below-knee
residua and a static, linearly elastic model to derive an
elastic modulus of 60 kPa. Steege and Childress (27) later
used a geometrically and materially nonlinear model with
some improvement noted in the correlation between ob-
served and calculated interface pressures. Reynolds (28)
used intendor tests of non-amputated legs and a static,
linear elastic model to derive elastic moduli in the range
50 to 145kPa. Mak et al. (17) used intendor tests of
residual and nonamputated limbs and a static, linearly
elastic model and calculating moduli from 21 to 195kPa. It
is clear that the results presented, even using similar test
procedures gave a very wide range of elastic moduli.

Recently, Vannah et al. (29) used indentor tests of non-
amputated lower limbs and modelled geometrically and
materially non-linear using large-strain finite element
formulation. The resulting composite material stiffness
was non-linear and could be approximated using the
Jamus-Green-Simpson strain energy function. Typical
values for the coefficients were c10¼2.6 kPa, c01¼
0.64 kPa and c11¼ 5.57 kPa.

Oomens et al. (15,16) investigated the time-dependent
compression characteristics of in vitro skin and subcuta-
neous fat by using a confined compression test. They
modeled the skin as a mixture of a solid and a fluid. A
numerical procedure was presented to solve nonlinear
field equations describing such a mixture. The confined
compression test, however, gives quite repeatable results,
but it does not represent living tissue behavior.

Zhang et al. (30) investigated the reaction of skin and
soft tissue to shear force applied externally to the skin
surface. They also measured skin blood flow by using laser
Doppler flowmetry while variable shear forces and normal
force were applied to the skin surface. They analysed the
internal stress using simplified models incorporating elas-
tic theory.

The majority of the researchers used indentor test to
obtain mechanical properties of soft tissue in vivo. The
drawback of the indentor test to the load applied on the
soft tissue was limited which depending on the cross-
section of indentor’s tip and the tissue under the indentor
has three dimensional movement of behavior. Therefore,
the some of the response of the soft tissue is not obser-
vable.

5. COMPRESSION TEST RESULTS

Ursino and Cristalli (31) presented a mathematical model
of the mechanical behavior of arm tissue under the effect
of external pressure loads. The model was used to study
stress and strain distribution across the tissue and pres-
sure transmission to the brachial artery. They compressed
the arm by inflating two independent adjacent cuffs. They
calculated elastic modulus and Poisson ratio from 10
subjects. Their results were Elastic modulus E in the
range 90 to 115kPa and Poisson ratio v in the range
0.44 to 0.38. Their arm model included soft tissue, bone
and vessels based on cylindrical geometrical shapes.

For a linear viscoelastic solid the creep behavior is
completely specified at a given temperature (human
body temperature in vivo studies) by a measurement of
the response to a constant stress over the requires period
of time. But for a nonlinear viscoelastic solid the behavior
over the range stress required must be mapped out in
detailed over the required period of time (32). This type of
data can only be obtained specially designed testing
machine. There are several of testing procedures and
testing instruments in mechanical engineering for testing
materials. By contrast, there is not a certain type of
testing machine and procedure in the area of soft tissue
biomechanics. Usually adaptation of mechanical engineer-
ing tests has been used for soft tissue research (2). Lack of
testing machine and protocol to run a series of experi-

Table 2. Material Properties Given by Schock et al. (1982)

Tissue Shear Modulus (kPa) Bulk Modulus (kPa)

Skin 28.2 53.1
Fat 18.3 12.2
Muscle 48.3 39
Skin 175 178
Fat 61.5 99.2
Muscle 147 169
Skin 1260 1280
Fat 65.2 105
Muscle 43.8 39

Table 3. Tissue Properties Repeated by Krouskop et al.
(1987) Given as a Elastic Modulus (E)

Contraction State Elastic Modulus (kPa) at 10% Strain

Relaxed 6.204
Mild 35.848
Maximum 108.925
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ments, caused negligence in the in vivo soft tissue re-
search area.

Aritan et al. (4,33) were designed a new testing ma-
chine and control software to investigate the response of
the bulk tissue under compression. Using the test ma-
chine, it was possible to collect creep, stress-relaxation
and stress-strain time-dependent (viscoelastic) data from
the bulk tissue of the human upper arm. Creep and stress-
relaxation tests measure the dimensional stability of a
material, which is very important in the theory of viscoe-
lasticity. Creep and stress relaxation tests applied to the
subject with two different protocols. In the first protocol,
the subject did not contract his muscle during the test. In
the second test, the subject sustained the muscle contrac-
tion at 25% of maximum voluntary contraction (MVC)
during the test.

The relationship between stress and strain for a fixed
time of measurement can be seen in Figs 3 and 4. These
relationships produce three-dimensional surfaces, as
shown in figures. In the creep test, relax test procedure
showed higher elongation results than the contracted test
procedure. It is obvious that, this response is caused by the
increased stiffness of the contracted muscle tissue. The
comparisons can be seen in Figs. 3 and 4. For each load,
the creep behavior follows an exponential law typical of
viscoelastic materials.

The linear increase of the applied load showed non-
linear increase in the elongation. This situation can be
explained in terms of engineering that the applied load is
reaching the limiting load and can also be explained, in
terms of soft tissue, the human upper arm reached the
state of the incompressibility. There is also quite an

Figure 3. Elastic modulus of muscular bulk tissue
in relax condition.

Figure 4. Elastic modulus of muscular bulk tissue
in contracted condition.
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interesting result from the experiment can be observed,
the creeping of the contracted muscle is higher than the
relax muscle. This response can be interpreted that since
the contraction of the muscle has developed fluid in the
muscle structure which causes higher creeping response
than the relax muscle.

In their investigation, Aritan et al. (4,33) were simu-
lated the creep behavior of the upper arm by using four
Voigt elements in series. Basically, in their study, four
mechanical models were used to represent the upper arm.
Each one represented one main part of the upper arm. The
three obvious materials of the arm - skin, fat and muscle -
were modeled in series. The effects of blood vessels and
connective tissue were also modeled in series with the
previous ones. It was also assumed that the load applied to
the upper arm had no deformation effect on the bone. The
bulk properties of the upper arm were calculated from the

values of the mechanical model parameters. The bulk
properties of the muscular tissue can be seen in Figs. 5
and 6.

Finally, all investigations show that there is not a
single value, which defines the mechanical properties of
soft tissue. Results usually depend on the research ap-
proach (in vivo or in vitro), tissue type (which part of the
human body) and the numerical method applied to extract
mechanical properties. Prior inverse approaches have
been mostly done for planar soft tissue in vitro. These
studies can give satisfactory results in control experi-
ments in two dimensions but using these data for an in
vivo three-dimensional study, tissue model demands
three-dimensional data collection and analysis.

Figure 5. Bulk modulus of muscular bulk tissue
in relax condition.

Figure 6. Bulk modulus of muscular bulk tissue
in contracted condition.
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1. CANCER

Cancer refers to any uncontrolled or abnormal growth of
cells that are able to spread locally (invasion) or from the
site of origin to distant sites (metastasis). Cancer growth
and spread can kill the host by invading and destroying
the surrounding tissues or by metastasizing via the blood-
stream or the lymphatic channels or across body cavities
to form secondary tumors at sites distant from the original
tumor.

Most normal human cells constantly reproduce them-
selves by a process called cell division, which continues at
a relatively rapid pace until adulthood, when the process
slows down and cells reproduce mainly to heal wounds
and replace cells that have died. The programmed cell
death following the normal cycle of cell growth and de-
cease is called apoptosis, which is a highly regulated bio-
chemical process, used by organisms for the normal
deletion of cells (1). A cancerous cell, however, grows and
divides endlessly, crowding out nearby healthy cells and
eventually spreading to other parts of the body. A mass, or
collection, of cancer cells is called a malignant tumor.

Cancers derive from normal tissues. For example, can-
cers are classified as carcinomas, which develop in epithe-
lial tissues, and sarcomas, which are from mesenchymal
tissues. Individual cancers are named based on their spe-
cific cell type. Each individual tumor has its own pattern
of local behavior and spread; for example, bone metastasis
is very common in breast and prostate cancer but less
common in other tumors.

The incidence, mortality, and morbidity of cancer vary
greatly from country to country, between sexes, ethnic
groups, and occupations. Although cancer is primarily a
disease of older people, it can strike at any age. Despite its
rarity in children, cancer is still the chief cause of death by
disease, as most other childhood illnesses are not fatal.

In the United States in 2001, there were over 1,100,000
new cases of cancer diagnosed and 553,768 deaths because
of the disease (2). The crude incidence rates are 482 male
and 437 female cases per 100,000 population with mortal-
ity rates at 205 for males and 183 for females per 100,000
population. Cancer was the second leading cause of death
and represented 23% of all deaths in the United States in
2001. The top four cancer killers in the country are still
cancers of lung, breast, colon, and prostate.

Many risk factors exist, for example, exposure to car-
cinogenic chemicals or ultraviolet radiation produced by
the sun is associated with skin cancer, smoking with lung
cancer, radiation with some sarcomas and leukemia, Ep-
stein–Barr virus with nasopharyngeal carcinoma, and a
gene (p53) deletion or mutation with the development of
many cancers (3), as well as other factors such as inherited
abnormal metabolism, hormones, and immune conditions.

These external and internal factors may act together or
sequentially to initiate and promote carcinogenesis.

The important warning symptoms of cancer include:
unusual bleeding or discharge from any internal or exter-
nal body site; a lump or thickening in any area; a sore that
does not heal; a change in bowel or bladder habits; hoarse-
ness or persistent cough; indigestion or difficulty in swal-
lowing; change in size or shape or appearance of a wart or
mole; and unexplained loss of weight. It is also important
to know that, on one hand, cancer can present in more
than these ways and, on the other hand, a person with
these symptoms may not have cancer.

Depending on the site, diagnosis and staging are made
by various methods, the most important being biopsy via
centesis or use of devices for visualization of hollow or-
gans; roentgenography, including computerized tomo-
graphy (CT); mammography; ultrasound; and magnetic
resonance imaging (MRI), positron emission tomography
(PET), and other nuclear techniques (e.g., functional
imaging, as well as pathological analysis). These tech-
niques and devices will demonstrate an increase in size or
change in shape of an organ or active growth areas within
a tumor and such alteration may be because of a benign or
malignant growth.

Treatment of cancer depends on the type of tumor, the
site of the primary tumor, the extent of spread, and func-
tional imaging. Current treatment strategies include sur-
gery, radiotherapy, chemotherapy, hormone therapy,
immunotherapy, and target therapy (4,5).

Novel therapeutic and diagnostic methods using bio-
medical engineering techniques via different approaches
from tissues to cells and molecules are developing. Some of
the representative progress is briefly introduced below.

2. CANCER DIAGNOSIS

Tissue engineering provides three-dimensional cell cul-
tures that can be used in vitro to study diagnostic meth-
ods. It also provides ability to assess tissue structure and
metabolism in vivo, supplying improved diagnosis of pre-
cancerous lesions.

2.1. Precancer Diagnosis

A fiber-optic probe that combines polarized illumination
was discovered by Nieman et al. (6). They used angled
distal probe geometry to detect the size-dependent scat-
tering at a specific depth within epithelium. It is known
that, during epithelial carcinogenesis, concomitant
changes occur in the epithelium and the underlying
stromal layers, including an increased nuclear size, an in-
creased nuclear/cytoplasmic ratio, hyperchromasia, and
plemorphism, as well as changes in morphology and opti-
cal properties of stroma. Analysis of the scattering signal
allows the extraction of scatterer size and size distribu-
tion-key parameters for precancer detection. The probe
was evaluated in two tissue phantoms: polystyrene beads
atop collagen gel and multiple layers of cancer cells atop
collagen. In vivo measurements in the oral cavity of nor-
mal volunteers suggested that the sizes of scatterers ex-
tracted from the scattering spectra corresponded to
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independently measured values. Nuclear sizes can be ac-
curately extracted by the fiber-optic probe. Increased nu-
clear heterogeneity and increased nuclear chromatin
content can be measured by comparing forward and back-
ward scattering. Optical changes in the stromal layer in
relation to density of collagen fibers and angiogenesis are
also significant indicators of earlier premalignant changes
of skin.

2.2. Quantitation of Invasive Ability of Tumor Cell InVitro

A number of model systems have been used to study tumor
cell invasion in vitro. These include monolayers of endo-
thelial cells, the human amnion, mouse urinary bladder,
the lens capsule of the eyes, and various artificial mem-
branes [reviewed in Repesh (7)]. The in vitro invasive
ability of a panel of human colon cancer cell lines was de-
termined by a Matrigel invasive assay as described in
Yang et al. (8). Matrigel is a basement membrane prepa-
ration that can be dried and reconstituted on the surface
of porous polycarbonate filters to form a uniform barrier to
the penetration of tumor cells (7). Basement membranes
are specialized extracellular matrices that line most blood
vessels beneath endothelial cells and act as barriers to tu-
mor cell invasion. Counting the labeled or stained cells
penetrating through the Matrigel would quantify the in-
vasive ability of the tumor cells. The in vitro invasive abil-
ities of different cancer cell lines measured by the Matrigel
invasive assay were matched well with their in vivo met-
astatic potential in a mouse model (9).

2.3. Study of Cancer Metastasis

The mode of spread depends on the type of cancer. For
most epithelial cancers, the main route of spread is lym-
phatic. Nevertheless, the circulatory system where lym-
phatic liquid comes and goes is the main path for cancer
metastasis. This system that consists of heart; blood with
blood cells and plasma; and blood vessels, including arter-
ies, veins, and capillaries, is naturally dynamic. With ad-
vanced bioengineering techniques, some functions of this
system can be monitored, modeled, and regulated. Fluid
mechanics and mass transfer are closely integrated with
heart, blood, and vascular cell function. Local wall shear
stress and strain modulate metabolism of blood endothe-
lial cells. Mechanical effects on cells lead to changes in
gene expression at the transcriptional level (10). Mechan-
ical control of gene regulation of specific promoter ele-
ments and transcription factors in order to develop a novel
construct for localized delivery of specific gene products
can be achieved through monitoring and regulating the
high- or low-shear stress or strain in certain regions (11).
Local fluid mechanics can alter receptor specificity in cell-
to-cell and cell-to-matrix protein adhesion and aggrega-
tion (12). The specific molecular sequences involved in
cell-to-cell recognition become targets of therapies to can-
cer metastasis.

3. CANCER TREATMENT

The relationship between tissue structure and biological
events is important not only in cancer development and
progression, but also in in vivo treatment of tissue defects
after cancer excision. The fundamental premise of tissue
engineering is regeneration of tissues and restoration of
function of organs through implantation of cells/tissues
grown outside the body or stimulating cells to grow into an
implanted matrix (13).

Animal tissues (including human) are classified into
five main groups: blood, supporting/connective tissues,
epithelial tissues, muscle, and nervous tissues (14). Con-
nective tissue connects the body organs and tissues; it
holds organs in place and provides the structure that gives
the body shape. Connective tissues include tendons, liga-
ments, cartilage, bone, and the adipose (fatty) tissues. The
main type of cells in supporting/connective tissue is
termed fibroblast, which is derived from precursor cells
called mesenchymal cells. Mesenchymal cells from bone
marrow and adipose tissues are the main cell sources for
tissue engineering and cancer treatment (15,16). Engi-
neered tissue has been applied in regenerative medicine
post tumor excision in areas such as hematopoietic graft-
ing, breast reconstruction, skin substitutes, bone and car-
tilage defect healing, and bladder reconstruction, amongst
others.

3.1. Breast Reconstruction

Breast reconstruction following tumor resection is chal-
lenging and has been the third most common surgical cos-
metic procedure (17). Prior to the development of tissue
engineering, women with breast cancer faced a choice be-
tween no breast restoration, wearing an external prosthe-
sis, or the implantation of prosthetic devices. The latter
choice is still widely used as a reconstructive option. The
most common complication resulting from implants is cap-
sular contracture. Inserting an implant into the body in-
evitably leads to the formation of a capsule of firm, fibrous
scar tissue around the implant. Alternatively, numerous
studies have used patient’s own cells for breast recon-
struction as state-of-the-art techniques in adipose tissue
engineering (18). The main concept involves harvesting
and expanding in vitro of preadipocytes, seeding a prefab-
ricated, biocompatible, and degradable scaffold, and im-
planting the de novo adipose tissue into the site of breast.
A number of scaffolds have been used to support pre-
adipocytes and facilitate adipogenesis and many of these
studies have demonstrated the short-term generation of
adipose tissue. However, long-term persistence of gener-
ated adipose tissue remains elusive. Blood supply and
matching skin envelope with volume are other key factors
for long-term support of the construct.

3.2. Skin Substitutes

The field of skin tissue engineering is a paradigm for the
various efforts toward the reconstruction of other tissues
and organ substitutes besides its use for skin reconstruc-
tion after a large melanoma excision. A successful tissue-
engineered skin substitute has been obtained and com-
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mercialized. The skin substitute was first called Graft-
skinTM, and later ApligrafTM. The FDA (Food and Drug
Administration) gave approval to this product in 1998 for
the treatment of ulcers. ApligrafTM is a bilayered tissue-
engineered living biological dressing developed from neo-
natal foreskin. It consists of a bovine collagen matrix con-
taining human fibroblasts with an overlying sheet of
stratified human epithelium containing living human ker-
atinocytes. This skin substitute appears to be immunolog-
ically inert and has shown usefulness in the treatment of
skin damage and defects in relation to skin cancer (19).
Complete bilayered skin substitutes such as Academia
(20) and OrCelTM (Ortec International, Inc., New York)
have been created for the treatment of full-thickness skin
wounds.

3.3. Bladder Replacement

Surgical reconstruction of the urinary bladder is per-
formed on patients of all ages for a diverse range of con-
ditions including cancer. The most common material used
to augment or replace the bladder is a segment of the pa-
tient’s own intestine. However, this procedure is associ-
ated with significant clinical complications that develop
because of the exposure of the epithelial lining of the in-
testine to urine. A number of tissue-engineering ap-
proaches have been evolved, including substitution of
the intestinal epithelium with urothelium, the use of nat-
ural or synthetic acellular matrix grafts, and the develop-
ment of functional tissue constructs by in vitro
cellularization of natural or synthetic matrices (21). Ober-
pennning et al. (22) have constructed a whole bladder
substitute by seeding cultured canine urothelial and blad-
der smooth muscle cells on to a biodegradable polymer
that was the implanted in dogs following subtotal cystec-
tomy. At 11 months, the tissue-engineered neobladders
were reported to demonstrate capacity and compliance
comparable with native bladders.

3.4. Bone Defect Treatment

Osteosarcoma is the most common malignant bone tumor
in children and adolescents (23). The best method of local
control involves surgery with adequate margins (24). Sur-
gical resection of the tumor can create bone defects that
often require tissue reconstruction. Autologous bone graft
(taken from the same patient but from another site, nor-
mally the iliac crest) for bone defect treatment is consid-
ered as a ‘‘gold standard’’, but it has disadvantages such as
the limited amount and donor site morbidity. Structural
allografts (human bone obtained from a bone bank) have
no donor site morbidity. However, the major drawbacks
are the high rates of infection (10–15%) and nonunion at
the boarder of the massive allografts and the host bones
(10–25%) (24). Morselized allograft bone sterilized with
low doses of gamma irradiation could reduce the infection
rates and at the same time maintain some biological and
mechanical properties (25). Advances in tissue engineer-
ing have brought new hope to defect treatment by using
bone-graft substitutes, materials with a wide range of
chemistries and structural morphologies in combination
with cells or growth factors, which have shown a great

potential in bone defect treatments (Fig. 1) (26–30). Some
osteosarcoma cell lines showed clear osteoblast phenotype
in vitro and could form bone when implanted into nonbony
sites in animals. These cell lines can be used as positive
controls in tissue engineering studies (Fig. 2) (31).

3.5. Biomolecular Engineering Treatment

Biomolecular engineering studies the biological roles of
biomolecules inside cells. Some engineered biomolecules,
including humanized monoclonal antibodies, have already
entered clinical trials for therapeutic uses. Early results of
the trials and evaluations of their efficacy are positive and
encouraging. Among them, Herceptin, a humanized mono-
clonal antibody for breast cancer treatment, became the
first drug designed by a biomolecular engineering ap-
proach and was approved by the FDA (32–34). Soon, new
therapeutic drugs and high-value biomolecules will be de-
signed and produced through biomolecular engineering
for the treatment or prevention of cancers. For example,
intracellular antibodies such as specific reagents for func-
tional ablation will become future therapeutic molecules
(35).

3.6. Gene Therapy

Gene therapy is a clinical strategy using the transfer of
genes for therapeutic purposes. It is based on the concept
that the expression of a transferred gene will result in a
modified phenotype in the target cells or organ (36,37).
The transduction of a gene to a target cell can be per-
formed via either an ex vivo approach or an in vivo ap-
proach. In vivo gene transfer involves the direct
introduction of exogenous genetic material carried by a
vector into a host treatment site. Ex vivo gene transfer is
the process whereby autologous cells, which are pretrans-
ferred by exogenous gene material carried by a vector, are
delivered into an anatomical site. Bone regeneration
through transplantation of genetically modified cells or
direct delivery of relevant genes has shown some success
in animal models as reviewed in Blum et al. (38) and
Goldstein (39).

Gene transfer strategies are showing therapeutic
promise in the treatment of hematological malignancy.
Four major approaches have been designed and tested
such as modifying the tumor cell itself, modifying the im-
mune response to the tumor, reducing the drug sensitivity
of normal host tissues, and marking normal or malignant
cells to monitor the efficacy of conventional therapies (32–
34,40–45). The most advanced study of hematological ma-
lignancy comes from Kipps (46). Patients with chronic
lymphcytic leukemia (CLL) were treated by intravenous
infusion of autologous cells expressing murine CD40 li-
gand (CD154), a costimulator molecule. Early reports sug-
gested significant, albeit transient, reductions in
circulating CLL cell counts and the generation of an an-
titumor immune response.
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4. FUTURE TREATMENT OF CANCER

During the next decade or so, significant and impressive
advances will occur in biomedical engineering, especially
in our understanding of the biological roles of various bio-
molecules inside the cell (47). Biomolecular engineering
will no doubt become one of the most important scientific
disciplines, because it will enable systematic and compre-
hensive analyses of gene expression patterns in both nor-
mal cells and diseased cells, as well as the discovery of
many new high-value molecules.

The advances in technologies, such as DNA shuffling
(that exchanges large functional domains of sequences to
search for the best candidate molecule), the phage-display

system (for combinatorial libraries of peptides, antibodies,
ligands, and receptors), the functional genomics database,
EST (expressed sequence tags), GeneCalling and SAGE
(serial analysis of gene expression), microarray, proteome
analysis by 2-dimensional gel or capillary electrophoresis
in combination with mass spectrometry, and bioinforma-
tics for genome and proteome analysis, will enable us to
design and discover novel biomolecules and proteins on a
rational basis in pharmaceutical applications [reviewed in
Ryu and Nan (47) and Peale and Gerritsen (48)].

With the advances in biomolecular engineering, the
rate of finding new high-value peptides or proteins, in-
cluding antibodies, vaccines, enzymes, and therapeutic
peptides, will continue to accelerate. The targets for the

Figure 1. H&E staining of a paraffin section of
nude rat distal femoral bone defect treated
with human adipose-derived cells preseeded
on a resorbable macroporous ceramic scaffold
(Pro OsteonTM 200R). New bone formation
around the scaffolds (hollow areas) was noted

Figure 2. Double staining of Alu sequences
and BMP-7 protein of a paraffin section of hu-
man osteosarcoma cell line, Saos-2 cells im-
plantation intramuscularly in nude mice (2
weeks). Host osteoblast-like cells in newly
formed bones stained positive to BMP-7 (brown
color) and the implanted human Saos-2 cells
stained positive to Alu (red color). Objective
magnification 40x.
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rational design of biomolecules will be broad, diverse, and
complex, but many applicable goals can be achieved
through the expansion of knowledge based on biomole-
cules and their roles and functions in cells and tissues.

The biomolecular engineering era has brought and will
continue to bring many benefits and scientific advance-
ments derived from cancer research. Let us put it to good
use.
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1. INTRODUCTION

1.1. Principle of Electrophoresis in Capillaries

Electrophoresis is an analytical technique to separate
charged particles in solution under the influence of an
applied electric field. Whereas classical electrophoresis
needs supporting materials like paper or gels to stabilize
the solution against mechanical disturbances and convec-
tion, no such media are needed when the solution is
brought into a capillary. This solution, named background
electrolyte (BGE), is normally a buffering electrolyte dis-
solved in water. It governs the pH and the ionic strength of
the medium in which separation is carried out. The
possibility for separation relies on the difference in size,
shape, and charge of the analytes. Under the influence of
the electric field, the ions migrate through the tube with
different velocities and reach the detection site at different
times. The zones can thus be separately recorded. The
shape of the resulting electropherogram (this is the resi-
dence time distribution of the analyte, the record of its
concentration as function of time) resembles that of a
chromatogram; it consists of a series of peaks. However,
the separation principles of both techniques are comple-
tely different. Whereas CE depends on the electrically
driven migration of the ions in a single solution, chroma-
tography is based on the different distribution of the
analytes between two immiscible phases, the stationary
phase and the mobile phase by which they are transported
through the system. Because there is no physical relation
between them, the separation principles are called ortho-
gonal.

Although this article will concentrate on the most
popular variant, zone electrophoresis, there are other
electrophoretic techniques as well. They differ in the
arrangement and kind of the buffering BGE. In principle,
all three variants could be carried out with the same
instrumentation. In zone electrophoresis the entire se-
parations system is filled with a uniform BGE. The sample
is inserted in a narrow zone at the injection end of the
separation capillary. After application of the voltage, the
zones become being spatially separated. This arrange-
ment resembles that of elution chromatography.

In isotachophoresis or displacement electrophoresis,
there are two distinct electrolytes, the so-called leading
and terminating electrolytes. The main part of the capil-
lary is filled with the leading electrolyte, followed by the
terminating electrolyte from which it is separated by a
sharp boundary. In between these electrolytes, the sample
zone is inserted. After application of the voltage, the
analytes start separating from their initially mixed zones,
and after a certain time a situation is established that all
zones with ions with the same sign are resolved; and then
the zones migrate directly one after the other with iden-

tical velocity (from this the name isotachophoresis stems).
The chromatographic analogue to isotachophoresis is dis-
placement chromatography.

The third method is well-known from its slab format:
isoelectric focusing. The capillary is finally filled with a
BGE consisting of so-called ampholytes forming a pH
gradient; upon electrophotesis the amphoteric analytes
are arranged after a certain time at their isoelectric
points. The entire solution in the capillary can then be
mobilized, by pressure, by a chemical gradient, or by the
presence of an electroosmotic flow. Detection is carried out
on-column as with the other techniques.

1.1.1. The Electroosmotic Flow (EOF). Separations are
usually carried out in fused silica capillaries. When a bare
fused silica capillary is filled with a solution with inter-
mediate or high pH, the silanol groups at the silica wall
dissociate under formation of negatively charged silano-
late ions. Note that these ions are fixed on the surface, in
contrary to their counter ions in the solution. An electric
double layer is formed. Upon application of an electric field
the positively charged counter ions in the vicinity of the
wall move toward the cathode; however, the silanolate
ions cannot. Due to their motion, the counter ions trans-
mit an impulse to the solvent molecules, and kick them
toward the cathode, initially in the very close distance
from the wall. However, this motion is propagated due to
viscous forces toward the center of the capillary, and
finally the entire solvent plug moves to the cathode with
a piston-like profile. This phenomenon is named electro-
osmotic flow. It is obvious that this flow superimposes the
own electrophoretic ion migration; it adds a certain velo-
city component to all ions. Therefore, cations move faster
when an EOF toward the cathode is present, whereas
anions are retained by the electroosmotic counterflow.
Interestingly neutral compounds migrate electrokineti-
cally as well, namely by the velocity of the EOF. This
movement by the EOF is the base for a number of hybrid
methods (see below). It should be mentioned that the EOF
can be suppressed or eliminated, e.g., by modifying the
capillary surface.

2. THEORY

When an ion, i, is brought into an electric field with
strength E¼U/L (U is the voltage across the distance,
L), it is exposed to two counteracting forces: the electric
and the frictional force. (1) The electric force on the ion
with electric charge zi e is zi e E (zi is the charge number, e
is the electron charge). The frictional force for a spherical
particle with radius ri in a continuum with viscosity Z
increases with the velocity, ui of the ion and is expressed
by Stokes’ law as 6pZrui. After very short time of accel-
eration the ion starts moving with constant velocity. The
sum of the forces is then zero, and the velocity is expressed
by

ui¼ zi eE=6pZri¼ mi E: ð1Þ

The proportionality factor, mi, is named ionic mobility, and
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depends on size, shape and charge of the analyte and on
the viscosity of the solvent (and thus on the temperature,
because viscosity is temperature-dependent). (2) As the
dimension of the velocity and the field strength is ms� 1

and Vm�1, that of the mobility is m2V� 1 s� 1. Typical
values, e.g., for small permanent ions like chloride or
potassium, is about 8�10�8m2V�1 s�1. This means
that such an ion is migrating in the capillary at a field
strength of say 100,000Vm�1 with a velocity as large as
several mms� 1. Note that the mobility can be considered
as normalized velocity, the velocity of the ion at unit field
strength: mi¼ui=E. It has to be pointed out that Equation
1 is obtained only upon accepting a number of oversimpli-
fications.

The mobility is a single ion property like the single ion
conductance, li. In fact these two parameters are related
quantities: mi¼ li=ziF; F is the Faraday constant
(96,485C/mol), and zi is the valency or electric charge
number of the ion as above. Both the conductance and the
mobility of a particular ion are influenced by the ionic
strength of the BGE. This is due to the presence of a cloud
of counterions—according to the well-known model of
Debye and Hückel—which is formed around the ion.
This cloud or atmosphere shields the ion from the influ-
ence of the external electric field, and retards it therefore.
As the concentration of the ions becomes higher, this
retardation effect and the reduction of the mobility become
stronger. Within a certain concentration range, the effect
follows the square root of the ionic strength, I, according to
the simplified equation given by Debye, Hückel, and
Onsager (1,2).

mi¼ m0;i � ½Am0;iþB�
ffiffiffi

I
p

: ð2Þ

m0,i is the limiting ion mobility, that at infinite dilution, A
and B are constants that depend on the relative permit-
tivity and the viscosity of the solvent, and on the tem-
perature. Equation 2 describes the one influence of the
chemical environment on the mobility, that of the ionic
concentration. For weak ions, better said for the ions
resulting from weak acids or bases, the more important
influence is the pH of the (buffer) solution. We take acetic
acid as an example, which forms the acetate ion upon
protolysis. Its dissociation constant, Ka, is 10�4.75, and
consequently its pKa value is 4.75. Acetic acid as a weak
acid is dissociated only to a low degree in a buffer with low
pH and is fully dissociated into acetate at high pH. At pH
¼pKa the degree of dissociation is 1/2. At this pH only half
of the total acetic acid forms the acetate ion, the other half
is the uncharged molecular acid. The mobility of the
analyte mixture in the zone, called the effective mobility,
is composed from the mobility of the individual species
weighted by their probability at which they are present in
the equilibrium. The probability is equal to the degree of
ionization, a, which is for a monovalent acid equal to

a¼1=ð1þ 10pKa�pHÞ: ð3Þ

For a monovalent base the exponent is (pH�pKa). Equa-
tion 3 is a modification of the Henderson–Hasselbalch

equation. The effective mobility of a monovalent species
is then

meff ;i¼mia: ð4Þ

In the example given above it is only half of that of free
acetate. The function expressed by Equation 4 is pre-
sented in Fig. 1 for two weak acids and two weak bases.
It can be seen that the mobility changes with pH in a
sigmoid curve. In the plots the signs of the mobilities
(positive for cations, negative for anions) are ignored. For
oligo- or multivalent analytes, the effective mobility is
composed from the individual contributions of the acidic
and basic groups. The shape of the curve, e.g., for proteins
is more complex, but still defined. If the analyte is
amphoteric, i.e., it consists of both acidic and basic groups,
a pH exists at which their opposite charge compensate
each other within the molecule and a macroscopically
uncharged zwitterion is formed. This pH is named the
pI, the isoelectric point. For a hypothetical amphoteric
molecule consisting of an anilinium and an acetate group,
the pI would be 4.9, the intersection point of the curves of
the two compounds in Fig. 1.

This functional dependence of the effective mobility on
the pH is a very important means for the adjustment of
the separation selectivity in CE. It is obvious that it holds
only for acid-base reactions. However, for other selectivity
principles like complexation similar considerations are
appropriate, obviously by replacing protolysis by com-
plexation equilibria. The same application of the mass
balance law enables the description of the change in
mobility caused by each kind of ligand to an agent, e.g.,
a drug on a protein, a virus on a receptor, etc. If the ligand
is a constituent of the BGE, and the mobility of the agent
is influenced by the ligand, the methodology is named
affinity capillary electrophoresis. The mobility determined
as function of the ligand concentration can serve for the
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Figure 1. Effective mobility for weak acids (acetic, benzoic) and
weak bases (pyridine, aniline) in dependence on the pH of the
buffer. The curves were constructed according to the modified
Henderson–Hasselbalch, Equations 3 and 4. In the plots the sign
of the mobilities (positive for cations, negative for anions) are not
considered.
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derivation of the stoichiometry and the strength of bind-
ing, the complexation constant.

In the usually applied fused silica capillaries an EOF
takes place, at least at not too low pH of the BGE. The
velocity of the EOF is proportional to the electric field
strength in the same way as the electrophoretic velocity is
(3). Therefore, the magnitude of the EOF is described
analogously by its mobility, meof ¼ueof =E. The mobility of
an ion in the presence of the EOF, named total or apparent
mobility, is thus the sum of the mobilities in the same way
as its velocity is the vector sum of the electrophoretic
velocity and that of the EOF:

mtot;i¼ meff ;iþ meof : ð5Þ

Note that here we characterize the mobility not only by its
value, but also by its sign. By convention, the mobility of
anions have negative sign, those of cations have positive
sign. The EOF, when directed to the cathode, has also
positive mobility. It is trivial that cationic analytes are
sped up in the presence of an EOF directed toward the
cathode. It is less trivial that also many anions are swept
by the EOF to the cathodic end of the capillary and can be
recorded when the detector is placed there. Especially at
higher pH the mobility of the EOF exceeds often that of
many anions. This is because the dissociation of the silanol
groups at the capillary wall is pH-dependent; silanols are
weakly acidic (their pKa range is about 5 to 6). At low pH
the SiOH-groups are less dissociated, and the EOF re-
mains low or is even not present (the point of zero charge
is at pH 1.5 to 2). With increasing pH the negative charge
of the wall increases; consequently the z potential of the
electric double layer increases, which determines the EOF
mobility according to the Smoluchowsky equation 4.

meof ¼ � ee0z=Z: ð6Þ

e is the relative permittivity (the dielectric constant) of the
solvent, and e0 is the permittivity of vacuum. Many
organic ions have effective mobilities in the range of 40
� 10�9m2V�1 s� 1, much lower than the EOF mobility at
high pH, which can reach 70� 10� 9m2V� 1 s�1 or more.
In this case the order of the analyte peaks recorded with
the detector (placed at the cathode side) is: cations from
high to low own effective mobilities followed by uncharged
compounds, which move unresolved and solely with the
mobility of the EOF. After them the anions are recorded in
their effective mobility sequence from low to high. The
anions with the same effective mobility value than the
EOF mobility remain in the injector and have infinite
migration time. The anions with higher effective mobility
than the EOF move out of the capillary after injection and
application of the voltage. They never can be recorded
under these conditions. They could be determined after
reversal of the voltage; then they migrate against the EOF
to the anionic side of the capillary (where the detector is
now positioned).

Migration of the sample through the capillary is ac-
companied by a broadening of the peaks (4–6). Several
processes are responsible for this effect; to name the main

sources: longitudinal diffusion; electromigration disper-
sion (also named concentration overload); dispersion due
to Joule’s heating; sample adsorption to the wall (7–11).
These contributions to peak broadening are theoretically
well understood, and a firm theory exists that describes
the dispersion as a function of many analyte and system
parameters and variables. A detailed description of the
dispersion effects is beyond the goal of this chapter.
However, here a short discussion on the only inevitable
contribution—the longitudinal diffusion—will be given,
because it shows the potential of capillary zone electro-
phoresis (CZE) concerning its very high separation effi-
ciency reachable.

Longitudinal diffusion arises due to the concentration
gradient the sample forms upon insertion (we assume a
very sharp injection band with peak width close to zero).
We consider the peak width in the length domain, z, which
increases with increasing distance, l, the zone moves. In
fact it is the variance, the square of the standard devia-
tion, s, which linearly increases with l according to
Equation 7a.

ðaÞ s2z ¼Hl ðbÞ s2z ¼ 2Dt: ð7Þ

As in chromatography the factor of proportionality H is
named theoretical plate height. When diffusion is the
cause of band broadening, the spatial peak variance is
proportional to the time, t, according to Equation 7b; this
relation was derived by Einstein. Combining Equations 7a
and 7b gives the relation for the theoretical plate height,
H, and the theoretical plate number, N¼ l/H, both mea-
sures for the peak efficiency

ðaÞ Hi¼ 2Di=miE ðbÞ Ni¼ miU=2Di: ð8Þ

We can conclude from Equation 8b that the plate
number is proportional to the voltage. As very high
voltages can be applied in CZE (commercial instruments
reach 30,000V), large plate numbers can be achieved. This
is the one reason for the excellent peak efficiency (12).
Insight into the second reason can be gained when we
realize that mobility and diffusion coefficients are two
transport coefficients, which are related to each other.
These two parameters appear in the plate number (Equa-
tion 8b) as m/D. Indeed the Nernst–Einstein relation
quantifies this ratio (at least for the limiting case of zero
ionic strength); it can be written as

m0;i=D0;i¼ zi F=RT: ð9Þ

F is again the Faraday constant, R is the gas constant, T
the absolute temperature. After substitution of the ratio
m/D by Equation 9, the following equation for the theore-
tical plate number (for an aqueous solution at 251C) is
obtained (4):

Ni¼ ziUðF=2RTÞ � 20ziU: ð10Þ

It can be seen that the reason for the high plate numbers
achievable is not only the high voltage that can be applied.
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It is, in addition, the large charge number, especially
biopolymers like proteins or polynucleotides, can exhibit.
The resulting peak efficiency can reach up to millions of
plates, unattainable by other separation methods. In
practice, these high numbers are often not achieved due
to several reasons. The one is that besides diffusion the
other processes mentioned above become relevant. An-
other reason can lay in the occurrence of extra-column
effects (due to the finite injection and detection zone
width), or in the occurrence of system zones and resonance
effects (13,14). Whereas a reasonable estimation of the
magnitude of the effects due to the migration process and
the extra-column contributions is easily possible, those
from system zones and resonance cannot be assessed
without their simulation and calculation by computer
programs; such a program is freely available on the
Internet (15).

3. APPLICATIONS

The scheme of a CE instrument is shown in Fig. 2. The
apparatus is built up from a separation capillary, buffer
vessels, an injection device, a high-voltage power supply
unit, and a detector with a recording unit. The separation
capillary normally consists of fused silica, has a diameter
between 25 and 100mm, and has a length between 20 and
100 cm. These dimensions result in the very small capil-
lary volume of only few microliters. The capillary is filled
with the BGE first, and then at the one end the sample is
introduced in a narrow plug. The plug length is usually
not longer than a few millimeters, resulting in an injected
sample volume in the nanoliter range. Injection can be
carried out, e.g., hydrodynamically, by application of an
external pressure, or electrokinetically. Then the capillary
is inserted into two buffer vials with the electrodes placed
therein. High voltage is applied, and the sample ions
migrate toward the detector (it is obvious that the ions
of the BGE in the entire capillary move as well). This is in
most cases a UV-absorbance detector, which measures the
light intensity directly through the capillary, in other
words, a small window of the capillary acts as on-column
detector cell. This window has an aperture of less than one

millimeter, and its path length is equal to the diameter of
the capillary, namely in the several 10-mm range only. The
miniaturized detection cell results in a relatively low
sensitivity of the UV detection. For higher-detection sen-
sitivity, fluorescence detectors are used, or the method is
combined with a mass spectrometer.

Due to the geometric conditions given by the capil-
lary—its cross section area is in the 10� 9 m2 range—and
the chemical conditions of the BGE—very dilute buffers
with concentrations in the 10-mM range and accordingly
low electric conductances—very high field strength can be
applied without serious interferences due to Joule’s heat-
ing. The voltage applicable in commercial instrumentation
reaches 30,000V. With typical capillary lengths of several
10 cm, the field strengths are then about 100,000Vm� 1.
Because the migration speed of ions in solutions is directly
proportional to the field strength (see Eq. 1), relatively
fast ion movement results, and consequently short analy-
sis times are achieved. They are in the ranges of those in
chromatography.

A precondition for CE being applicable is that the
analyte is electrically charged. Neutral compounds can
also be separated by electrically driven separation techni-
ques like the hybrid methods described below, but we
concentrate on ionic analytes here. Additional to its
electric charge, the analyte must be soluble in the BGE.
Most ions are water-soluble, so that the BGE is an
aqueous buffer solution. If the solubility of the analyte is
too low due to its hydrophobic nature, organic solvents or
aqueous and organic solvent mixtures can be applied.
There are a number of organic solvents with favorable
properties like UV transparency for detection, appropriate
thermal properties (melting and boiling points), toxicity,
purity, price, etc. Methanol and acetonitrile are normally
the first choice, but other solvents like the lower alcohols,
formamide, N-methyl formamide, N,N-dimethylforma-
mide, nitromethane, propylenecarbonate have also been
applied (16). Especially in drug analysis, organic solvents
might be of advantage.

The applicability of CE concerning potential analytes is
given as long as they are charged or chargeable. Small
ions like drugs, amino acids, sugars, etc. can be analyzed
as well as intermediate-sized analytes like peptides or

+ −

High
voltage

electrode
Grounding
electrode

High voltage
supply

Fused
silica capillary

Recorder

Detector

Buffer Buffer

Figure 2. Scheme of an instrument for capil-
lary electrophoresis consisting of a separation
capillary (usually made from fused silica)
filled with buffering background electrolyte.
The capillary has commonly 25 to 100mm
diameter and is 25 to 100 cm long. After
injection of a narrow sample plug at the one
end of the capillary, a high voltage of up to
30,000V is applied, and the analytes are
migrating toward the detector, where the
electropherogram is recorded. Modified figure
taken from Ref. 30 with permission.
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oligonucleotides. Separation of enantiomers has especially
become a very fruitful field. At the large-size end of the
potential analytes, CE is well suited for the analysis of
proteins or polynucleotides, including DNA sequencing
(17). There is no need that the analytes are dissolved in
a true solution, it is sufficient that they form, e.g., a more
or less stable suspension like colloids. Therefore, even
macromolecular assemblies like viruses, bacteria, or eu-
karyotic cells are potential or actual analytes that have
been investigated by CE (18).

An example for the chiral separation of small ions is
shown in Fig. 3 (19). Because enantiomers exhibit the
same mobility, they cannot be resolved in a nonchiral
environment. In CE, cyclodextrins and their derivatives
became very popular as additives to the BGE for chiral
separation for a number of reasons, e.g., for their excellent
stereoselectivity, availability, solubility, favorable optical
properties (e.g., missing UVabsorbance), purity, low price,
and toxicity, etc. Charged cyclodextrins have been intro-
duced recently for improved stereoselectivity. The cyclo-
dextrins are simply dissolved in the BGE in the mM
range. Due to steric reasons the enantiomers form com-
plexes with different strengths, and gain thus different
effective mobilities: they are resolvable then. Figure 3
demonstrates the separation of the enantiomers of a
number of weakly basic drugs with octa(6-O-sulfo)-g-cy-

clodextrin as charged stereoselector. Note that the ana-
lytes are cationic, whereas the additive is an anion.

For proteins the goal of analysis can be diverse. Ana-
lysis could be directed to the separation of the native
proteins according to their intrinsic mobility, or to their
size only, or to their isoelectric properties. In the last case,
the capillary is filled with a solution of ampholytes, and a
pH gradient is built up after application of the electric
field. The proteins are focussed in this gradient in the
capillary. After focusing, online detection can be carried
out upon mobilization of the solution by the EOF, by
pressure, or by chemical means. For size-specific separa-
tion of the proteins, they are transformed into their SDS
complexes like in classical SDS-PAGE. The complexes all
exhibit about the same electrophoretic mobilities in free
solution. For resolution according to size, the capillary is
filled with a sieving matrix, either a gel or a polymer
solution. As a third approach the proteins can be sepa-
rated directly in free solution without matrix according to
their intrinsic mobility, which depends on their amino acid
composition and their size, shape, and structure. One
example, demonstrating the high analytical potential of
the combination of CE with mass spectrometry as detec-
tion method, is given in Fig. 4. It is the electropherogram
of human antithrombin, a glycoprotein involved in the
regulation of blood coagulation (20). Although the electro-
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Figure 3. Typical electropherograms of the chiral separation of weakly basic analytes with single-
isomer octa(6-O-sulfo)-g-cyclodextrin as charged selector. The numbers next to the structures
indicate the concentrations (mM) of the additive. Detection by UV absorbance. From Ref. 19 with
permission.

CAPILLARY ELECTROPHORESIS 5



phoretic peaks are not fully resolved, the extracted ion
electropherograms of six traces of ions with different
average molecular masses—obtained by online electro-
spray ionization mass spectrometry—allows the elucida-
tion of the isoforms of antithrombin with different kind
and degree of glycosilation.

DNA sequencing with the classical slab gel is a wide-
spread yet time-consuming methodology. For high
throughput analysis, the significantly faster CE has
turned out to be superior, especially when this assay
allows the analysis of many samples simultaneously. In
fact, the development of a multicapillary assay enabled
the break-through in automated DNA analysis to deter-
mine the genome sequence, e.g., in the Human Genome
Project. However, the polynucleotides exhibit about the
same mobility in free solution, because each repeat unit
adds about the same charge-to-mass to the polynucleotide.
Therefore, a sieving matrix has to be applied that enables
the separation according to size only, not to charge. First
attempts to extent the slab-gel technique to the capillary
format suffered from low stability of the system (21).
Entangled polymer solutions instead of rigid gels offered
a favorable dynamically formed sieving matrix and al-
lowed easy replacement of the matrix after each run (22).
Such polymers are linear polyacrylamide, polyethylene

oxide, or derivatized cellulose. Combination of a 96 capil-
lary assay with laser-induced fluorescence detection of the
four specifically labeled bases C, G, T, A together with the
appropriate registration system (e.g., a CCD camera)
enabled high accuracy and fast speed for the determina-
tion of the DNA sequences. Further development was
directed to the replacement of the capillary by the chan-
nels of a microdevice. An example for M13 DNA sequen-
cing on a chip (23) is shown in Fig. 5.

The size of large biological assemblies like viruses is in
the range from sub-nm to several 10 nm, that of bacteria
or eukaryotic cells is in the mm range. It is obvious that
these particles are much larger than the pores of gels used
as electrophoretic supporting media and are thus not
accessible to classical electrophoresis. However, the dia-
meter of the separation capillaries is typically within 25 to
100 mm, which is much larger than the sizes of the
biological particles. As these particles give more or less
stable suspensions, they can be injected and run by free
solution CE (24). Additives to the buffer at low concentra-
tion might be necessary to avoid aggregation or wall
adsorption of the analytes. An example for the applicabil-
ity of CE for the investigation of virus-ligand interactions
is shown in Fig. 6. The virus is serotype 2 of the Human
Rhinovirus, an icosahedral particle of approximately
30nm in diameter, and with a molecular mass of
8.5MDa. CE could be used to determine the binding
stoichiometry of a soluble fragment of the very low-density
lipoprotein receptor with molecular mass of approx.
75,000. Because carried out in free solution, there is no
steric hindrance to the virus surface for the ligands as it
would be with methods that require immobilization of one
partner, e.g., with plasmon surface resonance measure-
ments or enzyme linked immunoassays. The electropher-
ogram shows that a number of peaks can be differentiated,
each related to either the free, uncomplexed virus (indi-
cated by 0), or the complexes with different occupancy (1,
2, 3, etc. receptor fragments). Interestingly, complexes can
be separated although their difference in mass is as small
as 1% (25).

3.1. Hybrid Methods

Micellar (MEKC) or microemulsion (MEEKC) electroki-
netic chromatography and electrochromatography are
separation methods based on the principle of the differ-
ential distribution of the analytes between two nonmisci-
ble phases (26). As in classical chromatography, the one
phase, the buffer solution, is named the mobile phase. In
contrast to normal chromatography, the liquid phase is
not pumped through the system caused by a pressure
drop, it is the EOF that transports the liquid through the
separation channel after the application of an electric
field. This is the reason why the techniques are called
electrokinetic methods. It should be noted that the second
phase, the stationary phase in chromatography, does not
necessarily have to be fixed in the system. It is imperative
that the two phases exhibit different velocity relative to
each other. Obviously in chromatography, the velocity of
the stationary phase—bound on particles or on the column
wall—is zero, but in electrokinetic methods it can consist,
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e.g., of micelles (27) or microdroplets (28) that are sus-
pended in the liquid like colloids. Typical micelles are
those formed from SDS; microdroplets are mostly made
from emulsions of oil in water with SDS added. In both
cases the vesicles are electrically charged and thus move
also under the influence of an electric field, whereas with a
different velocity than the EOF. Indeed the system now
consists of two phases that move with different velocity:
the hydrophilic buffer solution forming the mobile phase,
and the lipophilic pseudo-stationary phase. Analytes are
distributed between the two phases according to their
lipophilicity. If the analyte molecule is in the vesicle, it
moves with its velocity; if it is in the buffer, it moves with
the velocity of the EOF (note that the analyte if charged
has its own electrophoretic velocity when being in the
BGE). As the velocity of the (cationic) EOF is in many
cases higher than that of the countermigrating (anionic)
vesicles, the analytes are swept in toto to the detector
placed at the cathode side of the capillary, where they can
be recorded. An alternative to the pseudo-stationary
phases are particles carrying the stationary phase as in
classical column liquid chromatography. These particles
have their own surface charge and form therefore a double
layer. When they are packed into a separation column,
they cause an EOF after application of an electric field to
the system. This method, also combining chromatographic
separation and electrokinetic motion, is electrochromato-
graphy. However, in order to avoid having the particles
moved out of the column by their own electrophoretic
migration, they must be fixed there, which turned out to
cause problems in practice. Such problems were circum-
vented by the development of monolithic columns, which
do not need frits or similar supports to retain the particles

Figure 5. Four-color M13 DNA sequencing
traces. Separation was performed on a CE chip
with a 7-cm-long channel and a 100-mm twin-T
injector. Sieving matrix was 4% linear polyacry-
lamide at 401C. From Ref. 23 with permission.
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inside; the separation column consists of a rodlike porous
material through which the liquid mobile phase is trans-
ported by the EOF (29).

4. EVALUATION

Capillary electrophoresis has gained importance in many
fields where classical liquid chromatography was formerly
representative. In the last decades CE has turned out to be
an alternative to HPLC in pharmaceutical, biochemical,
and medical analysis. It is an advantage of CE that with
the same equipment compounds with sizes differing by a
factor of 104 can be analyzed. They range from small,
inorganic and organic ions in the 0.1-nm diameter region
to bacteria and eukaryotic cells several mm in diameter. As
open tubes are used as separation columns, and separa-
tions can be carried out in free solution, no steric obstacles
due to supporting solid or gel-like media occur. With this
equipment, all variants of capillary electrophoresis,
namely zone electrophoresis, isoelectric focusing, and iso-
tachophoresis, can be carried out. Capillary electrophor-
esis, obviously, is restricted to charged analytes, which is
not the case in normal HPLC. The application range of the
latter is larger than that of CE. However, hybrid methods
like MEKC and MEEKC can bridge this gap. In addition,
they exhibit much higher separation efficiency than liquid
column chromatography.

CE has extremely small injection and column volumes.
These cause benefits and drawbacks as well. The advan-
tage is the very small consumption of sample, solvents,
and chemicals, and the possibility to combine the separa-
tion system with a mass spectrometer online. This hy-
phenation will become certainly very important in the
future for the separation and identification of proteins in
the course of proteomics. The unfavorable reverse of the
aspect of small volumes is the limited detection sensitivity
compared to HPLC. Due to the small sample volume that
can be injected, and to the small cell volume of the on-
column detector, the sample concentration has to be
higher compared to HPLC, often by an order of magnitude
or more, given that the same detection mode is used. This
is one of the reasons why users often do not substitute
HPLC by CE. Another reason is that the reproducibility of
the migration in CE can be lower compared to HPLC. This
is often observed when an EOF is present. As the EOF
depends on a surface phenomenon, the zeta potential, it
can be hampered by adsorption of impurities originating
from the BGE or the sample. Then it varies from run to
run, implementing a cause of worse reproducibility of the
total mobility. Although this effect can be reduced by
careful conditioning of the capillary, or corrected by the
use of internal standards, it is the reason of diminished
acceptance of the method as alternative to HPLC, e.g., in
pharma-analysis. However, there is no doubt that CE has
shown unique advantages in DNA analysis. It was and
still is the method of choice for DNA sequencing. It can be
expected that it will play a most important role in the
much wider and more complex analytical area of proteo-
mics as well.
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CAPILLARY PERMEABILITY
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1. INTRODUCTION: AN OVERVIEW OF CAPILLARY–
TISSUE EXCHANGE

Most solutes and gases in the blood exchange into tissues
not through the walls of arteries and veins, but by crossing
the capillary membrane where the surface area is great
and the walls thin. The capillary wall is composed of a
monolayer of endothelial cells, on the outside of which ex-
ist variable numbers of pericytes. Hydrophilic solutes
cross this wall by diffusion between the edges of adjacent
endothelial cells and cannot, because of polarity or ionic
charge, cross the membranes of the endothelial cell unless
facilitating transporters or channels exist. In contrast,
lipid-soluble substances can dissolve in the fatty acid cen-
ter of the phospholipid bilayer of the cell membranes and
cross to the other side. Figure 1 is a reprinting of Colland-
er’s classical observations (1) on the relationship between
membrane permeability of a large unicellular alga to non-
electrolytes and their lipid solubility. In general, high sol-
ubility in olive oil implies a high permeability across an-
imal and plant cell membranes.

A pure phospholipid bilayer is almost impermeable to
hydrophilic solutes and even to water, which penetrates
very slowly, simply because water does not dissolve in the
region of the fatty acid tails that form the center of the

bilayer, which is why water and sugars and other solutes
highly soluble in water take the long way around the en-
dothelial cell, going though the interendothelial clefts.
Both water and such solutes cross cell membranes quickly
only when special proteins exist in the membrane that
assist their passage. This essay will therefore discuss
transporter molecules such as aquaporin for water, ion-
selective pores for ions, and specialized selective trans-
porters acting to carry solutes across the membrane. All of
these have a role in the transfer of material from blood to
tissue and back.

For a blood-borne solute to be metabolized by a muscle
or brain cell, it must cross from the blood through the
capillary wall to the interstitial fluid space (ISF) and then
enter the muscle cell. The capillary wall is one endothelial
cell thick, about 0.5mm, except for the nucleus, where it is
1 mm thick. The distance traveled across the thickness of
the ISF in most organs is short, usually less than 2 mm,
where diffusion is through matrices of macromolecules
hindering molecular motion.

2. THE ANATOMY FOR SOLUTE TRANSPORT

2.1. Arrangement of the Vasculature

Consider an intact organ or tissue, with a feeding artery
and a draining vein. The artery branches dichotomously
into arterioles, the number of generations being depen-
dent on the size of the organ. The terminal arterioles feed
into the capillary plexus, which is an array of capillaries,
each a few hundred microns long, arranged between the
cells of the tissue, and within which, generally speaking, a
capillary exists, near to each cell. The capillary plexus is
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Figure 1. A solute’s permeability (ordinate is
permeability, cm/hr, times the square root of
molecular weight, MW) is almost linearly re-
lated to its solubility in lipid. The abscissa is
the oil/water partition coefficient; it is the ra-
tio, at equilibrium, of the solute’s concentra-
tion in olive oil divided by its concentration in
water. The data are for permeation of the
plant cells, Chara ceratophylla, to organic
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lar volume. (From Ref. 1 with permission from
Blackwell Publishing.)
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drained by venules; usually about twice as many venules
exist, as shown in Fig. 2, as there are terminal arterioles.
The venules converge to veins, using the same number of
generations as there were for arteries and arterioles. In
many organs the arteries and veins travel together,
branching together, until almost the terminal arteriolar
level is reached. The exchange of gasses and highly lipid-
soluble substances between blood and tissue occurs to
some extent by diffusion through the walls of all sizes of
vessels, but the transport of small hydrophilic solutes and
proteins occurs only at the level of the capillaries and
smallest venules. As the arterioles and venules are often
close together, as in Fig. 2, there is sometimes diffusion
between them, diffusional shunting. Diffusional shunting
of oxygen from inflow to outflow reduces the amount of
oxygen reaching the tissue (3). Likewise, venule-to-arte-
riolar shunting of CO2 raises the PCO2 in the tissue and
retards its outflow slowly.

2.1.1. Blood Vessels are Arranged to Serve the Functional
Units within a Tissue. Large vessels, the arteries and veins,
are a waste of space as far as the cells of the organ are

concerned, being too thick-walled to allow rapid solute ex-
change (Fig. 3, upper panel)(4). It is in the capillaries that
the major changes occur. Each cell has a capillary close by,
usually immediately beside it; some large cells, or very
actively metabolizing cells, have several capillaries
around their periphery. The sympathetic and para-sym-
pathetic nerves that serve the tissue and the blood vessels
travel with them, even down to the capillary level; in the
heart a sympathetic neuron parallels each capillary. In
secretory organs the cells secrete their fluidic products
into ducts. The ducts are organized to accompany the ar-
teries or veins for part of their travel, but then as they run
together to form larger ducts they form their own route,
the pancreatic duct, the bile duct, and so on. A lymphatic
network drains the ISF in each organ, returning proteins
to the circulation through the lymphatic thoracic duct to
the vena cava.

2.2. Capillary Types are Specific to Each Tissue and Organ

Each capillary network is configured to fit in among the
cells of the tissue; in the lower panel of Fig. 3 the capillary
is adjacent to three cardiomyocytes. In general, the form of
the endothelial cell layer and of the individual endothelial
cell is matched to the functions of the tissue. Three basic
types of capillary wall structures exist: closed continuous,
open continuous, and fenestrated, with lots of variants
based on these basic types.

Continuous capillaries have a continuous layer of en-
dothelial cells lining the more-or-less cylindrical lumen.
The cells are juxtaposed to one another. Endothelial cells,
unlike cardiac and neuronal cells, regenerate when dam-
aged. When an artery is stripped of endothelial cells new
ones grow out from the branches onto the surface of the
stripped vessel, dividing and growing to about 20 microns
in diameter. They continue to divide until each cell finds
itself apposed to the membrane of another endothelial cell,
then they stop dividing. This process is known as growth
to confluence. Usually they then form gap-junctional con-
nections, small porous channels that allow the diffusion of
small molecules from one cell to the next.

The gap-junctional connections are made up of integral
membrane proteins in the membranes of both cells. They
migrate onto the surfaces of the two cells and then fuse to
link the cells. When fused, the two protein molecules then
surround an open aqueous channel about 1 nm in diame-
ter, allowing only small molecules with molecular weights
of 1000 Daltons or less to pass through from cytosol to
cytosol. These channels also serve as high-conductance
electrical connections between endothelial cells, and prob-
ably also serve to propagate signals through chains of en-
dothelial cells. In the brain these junctions form a
complete gasket ring or zipper joining adjacent endothe-
lial cells and preventing the paracellular diffusional flux of
hydrophilic solutes from capillary blood to the ISF.

Fenestrated capillaries, typically found in the kidney
and liver (Fig. 4) (5), have relatively large pores through
the endothelial cell itself, not just at the edges. Although a
fine mesh of fibrils the glycocalyx, usually exists within
the pores, this provides resistance only to large molecules.
The glycocalyx is normally charged, so solutes of similar

Figure 2. Casting of myocardial microvasculature with Microfil.
Tissue cells are transparent, so only the vascular cast is seen.
Capillaries, about 5 mm diameter, are arrayed in parallel, lying
between the invisible muscle cells. In the center, a 50mm diameter
arteriole is accompanied by two venules of about 100mm diameter.
Insert: A larger arteriole, 150 mm diameter, shows indentations
from circumferential smooth muscle cells, also invisible. The ac-
companying vein lies behind the arteriole, draining the capillary
bed. The width of this figure is 1.2mm. (From Ref. 2 with permis-
sion from Elsevier.)

2 CAPILLARY PERMEABILITY



charge are hindered in their passage. For example, it is
the negative charge within the glycocalyx of the pores of
the renal glomerular membrane that prevents the loss of
albumin (negatively charged) into the urine. Fenestrated
capillaries are the rule in organs where proteins must
pass from the parenchymal cells to the blood.

2.3. Routes of Transcapillary Solute Exchange

As diagrammed in Fig. 5 (6,7), passive diffusion (via clefts,
pores, fenestrae) and passive diffusion of lipid-soluble sol-
utes across plasmalemmal bilayers accounts for the trans-
port of gasses, small hydrophilic solutes, and the majority
of lipid-soluble solutes. The route is through the interen-

dothelial clefts for hydrophilic solutes, and through the
endothelial bilayer for gases, water and small lipids. A
possibility exists for lipid-soluble solutes also to dissolve in
the luminal surface membrane, then to diffuse within the
lipid bilayer around the edges of the cell, then leave the
cell membrane to enter the interstitial fluid; this is not a
high-flux route, presumably because much of the flow
around the cell boundary is blocked by the fixed forma-
tions of gap-junctional connections between cells. Even
the heart capillaries, open continuous capillaries, have
about 95% of their junctional edges connected to the
neighboring cells (8).

As hydrophilic solutes are not soluble in lipid bilayers,
other routes are essential to allow material to enter cells.
Facilitated transport across the membranes occurs via
specialized proteins that each serve as carriers for a small
select group of solutes of given molecular characteristics
(alternative to the passive diffusion of route 1). For larger
hydrophilic molecules, either vesicular transport (route 2,
pinocytosis, endocytosis) or transport through rare large
pores (route 5) exists. Large pores are so rare that the ev-
idence for them is circumstantial, that is, inferred from
the kinetics of exchange, for example, blood-to-lymph ex-
change, and by the observation that albumin and other
large proteins do eventually equilibrate between plasma
and the water of the interstitial spaces. Molecular shape
plays a role. Long polymeric molecules such as dextrans,
which are unbranched, slither snakelike, by ‘‘reptation’’
(as coined in Ref. 9) through slits (routes 3, 4, and 5) much
narrower than the diameter of the molecule’s equivalent
sphere.

Large solutes, large proteins, lipoproteins, globulins,
and fatty particles like chylomicrons, do not pass through
clefts but can be engulfed at the cell membrane and trans-
ported across the endothelial cell by movement of free
cytosolic vacuoles (route 2) from one side to the other, a
slow process.

Figure 4. Fenestrated endothelium in a liver sinusoid. In the
liver, virtually no hindrance to molecular exchange across the
capillary membrane exists, so the hepatocyte membrane is the
sole barrier. The figure shows fenestrae of widely varied sizes.
Protruding through their orifices are pseudopodia extending from
the surface of the hepatocytes. (From Ref. 5 with permission from
the American Physiological Society.)

Figure 3. Endothelial cells. (Top) In a cross section of a small
arteriole (hamster cheek pouch) in contraction, the endothelial
cells lining the lumen are squeezed into corrugations (arrows).
(From Ref. 4 with permission from Springer.) (Bottom) A trans-
mission electron micrograph of a cross section through a contin-
uous capillary (5 mm diameter) in the dog heart. Note that gap-
junctional connections exist between the apposed endothelial cells
(arrows). The pericapillary ISF thickness is less than 1 mm.
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Small solutes will permeate the interendothelial clefts
in open capillaries by diffusion and may also traverse the
endothelial cell membrane by one of the mechanisms di-
agrammed in Fig. 5: (1) if the solute is exceedingly small it
may permeate by passive diffusion even if it is hydrophilic,
(2) it is lipophilic and dissolves in the lipid core of the
membrane bilayer, and (3) if there exists for it a special
integral protein (integral in that the protein is positioned
across both leaflets of the bilayer) facilitating its transport
across the membrane.

Finally, a gross mechanism allowing the transport of
cells exists: cellular diapedesis. Whole cells, particularly
the white blood cells acting in response to an inflamma-
tory signal, stop circulating through the blood as they at-
tach to an endothelial cell near the source of the signal.
The white cell extends pseudopodia that force open the
interendothelial junction, and then the whole cell
squeezes through to the ISF. Presumably such an open-
ing, even though it closes again quickly after the white cell
has gone through, momentarily allows the passage of even
the largest of plasma proteins. Transendothelial diapede-
sis is not restricted to the various white blood cell types,
and erythrocytes have been caught in the act, deforming
as octopuses do to pass through extraordinarily narrow
openings.

3. EXPERIMENTS ON RATES AND MECHANISMS OF
TRANSCAPILLARY EXCHANGE

Determining the kinetics and distinguishing among me-
chanics of transcapillary transport was difficult. The main
ideas were worked out between 1940 and 1980 and are
presented in detailed and tutorial form in the Handbook of
Physiology. Sect. 2, The Cardiovascular System. Vol IV,
The Microcirculation (10). Pioneering work by Landis (11)
on isolated capillaries and by Pappenheimer (12) on intact
isolated skeletal muscle led the way. Work in the last 20
years provides better quantitation and resolves conflicts in
data and in interpretations.

3.1. The Conservation Principle

3.1.1. Unidirectional Solute Loss during Passage through
an Organ. Fick (13) used the fact that oxygen and CO2 are

transported across the blood-air barrier to make a calcu-
lation of pulmonary blood flow, which is the same as the
cardiac output to the body. When loss of material occurs
between the entrance and the exit, then, if no loss occures
by transformation, the amount retained in the tissue, q(t),
is the integral of the quantities brought to the organ by the
inflowing blood, FinCin, minus the material exiting in the
outflow, Fout � Cout:

qðtÞ¼

Z t

0
ðF � Cin � F � CoutÞdt; ð1Þ

where q(t), moles, is the amount of accumulated solute, F
is flow, ml/sec, and F¼Fin¼Fout, and Cin and Cout are
concentrations, molar (Fig. 6). In its derivative form, one
can solve for flow F¼dq=dt=ðCin � CoutÞ; this is a state-
ment of mass conservation, the Fick equation. For esti-
mating cardiac output, dq=dt is the measured oxygen
consumption (measuring O2 loss from a large bag), about
200 ml oxygen per minute; the pulmonary arterial concen-
tration, Cin , is 16 ml O2 per 100 ml blood; the outflow con-
centration, Cout, is 20 ml O2 per 100 ml blood, giving an
estimated cardiac output of 5 liters/min. In individual tis-
sues an estimate of the rate of tissue oxygen metabolism
can be obtained from a measured flow and the inflow and
outflow arterio-venous steady-state concentration differ-

(1) (2) (6)(3,4,5)

BM

N

M

M

(a)

(b)
BM

N

(7) (8) (1) (3,4,5) (2,6)

Figure 5. Routes of transcapillary exchange. The figure sum-
marizes possibilities for exchange from the blood to the inter-
stitial space, and it therefore represents a set of mechanisms
only some of which will occur in a given capillary. (a) Closed
endothelium. (b) Fenestrated endothelium. The routes (both
panels) are (1) transendothelial, for water and lipophilic sol-
utes; (2) vesicular transport, including shuttling across the cell,
for macromolecules; (3) lateral diffusion along the cell mem-
brane through the cleft, lipids only; (4,5) diffusion and convec-
tion through the clefts, about 20 nm width, for hydrophilic
solutes; a few (5) of these near the venous outflow may be large,
over 100 nm; (6) aqueous passage through linked vesicles; (7)
open fenestrae, found in kidney cortex, intestine, and liver.
(Redrawn from Ref. 6; reprinted from Ref. 7, with permission
from Springer.)

Fin · Cin Fout · Cout

dq/dt

Figure 6. A system in which substrate loss from capillary blood
into tissue and no return flux occurs. In a steady-state system
where mass is conserved the rate of exit of mass is equal to the
rate of entrance minus the rate of loss across the capillary mem-
brane within the system, giving the Fick equation,
F¼dq=dt=ðCin � CoutÞ.
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ence of O2:

dq

dt
¼Rate of Oxygen Metabolism¼F � ðCin � CoutÞ ð2Þ

3.1.2. Clearance, Unidirectional Loss by Perme-
ation. Here we first consider loss by passive permeation,
which is equivalent to a diffusion process where the per-
meability P has the dimensions of D/Dx (diffusion coeffi-
cient cm2/sec, divided by a distance, cm).

The clearance, CL, of a substance from the blood is de-
fined as the flow of blood that is completely cleared of the
substance, and is mathematically equal to fractional ex-
traction E times the flow, so that CL¼E � F, where
E¼ ðCin � CoutÞ=Cin. As in Fig. 6, the loss into the tissue
is a clearance, no matter where it occurs in the organ; the
efflux is usually distributed along the length of the capil-
lary exchange region.

An expression relating permeability to extraction has
been reinvented several times since Christian Bohr (14)
first applied it to exchange in pulmonary capillaries. Con-
sider a thin cross-sectional element of fluid moving down a
capillary of length L, losing a fraction of its material per
unit distance traveled,

@Cðx; tÞ¼ �
2prc � P

F
� Cðx; tÞ � @x; ð3Þ

where rc is the capillary radius, the 2prc@x is the surface
area for exchange between the element of convected fluid,
and P is the permeability, cm s� 1. Consider that the cross-
sectional disc of solute-containing fluid slides down the
tube without being dispersed (in our hypothetical ideal-
ized situation) and so the unidirectional loss causes the
concentration within the fluid to gradually diminish along
the length, L. On dividing both sides by C(x,t) and inte-
grating both, one has

Z

0

L

@C

C
¼ �

Z

0

L

2prc � Pdx

F
; ð4Þ

which when integrated over 0 o x o L from capillary in-
flow to outflow, is

ln
Cout

Cin
¼ �

2prcLP

F
¼ �

PS

F
ð5Þ

where the circumference times the cylinder length 2prcL
equals the surface area, S. The P and the S terms always
appear as a product and cannot be separated by tracer ki-
netic methods, so it is the PS product that is to be esti-
mated from the expression:

Coutðat x¼LÞ¼Cin � e
�PS=F ð6Þ

Emphasizing that no return flux occurs from tissue to
blood, the unidirectional flux equation can be turned

around to give an expression for the extraction during
transcapillary passage:

1�
Cout

Cin
¼E¼1� e�PS=F ð7Þ

When F is known, then PS is estimated from F and E, the
classic Crone-Renkin equation:

PS¼ � F � 1nð1� EÞ ð8Þ

where ln refers to natural logarithms to the base e. The
same expression holds for the net transorgan extraction
when a constant concentration exists at the inflow at con-
stant F and continuous extraction of solute from the blood
into the tissue exists with no return of the solute from the
extravascular space back into the blood.

One can measure E experimentally. Steady-state ex-
traction with a constant Cin is difficult to interpret because
there tends to be a return flux from tissue to blood reduc-
ing the measured extraction and giving underestimates of
PS. The alternative giving the best resolution is the pulse-
injection indicator-dilution experiment.

3.2. The Pulse-Injection Multiple-Indicator Dilution
Experiment

In this section, the authors shift from thinking of a single
vessel to considering an organ or tissue composed of many
vessels in parallel, which requires a subtle but important
restatement of Equation 8 to consider the flow or perfusion
per gram of tissue, FP ml g�1 min�1, the capillary surface
area as Sc cm2/(g tissue) and thus PSc ml g�1 min�1, while
E is unchanged:

PSc¼ � Fp 1nð1�EÞ ð9Þ

The Multiple-Indicator Dilution (MID) technique was
developed by Francis Chinard (15,16) for the purpose of
estimating the volumes of distribution for sets of tracers of
differing characteristics. He noted that limitations to the
rate of permeation of the capillary membrane played a role
in shaping the outflow indicator-dilution curves, but he
did not try to estimate capillary PSc from the data. Zierler
(17,18) appreciated that PSc was an important factor, but
it was Crone (19) who defined the approach clearly.

A diagram of an experimental setup for examining the
uptake of D-glucose in an isolated perfused heart as by
Kuikka et al. (20) is shown in Fig. 7. Each experiment
must be defined to serve a particular purpose. The MID
experiment is strongest and most accurately interpretable
with respect to physiological events that occur close to the
capillary, that is, for capillary permeability and intraen-
dothelial reactions. A diagram of the capillary–tissue ex-
change unit, the basis for a mathematical model, is shown
in Fig. 8 (21). Reactions that occur in the parenchymal
cells of organs are masked to some extent behind the in-
tervening processes of penetration of the capillary wall or
endothelial reactions. The estimation of parameters gov-
erning parenchymal cell events is most accurate when
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capillary permeabilities are high and intraendothelial re-
actions negligible.

The MID technique is based on the principle of obtain-
ing multiple simultaneous sets of data that relate to the
behavior of the solute under study. To determine capillary
permeability the relevant reference solute is one that does
not escape from the capillary blood during single trans-
capillary passage; for example, albumin is the relevant
reference solute to determine the capillary permeability to
glucose. In this situation the albumin dispersion along the
vascular space may be assumed to be the same as that of
the glucose; thus the shape of the albumin impulse re-
sponse, halb(t), accounts for transport through the convec-
tive region, the dispersion by the velocity profile of the
flow stream, by eddies and mixing, and by dispersion
through a network of serial/parallel vessels between in-
flow and outflow. L-glucose, an extracellular reference
tracer with the same molecular weight and diffusivity as
D-glucose, gives additional information relevant to D-glu-
cose, namely the same capillary PSc through interendo-
thelial clefts (route 4 in Fig. 5.), and the same interstitial
volume of distribution, Visf. The two reference tracers, al-
bumin and L-glucose, hugely reduce the degrees of free-
dom in estimating the parameters of interest for D-

glucose, the endothelial and parenchymal cell permeabil-
ities and intracellular reaction rates.

Capillary–tissue regions in a well-perfused organ can
be diagrammed as shown in Fig. 8. If solute efflux occurs
from capillary to ISF but no return flux from the intersti-
tial space into the capillary lumen occurs, then Christian
Bohr’s (14) conceptual model (Equation 8 or 9) is suitable
for analysis of the indicator-dilution curves, as proposed
by Renkin (22,23) for the arteriovenous extraction of a
constant infusion of tracer potassium and by Crone (19)
using pulse injection and calculating the instantaneous
extraction E(t) and from it the PSc. The implicit assump-
tion in using Equation 9 is that the interstitial concentra-
tion of the permeating solute remains at zero, which would
occur if the interstitial volume were infinite and the in-
terstitial diffusivity high, or if the indicator became bound
rapidly at extravascular sites. Crone (19) recognized that
these idealized conditions did not hold and proposed that
the E in Equation 8 be taken from the first few seconds of
the outflow dilution curves when the interstitial tracer
concentration is nearly zero. Nowadays one can account
for the return flux, using fully developed mathematical
models of the system diagrammed in Fig. 8 (for example,
Refs. 24 and 25) and thereby improve the accuracy of the
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Figure 7. Schematic overview of experimental proce-
dures underlying the application of the multiple-indi-
cator dilution technique to investigation of multiple
substrates. The approach naturally extends also to
their metabolites.
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Figure 8. Representation of model used for
analysis of indicator-dilution curves. F, plasma
(perfusate) flow, ml g�1 min� 1, PS, permeabil-
ity-surface areas ml g� 1 min� 1, for passage
through endothelial cell luminal membrane
(PSecl); water-filled channels or gaps between
endothelial cells (PSg); endothelial cell albu-
minal membrane (PSeca); and parenchymal
cell membrane (PSpc). G, intracellular con-
sumption ml g� 1 min� 1 (metabolism) of solute
by endothelial cells (Gec) or by parenchymal
cells (Gpc). V, ml g� 1 volume of plasma
(Vplasma), endothelial cell (Vpc), interstitial
(Visf) and parenchymal cell (Vpc) spaces, the an-
atomic volumes, ml/g. (Figure from Ref. 21,
with permission from the American Physiolog-
ical Society.)
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estimates of PSc, even while recognizing that PSc¼PSgþ

PSecl, the sum of the two mechanisms.
When the goal is to estimate the permeability, PSecl, of

the endothelial luminal surface to a solute, the two refer-
ences are required, both the intravascular and the second
one, which permeates through the clefts between endo-
thelial cells providing PSg but does not enter cells, the ex-
tracellular reference. Ideally, this second one should
penetrate the interendothelial clefts with exactly the
same ease as does the solute under study, thus the use
of L-glucose to estimate PSg when studying D-glucose.
Then the remainder of its transcapillary extraction must
be explained by either binding to endothelial surfaces or
by transport across the endothelial luminal surface mem-
brane.

A third reference tracer is desirable when the solute of
interest undergoes facilitated or passive diffusional trans-
port across a membrane and then undergoes intracellular
reactions. The third reference solute is one that has the
same extracellular behavior (cleft permeation, interstitial
volume of distribution, and intravascular transport char-
acteristics) as the solute of interest, and uses the same
transporter across the cell wall (and has the same appar-
ent affinity and transport conductance), but does not react
inside the cell. For glucose, such a solute exists, 3-O-
methyl-D-glucose, that would provide evidence on param-
eter values for PSpc and for V

0

pc independent of the data
from glucose but potentially equivalent in value. The set of
reference solutes is summarized in Table 1. Fitting MID
concentration-time curves for the first three classes of sol-
utes with the model solutions provides estimates of the
parameters listed in the right column, and approximates
or even gives exactly the parameter values for the test
substrate. For the test substrate the observed data are fit-
ted using only the few remaining free parameters for
binding and reaction.

4. THE TWO-REGION AXIALLY DISTRIBUTED CAPILLARY-
ISF MODEL

As an example of modeling analysis consider a reduced
form of the model in Fig. 8, a model having no cells but
only capillary and ISF regions separated by the capillary
membrane. The differential equations for the intracapil-

lary region are

@Cp

@t
¼
�FpL

Vp
�
@Cp

@x
�

PSc

Vp
ðCp � Cisf Þ

�
Gp

Vp
CpþDp

@2Cp

@x2
ð10Þ

where x is distance along the capillary of length L, sub-
scripts p and isf are for plasma and ISF regions, PSc is the
capillary permeability-surface area product, Gp is con-
sumption (ml g� 1 min� 1), and Dp is the intraplasma dif-
fusion coefficient, cm2/s, along the length of the capillary.
For the extracapillary region (or interstitial fluid space,
isf) positioned concentrically around it:

@Cisf

@t
¼
�PSc

V
0

isf

ðCisf � CpÞ
Gisf

V
0

isf

Cisf þDisf
@2Cisf

@x2
ð11Þ

where the terms are analogous to those for Cp, except that
V
0

isf is a virtual volume of distribution equal to the real
volume Visf times lisf, the ISF-to-plasma partition coeffi-
cient or solubility ratio. No analytical solution is available
for this system. These equations are based on two basic
assumptions: (1) radial diffusion within the capillary and
within the ISF is so fast that gradients radially are neg-
ligible (while accounting for axial gradients), and (2) the
velocity profile within the capillary is flat, that is, plug or
piston flow, a corollary to assumption 1, and the Dp ac-
counts for axial intravascular dispersion, not just molec-
ular diffusion. For a further reduced case, omitting the
diffusion and consumption terms so no axial diffusion ex-
ists, an analytical solution was obtained by Sangren and
Sheppard (26) and by Goresky, Ziegler and Bach (27). The
absence of consumption and diffusion permits conserva-
tion of mass, and therefore a good check on system balance
is provided by a conservation equation where the expres-
sion for the ISF is folded into the capillary equation:

@Cp

@t
þ a

@Cp

@x
þ

V
0

isf

Vp

@Cisf

@t
¼ 0; ð12Þ

where the velocity a¼FpL=Vp cm=s is capillary velocity
and equals the length L divided by the capillary transit
time, t¼Vp=Fp.

Retaining the consumption terms but omitting the dif-
fusion terms and solving through Laplace transforms
gives the analytical result for the impulse response, which
consists of two components, a spike or delayed pulse of
non-external solute and a delayed wave of material re-
turning from the ISF. As a result of the absence of disper-
sion, the non-extracted portion is merely a spike or sealed

Table 1. Reference Tracers for a Substrate

Solute Class
Information Provided by the

Solute Class

Intravascular Convective delay and
dispersion in all vessels
perfused

Extracellular Cleft PSg, and interstitial
volume, V

0

isf

Unreacted but transported
analog

Cell PSpc; intracellular
volumes of distribution, V

0

pc

and V
0

ec

The test substrate Binding space; reaction rates
inside cells, Gec, Gpc
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delayed Dirac delta function d(t� t):

hðtÞ¼
F � CpðL; tÞ

q0
; ð13aÞ

hðtÞ¼ e�b0=Fp � dðt� tÞ

þ e�ðb1=ðV
0

isf
ÞÞ½t�t� �

PSc

½FpV
0

isf ðt� tÞ�1=2

� I1 2PSc
t� t
FpV

0

isf

� �1=2
( )

Sðt� tÞ

ð13bÞ

where the first term is the spike of non-extracted solute
arriving at the outflow diminished in height by the loss
because of permeation and consumption, b0¼PScþGp,
and the second term defines a tail function with
b1¼PScþGisf and giving the time course of the extracted,
permeant fraction of the injectate bolus that has been di-
luted and delayed before returning across the capillary
membrane to enter the outflow. t is the capillary transit
time, I1{y} is a first-order modified Bessel function (which
is normally approximated using a series expansion), and
S(t� t) is the unit step function windowing the second
term so that it does not start until time t, when the first
solute emerges.

Analytical solutions using first-order modified Bessel
functions, I1, are typical of hyperbolic partial differential
equations. The form of these models represents cylindrical
symmetry by 1-d expressions. The I1 Bessel function
grows with time but it is multiplied by the two functions
that decay faster than the Bessel function grows, the ex-
ponential and the term containing 1=

ffiffiffiffiffiffiffiffiffiffi

t� t
p

, so that the
tail function of solute returning from the extravascular
region eventually vanishes, and its integral is finite
which, of course, must be the case as the mean transit
time is determined solely by the system’s total volume of
distribution for the solute divided by the flow,
t¼ ðVpþV

0

isf Þ=Fp. Note that this transit time is indepen-
dent of the value for permeability.

Similar analytical solutions are available for three-re-
gion capillary-ISF-parenchymal cell models (25) and for a
four-region capillary-endothelial cell-ISF-parenchymal
cell model (24). These references give numerical methods
for solving these equations that are faster to compute than
the ‘‘pseudo-analytical’’ one in Equation 13b. In that equa-
tion the second term, the tail function, is actually a con-
volution of the tail with a scaled spike function
representing the fraction of the injectate that permeated
the capillary membrane and returned to the outflow. In
the three-region model, an additional convolution term
exists, and in the four-region model, one more term in-
cluding a double convolution integral exists. These solu-
tions are really only ‘‘pseudo-analytical’’ because their
solution requires calculating series approximations to
the Bessel functions and performing numerical calcula-
tions for all the convolution integrals. Such solutions are
so slow to compute that they are useless for day-to-day
analysis of data (24); for the four-region model, numerical

solutions are over a million times faster, even including
the diffusion terms.

4.1. Modeling in the Analysis of Data

For data analysis, indicator-dilution data such as dia-
grammed in Fig. 7 are fitted by adjusting the model pa-
rameters until a best fit is obtained. Other data, such as
the measured Fp and the volumes estimated in steady-
state experiments and constrained to match known value
for tissue density, water, protein, salt and fat content (28),
and measures of vascular anatomy (2,29) constrain the
values for the volumes of distribution, V

0

x.

5. CAPILLARY PERMEATION DUE TO ENDOTHELIAL
TRANSPORTERS AND RECEPTORS

The previous section used linear systems analysis, assum-
ing either passive diffusional transport or that the solute
concentration was far below the level of saturating a bind-
ing site on a transporter. Inside the body, solute concen-
trations may normally be such that a substantial fraction
of the transporter or binding sites are occupied. To test for
this, the MID tracer experiment needs to be repeated with
different ambient concentrations of the solute, at levels
such that the nontracer mother substance competes for
the binding site with the tracer solute. (The mother solute
is the substance for which the tracer is the marker, for
example, glucose added to the chemically insignificant few
microCuries of radioactive 14C-glucose.) The expectation is
that if the mother solute is partially saturating the trans-
porter, then raising the concentration further will reduce
the fraction of tracer that is transported or reacted. This
technique was used by Schwartz et al. (30) to obtain an
estimate of the apparent Michaelis constant for the endo-
thelial transporter for adenosine. The value obtained,
112 mM, is much higher than the usual in vivo adenosine
concentrations and allows for high fluxes over a wide
range of concentrations.

A technique for acquiring data on saturable trans-
porter characteristics more efficiently was introduced by
Linehan, Dawson, and colleagues in a series of studies in
the early 1980’s (31,32). It was designated the ‘‘bolus
sweep’’ technique by Bassingthwaighte and Goresky (33)
because of its power to estimate the transport rate for the
substrate in its passage across a membrane at a variety of
different concentrations within a few seconds. The tech-
nique is to inject the tracer together with a known amount
of the mother solute. As the bolus enters the exchange re-
gions its initial part has a very low concentration of
mother substance, therefore the tracer has full access to
the transporter. A few moments later as the chemical con-
centration of the substrate in the bolus rises towards its
peak level, it exerts more and more competition for the
transport sites, and so reduces the effective fractional
transport of the tracer. After the peak, the nontracer
chemical mother substrate concentration again falls and
lessens the competition for the tracer, and the effective
transport rate again rises (see Ref. 34). This approach can
be used to test the behavior of a substance that has such
marked biological effects it cannot be given as a steady
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concentration into the inflow; by giving it transiently,
large pharmacological responses are avoided and the pa-
rameter values represent those in the more physiological
situation.

6. ESTIMATING PERMEABILITY USING STEP INPUT
TRACER METHODS

When tracer glucose extraction is measured by the mul-
tiple-indicator dilution technique, the peak instantaneous
tracer extractions in the brain (19) and the heart (20,35)
are high, 50% or so, even though at the same time the ar-
teriovenous differences for nontracer glucose are small,
less than 10% in the brain and only 2 or 3% in the heart.
Why should these be so different when the tracer 14C-glu-
cose is chosen to have the same molecular characteristics
as the ‘‘mother substance,’’ the chemical glucose? The an-
swer is simply that the instantaneous tracer extraction E
reflects the unidirectional flux across the capillary mem-
brane, but the arteriovenous difference in chemical con-
centrations represents the net loss of glucose by
intracellular storage or conversion into some other form
(lactate or carbon dioxide); this loss is a net flux because of
a loss or transformation of material. The net fluxes are
always less than the unidirectional tracer fluxes; if glucose
consumption were zero, the net A-V difference would be
zero, but the tracer transient would still be about 50% ex-
tracted.

6.1. The Constant Infusion MID Experiment

As with the pulse-injection MID experiment, a single cap-
illary-tissue exchange unit will be used to represent a
whole organ with a single inflow and a single outflow. (In
practice it is more accurate to use a multipath model ac-
counting for the heterogeneity of regional flow that is
found in all organs.) Representative responses to a unit
step input U(t) are shown in Fig. 9 for tracer that escapes
across the capillary membrane, is taken up by the cells of
tissue, and returns slowly to the plasma space. As a result
of the return flux, the requirements for applying the
Crone-Renkin Equation 8, are not fulfilled, so the calcu-
lation of PSc from Fpl and E underestimates PSc.

Renkin (22,23) used a continuous infusion of 42K into
the arterial inflow to a skeletal muscle, and sampled the
inflow and outflow alternately so that he could measure
the arterio-venous difference at brief intervals. After an
initial transient he estimated the pseudo steady-state ex-
traction:

EðtÞ¼ 1:0� ½42K�out=½
42K�in: ð14Þ

The flow was known so he could calculate the PS for the
potassium by Equation 9. As one would anticipate from
Figure 9, the PSc was underestimated because of back-
diffusion. Later, Sheehan and Renkin (36) recalculated the
PS, now accounting for the fact that the tracer 42K had to
cross both the capillary and muscle cell membranes to
reach the large intracellular potassium pool, which per-

mitted distinguishing the capillary PSc from the PSpc, as is
demonstrated in the legend of Fig. 9.

7. PERMEABILITIES OF SOME CLOSED CAPILLARIES

In Fig. 10 (37) are shown estimated permeabilities in skel-
etal muscle, an organ with closed capillaries. If perme-
ation were purely by diffusion, without hindrance, the
permeability coefficients, P, divided by the diffusion coef-
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Figure 9. Outflow multiple-indicator dilution curves in response
to a step input of finite duration. The model is matched to the data
on 42K uptake in a blood-perfused dog gracilis muscle at two levels
of flow provided by Renkin (Ref. 22, Fig. 1, top panel, and Ref. 23,
Fig. 1). The input Cin is the unit step, U(t). The input after dis-
persion in the upstream circulation is the concentration-time
curve labelled Cart. The output curve, Cout, for the venous tracer
42K has a longer transient, with t¼ðVpþVisf þVpcÞ=Fp, its shape
is governed by the rate of uptake across the capillary and cell
membranes. The extraction, ½CinðtÞ � CoutðtÞ�=CinðtÞ, is the frac-
tional difference at times after the end of the initial transient.
There cases exist: (1) Normal case: Return flux of 42K from muscle
cell and ISF to plasma reduces the apparent extraction so E(t)
diminishes throughout the hour-long data collection as the 42K
accumulates in the intracellular potassium pool. Parameters are
F¼0.062 ml g� 1 min� 1; PSc¼0.13 ml g� 1 min� 1; PSpc¼

1.1 ml g� 1 min�1; Vpl¼0.06 ml g� 1; Visf¼ 0.14 ml g� 1; capillary
mean transit time¼Vpl/FB¼0.96 min; Vpc was calculated using
the plasma [K]pl¼4.68mM; the total Kþ in the dog gracilis muscle
was 92.7 mmol/g, so assuming [K]isf¼ [K]pl¼4.68mM and using
VpþVisf¼0.2 ml/g and Vpc¼0.58 ml/g, then from 92.7¼4.68 �
0.2þ [K]pc � 0.58, then [K]pc¼157mM and the concentration ratio
[K]pc/[K]pl¼158/4.68¼33.7 and that the effective cellular volume
of distribution is 33.7 � 0.58 ¼ 19.5 ml/g. (2) Nearly infinite in-

tracellular sink: Setting Vpc¼N or actually 10000 ml/g, reduces
return flux from the muscle cell to zero. In this case the extraction
E(t) of 0.819 gives an estimate of the total conductance from cap-
illary into cell, PStotal¼ �Fp � loge(1�E(t))¼0.062 �
loge(0.181)¼0.106 (where the actual PStotal was
0.116 ml g� 1 min� 1 from 1/PStotal¼1/PScþ1/PSpc. (3) Nearly in-

finite interstitial sink: Setting Visf¼N in theory should give a
good estimate of PSc alone; the computed E(t) of 0.850 gives an
estimated PSc of 0.118 ml g� 1 min� 1 instead of
0.13 ml g� 1 min� 1, illustrating that even with very large intra-
cellular and interstitial sinks a little return flux still exists to
cause an underestimation of the PS’s.
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ficients for the same solute, D, would all have the same
value, given that the length of the channel, Dx, is the same
for all:

P cm=s

D cm2=s�Dx cm
¼Constant;dimensionless: ð15Þ

The experiments were done by making step changes in
the concentrations of a set of hydrophilic solutes of differ-
ing sizes and concentrations and measuring the resultant
osmotically-induced water fluxes whose magnitude and
time course give the permeabilities. This approach is a
classic experimental approach introduced by Pap-
penheimer (12), and is based on the premise that water
and solutes traverse the same channels, although in op-
posite directions. The observation that P/D diminishes
with increasing molecular size has until recently been in-
terpreted as demonstrating the effects of steric hindrance.
The interpretation was that permeation by diffusion
through the clefts between endothelial cells is hindered
by strands of glycocalyx protruding from the membranes
of the cells. Although no doubt exists that steric hindrance
must be greater for large molecules than small ones, and
that the passage of proteins is hindered, hindrance to
small hydrophilic solute is doubtful (38,39), and it is most
likely that the diminution in P/D in Fig. 10 is because of a
failure to account for the separate paths taken: solute
through intercellular clefts, water through aquaporin
channels (40,41).

A summary of the extensive literature on tracer solute
permeabilities in cardiac muscle is shown in Fig. 11. The
data cover only small hydrophilic solutes, up to the size of
inulin and insulin. The largest, insulin, has a molecular
weight of about 6000, and a molecular radius of about 15Å,
large enough to show substantial steric hindrance accord-
ing to the skeletal muscle data of Fig. 10. The regression
lines, straight lines, do not deviate systematically from the
data, and thus do not point toward there being steric hin-
drance to the large molecules. (A plot of P/D would be
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Figure 10. Apparent skeletal muscle capillary permeabilities to
hydrophilic solutes of varied molecular size, from osmotic tran-
sient experiments. The ordinate is the observed P divided by D,
the free diffusion coefficient in water. A diminution of P/D with
increasing size has been interpreted to show that steric hindrance
exists through channels not much larger than the molecules. The
flat values for those with radii over 35 Å suggest that all the large
molecules use the same transport mechanism, presumably vesic-
ular transport or large pores. As water travels also via aquaporin
channels, not accounted for in their analysis, the P/D for solutes
less than 15Å are seriously underestimated. (From Ref. 37 with
permission from the American Physiological Society.)
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Figure 11. Myocardial capillary permeabilities to hydrophilic
solutes. Comparison of model permeability predictions for blood-
perfused (thin line) and Ringer-perfused (thick line) preparations
to experimental results from multiple-indicator dilution studies
in mammalian cardiac tissue. Experimentally measured values of
permeability-surface area product (PS) were converted to pure
permeabilities by assuming a capillary surface area of 500 cm2/g
for comparison to values calculated by the model. Data sets taken
from Ringer-perfused hearts are indicated by filled symbols and
the references marked with * are listed in Ref. 40. (From Ref. 40,
with permission from the American Physiological Society.)
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clearer on this point.) Are skeletal muscle capillaries dif-
ferent from cardiac? Probably not. With respect to the dif-
ference in slopes between data for blood-perfused organs
and electrolyte solution-perfused organs, the difference is
real, and the explanation appears to be that the higher
permeabilities of the latter group are due to increased en-
dothelial cleft permeabilities in the absence of blood pro-
teins, particularly albumin, which provides charged
surfaces for the attachment of glycocalyx fibrils from the
apposing cells.

The difference in perception between Figs. 10 and 11 is
due, in this author’s opinion, to a flaw in the interpreta-
tion of the osmotic transient data. The same impression of
a diminishing P/D with increasing size would be obtained
from cardiac data if the same incomplete modeling meth-
ods were used. The errors in the osmotic analysis used on
skeletal muscle are (1) to ignore mass conservation for
solutes and water; (2) to fail to account for the fact that
most of the water exchanged during the osmotic weight
transient comes from the muscle cells, not the ISF, and
has to cross two membranes, not one; (3) most of the water
is transported through aquaporin channels, independent
of the routes taken by hydrophilic solutes and contrary to
the basis of the analysis. These errors lead to systematic
errors in the estimation of permeabilities and of reflection
coefficients, and underestimate the sizes of the pores or
clefts through which solutes move. Kellen’s (40,41) meth-
ods of analysis, using fully mass conservative models with
appropriately separated volumes (capillary, ISF, and pa-
renchymal cells, as in Fig. 8) resolve the apparent conflict
between the estimates of permeabilities from traditional
osmotic methods and the tracer methods, and define a
standard for characterization of capillary permeabilities.

8. COMMENT ON REFERENCES

The review by Bassingthwaighte and Goresky in the
Handbook of Physiology (10) gives a more general treat-
ment of this topic. Crone and Levitt (42) provide a com-
plementary view on transcapillary extraction. The
techniques described here are treated more deeply by
Bassingthwaighte, Goresky and Linehan in Whole Organ
Approaches to Cellular Metabolism (34). Michel and Curry
(37) cover many physicochemical aspects of capillary per-
meation and the use of single capillary techniques for es-
timating water and solute permeabilities, but use an
incomplete model for osmotic transient analysis, underes-
timating pore sizes. Good coverage of the microcirculatory
mechanics and exchanges is given in an excellent but out
of print text by Caro et al. (43).
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1. INTRODUCTION

1.1. Carbynes—the Third Allotropic Form of Carbon with
sp1-Hybridization

Carbynes discovered a few decades ago (1) are an emer-
ging inorganic material, and the score of applications of
carbynes is constantly expanding (2). In this systematic
review dealing with specific aspects of biomedical applica-
tions of carbynes, an up-to-date account of carbyne-con-
taining materials in the form of coatings or a bulk
material is summarized. The objective of the article is to
summarize predominantly the carbyne-related informa-
tion to promote the carbyne-containing materials for
biomedical applications.

The entire domain of carbynes, as a broad topic, was
initially published in the first edition handbook (1), which
included the most publications available up to 1996, that
allowed everyone to get any specific information related to
carbynes and carbyne materials. The handbook will be
widely used as the intermediate reference source to limit
the number of references.

A single isolated carbon atom has six electrons sur-
rounding the atomic nucleus. The arrangement of the six
electrons around the atomic nucleus in quantum numbers
is 1s22s22p2, where the two electrons (1s) are in the K-
shell and the four electrons (2s and 2p) are in the L-shell.
A single isolated carbon atom in the ground state with the
1s22s22p2 electron configuration does not reflect the var-
ious types of bonding in carbon-containing molecules/
compounds. A hybridization is an alteration of the basic
electron ground state in the L-shell of a single isolated
carbon atom to one in three main electron configurations,
i.e., sp3, sp2, and sp1, which are called hybrid configura-
tions. The hybrid configurations allow a formation of
diversity of carbon-containing molecules/compounds (see
Ref. 3 for more details).

Carbynes, side by side with sp2-hybridization of C-
bonds (graphite) and sp3-hybridization of C-bonds (dia-
mond and lonsdaleite), that were classified on the basis of
valence orbital hybridization (4) are the third allotropic
forms of carbon. The carbynes represent linear carbon
chains with sp1 carbon-to-carbon bonding hybridization
(3). Carbon atoms in carbyne chains are connected with
the two nearest C-neighbors by alternating single/triple
bonds (–C�C–)n and double bonding (QCQCQ)n (Fig.
1) (5,6). The sp1-hybridization is the major characteristic
of the carbyne chains. As a solid material in the form of
coatings or bulk materials, carbynes can be described by
the paracrystalline model (Fig. 2) (7), where the carbyne
chains between each other are bonded by a weak van der
Waals bond (6) that is an additional factor for stabilization

carbyne chains in the condensed state (8). The distances
between carbyne chains vary from 0.48nm to 0.507nm (9).

The carbon triple/double bonds with sp1-hybridization
are well recognized in organic chemistry (10–12) and
transitional-metal carbyne complex chemistry (13–17).
Carbyne complexes of transition metals containing a
metal-carbon triple bond with sp1-hybridization have
been extensively investigated as building blocks for synth-
esis of transitional nanoclusters. The transition metal
carbyne complexes are explored because of their extra-
ordinary properties.

Figure 1. Two types of carbyne chains: (a), and (b) alternating
single-triple (–C�C–)n and (c) and (d) double (QCQCQ)n
covalent bonds with sp1-hybridization. (Reprinted from Ref. 7.)

p p

Figure 2. Two-dimensional paracrystalline model of carbyne
materials, where p is a periodicity of kinks along the straight
carbon chains. (Reprinted from Ref. 7.)
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Carbyne materials can be concisely defined (18) as a
carbon three-dimensional solid consisting of straight or
kinked carbon chains, which are formed by C–to–C bonds
with sp1-hybridization and held together by van der Waals
forces, i.e., the ‘‘pencil-in-box’’ model (18).

Presumably (19) the existence of carbynes is allocated
at the low-pressure–high-temperature zone of the pres-
sure-temperature carbon phase diagram.

Carbyne-like fragments were found among various
biological objects (20), organic species/radicals (10,11,20),
interstellar carbonaceous molecules in space (20,21),
minerals (21), and so on.

1.2. Carbynes—the Emerging Material for Biomedical
Applications

Biomaterials are defined as natural (or synthetic) materi-
als that can perform a specific function in the human body
with an appropriate host response in the tissue (22).
Application of biomaterials has now rapidly expanded,
especially in form of nanostructured materials (23), which
have the average grain size between 1nm and 100nm at
least in one dimension. Approximately 300,000 hips have
been replaced worldwide each year (24). Therefore there is
increasing interest in biomaterials with specific properties
and biocompatibility (25), which is classified as the com-
plex biological responses in the tissue to artificial implants
(26). Novel materials are required for cardiovascular
therapies, such as replacement of blood vessels and heart
valves, as well as for the provision of devices that inti-
mately contact components of the cardiovascular system,
such as dialysis and oxygenation membranes, interven-
tional catheters, cardiovascular stets, and many others.
Improved biocompatibility of these implants could result
in patients requiring lower doses of antimicrobial agents
to prevent the infecting bacteria growth (27–29). For
example, replacement of a dog’s vena cava by artificial
vessels made from both Ftorlon (27) and carbyne-contain-
ing fibers demonstrated that the dog died within several
hours after the surgery with Ftorlon due to thrombosis,
but no thrombosis was observed during the observation
period of 20 months after the surgery with carbyne-
containing fibers.

One current trend in biomedical applications is to
employ novel carbon-based biomaterials (28–31). Recently
carbynes have been recognized as a unique biocompatible
compound for use in reconstructive surgery (knitted Vi-
tlan fiber blood vessels, elements of cardiovalves, etc.) (27),
and a limited number of publications on the topic are now
available (27,32–36), but this research and development
demonstrates a great practical potential of carbyne-con-
taining biomaterials. Carbynes possess a higher degree of
biocompatibility and lower thrombogenic activity (27)
than conventional biomaterials (for example, Ftorlon),
including diamond (37). Biological inertness, i.e., no
changes of pH nor hemolysis after long-time contact of
blood with carbyne-containing functional films (33), and
corrosion resistance of carbine-containing materials (Car-
bylan and Vitlan) against aggressive biological compo-
nents such as bile and urine were reviewed elsewhere
(27,32,33). Carbyne-like one-dimensional structures

(CARBOLITE (27,33)) were deposited by quenching a
high-temperature carbon plasma (3000–8000K) in the
presence of noble gases as well (38).

Implants fabricated on the base of carbynes, being
incorporated in biological tissues, promote beginnings on
an intermediate functional layer (33), which consists of
elastic fibers and smooth muscle cells. Carbyne-containing
biofunctional materials have significant advantages over
conventional synthetic-based fibers such as capron, ftor-
olon-lavsan, and polyester (27,33). For example, the in-
flammatory reaction to carbyne-containing suture threads
(Carbylan) disappeared after 30 days in comparison with
the conventional synthetic-based fibers that was pro-
nounced even after 180–360 days (33).

Biological activity of carbine-containing biomaterials is
defined by their molecular structure. Carbine ends of the
chain-like compounds can be terminated in cyano end-
groups (–CN) (20,21,39), hydrocarbon end-groups (�CH,
or –CH3) (20,21), or large methyltriyne end-groups
(CHQCH–COOCH3) (20). On the one hand, these radical
fragments allow the stability of the long-chained carbyne
structures (20,21) because the infinite long carbyne chains
are not stable (5). On the other hand, the phototoxicity
toward microorganisms and antibacterial/antifungal ac-
tivity of such carbyne molecules end-capped with the
radicals (27,40–42) is an advantage of carbyne-containing
coatings over diamond-like carbon, which should be pur-
posely modified by toxic elements such as vanadium and
others such as iron, copper, and silver to gain such an
antibacterial effect (27,43–45).

It had been expected (46) that carbyne coatings should
be harder than B4C and possess chemical inertness and
corrosion resistance. Indeed, it has been demonstrated
that the nanocomposite of Carbynes-W3C containing car-
bynes is a superhard material of 35–40GPa, possessing a
low coefficient of friction of approximately 0.12, and high
chemical resistivity to alkalies and acids (47–49). Good
adhesion of the Carbynes-W3C to metallic/ceramic sub-
strates, especially to Titanium alloys, allows protection of
artificial implants and prosthesis manufactured from
Titanium alloys and ceramics.

The novel microwave-induced defluorination of PTFE-
surfaces being in contact with hot water atB951C leads to
carbyne-modification of the PTFE-surface and is investi-
gated in detail here. The possibility of such defluorination
of PTFE-surface was first mentioned elsewhere (34).

2. CARBYNES

2.1. Structure

A neutral single carbon atom has six electrons surround-
ing the nucleus. The arrangement of the electron orbitals
in the ground state of C-atom is noted as the 1s22s22p2

configuration (3). To form compounds during the bonding
process with other atoms, the four 2s2 and 2p2 electrons
are transformed into one out of three basic hybrid electron
configurations, namely, sp3, sp2, and sp1. Being trans-
formed, C-atom can form:
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* Four sp3-hybridized covalent bonds (i.e., s-bonds),
which are typical for the diamond or methane (CH4)
molecule.

* Three sp2-hybridized covalent bonds (i.e., s-bonds),
which are typical for the graphite or ethylene (C2H4)
molecule, and one 2p electron remains free non-
hybridized (or delocalized), forming weak p-bonds.

* Two sp1-hybridized covalent bonds, which are typical
for the carbynes or acetylene (C2H2) molecule (3), and
two electrons are free non-hybridized (or delocalized),
forming two weak p-bonds with a binding energy
between 0 and 7 eV (50).

Full notification of the C-covalent bonds is represented
as the ssp3 electron configuration (diamond), the ssp2pp
electron configuration (graphite), and the ssp1pp2 electron
configuration (carbynes) (51).

The four sp3-hybridized covalent orbitals are shaped in
space like a tetrahedron, forming the tetrahedral symme-
try with an angle of 1091280 between the orbitals. Ar-
rangement of the three sp2-hybridized covalent orbitals is
located in plane, organizing trigonal symmetry with equal
angles of 1201 to each other. The two sp1-hybridized
covalent orbitals form up along a straight line with an
angle of 1801 between the two sp1-hybridized bonds.

These three basic hybrid bonds are distinguished with
a bond length and bond energy depending on the kind of
atom attached to the C-atom (3). The carbon-to-carbon
bond with sp3-hybridization in diamond has the bond
length of approximately 0.154nm and the bond energy of
711kJ/mol. The C–to–C bond with sp2-hybridization in
graphite has the bond length of B0.141nm and the bond
energy of 524 kJ/mol. The C–to–C bond with sp1-hybridi-
zation has the bond length of 0.113–0.144nm and the bond
energy of 890kJ/mol.

The carbyne structures with the linear sp1-hybridized
C–to–C bonds are classified in two groups, namely (52,53):

* Isomers with conjugated single/triple alternating
bonds (–C�C–)n, so called, a-carbyne.

* Isomers with cumulated double bonds (QCQCQ)n,
so-called, b-carbyne.

The length of C–to–C bonds calculated, or experimentally
obtained, varies between 0.132 and 0.144nm for single
(�C–C�) bonds, 0.113 and 0.125nm for triple (–C�C–)
bonds, and 0.127 and 0.133nm for double (QCQCQ)
bonds (5,20,54). The C–to–C carbon bonds increase line-
arly with an increase in the number of adjacent carbon
atoms (55,56). It was proposed (57) that liquid carbon
consists of essentially infinite linear chains of the isomers
(QCQC)n.

An energetic approach to explain carbyne formation
was proposed (58). For both a- and b-carbynes, the calcu-
lated energies per C-tom were equal to each other. The
threshold range of 130–180 eV/particle was estimated as
an energetic condition for carbyne synthesis.

The valence band structure of carbynes was investi-
gated by the self-deconvolution of experimental Auger
spectra (59). It was shown that the p-subband of carbynes

lies in the energy range of 10–14 eV for the a-type carbyne
(–C�C–)n and 11–16.5 eV for the b-type carbyne
(QCQCQ)n.

The long carbyne chains are not perfectly straight, and
the bond angles vary between 178.081 and 178.671 (20).
Long carbyne chains require stabilization in the form of
bulky terminal groups or inserted impurities (60). The
linear carbyne chains with alternating single-triple car-
bon bond lengths have the lowest total energy for chains
containing less than 30 carbon atoms (5). It is assumed
(56) that carbyne chains can be of three types, namely
twisted, zig-zag, and kinked ones. On the whole, a lot of
hypothetical three-dimensional carbon phases containing
carbyne fragments were proposed (4,61).

The long carbyne chains may form macro-cycles (C18)
and even helices (C300) containing more than 30 carbon
atoms (62,63). The entropy or free energy for carbyne-
rings should be substantially smaller that that for car-
byne-chains (57). The ring carbyne molecules with sp1-
hybridization were found (62,64) to be more stable, but the
carbyne rings with non-alternating bond lengths have a
lower total energy than that of the carbyne rings with
alternating single/triple bond lengths.

Common identification methods of carbynes are Raman
spectroscopy, infrared spectroscopy (65), electron spectro-
scopy (66), and x-ray and electron diffractions (67). Many
contradictions exist in the interpretation of infrared and
Raman spectra reported by different researchers (1). The
most frequently reported data are summarized below.
Because of a stretching vibration of C–to–C triple bonds
(C�C), the infrared spectrum displays a strong broad
absorption in the range between 2195 cm� 1 and
1705 cm�1, with the maximum peak at 1979 cm�1 (53),
but traditionally in most investigations the narrow ab-
sorption band of 2100–2200 cm� 1 is considered to be from
the attribution of the C�C bonds (6). Raman spectrum
shows a peak at 1950 cm� 1 for the C�C bonds (53). The C–
to–C double bonds (CQC) displays an intensive infrared
peak near 1600 cm� 1 (6,53).

2.2. Properties

Carbyne material behaves as a semiconductor with a band
gap of 1–2 eV (9,59), an extremely small back current, and
a high value of the protoelectromotive force (B0.6 eV) (9),
although carbyne crystal materials (Carbolite (38)) with
extremely low density (1.45 g/cm3) contrary to diamond
(3.514 g/cm3) and graphite (2.26 g/cm3) were classified as
an insulator as well (68) when the current flowed perpen-
dicular to the (–C�C–)n chains. Semiconducting properties
show temperature-dependent conductivity in the range
between 10� 4 S � cm�1 and 10�6 S � cm� 1 (53). The spe-
cific electrical resistance of carbynes at room temperature
was found to be B106 Ohm.cm and decreases if the
temperature increases (50,52).

It was mentioned (21) that carbynes could be harder
than c-BN and resistant to chemical attacks. Indeed, the
nanocrystalline (nc) carbine-containing coatings of nc-
Carbynes/nc-W3C composition demonstrated a superhard-
ness of 35–40GPa as well as a high corrosion resistance
and low coefficient of friction (B0.12) (47–49). The critical
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temperature transition to superconductivity for the nc-
Carbynes/nc-W3C carbyne-containing nanocomposite was
defined experimentally at approximately 2.55K (69).

The real carbyne materials are black or gray due to a
substantional content of sp2-hybridized bonds at the kink
sites (18). The specific density values are 2.68 g/cm3 for a-
carbynes, 3.13 g/cm3 for b-carbynes, and 3.43 g/cm3 for
chaoite (56,70). The heat capacity ðCo

pÞ of carbyne materi-
als within the temperature range of 80K and 300K is a
linear function of temperature (71).

3. NOVEL APPROACHES TO SYNTHESIS OF CARBYNE-
CONTAINING SURFACE COATINGS

3.1. Introduction

Most of the methods, which can be applied for synthesis of
carbynes or carbyne materials, were predominantly de-
scribed elsewhere (1), namely an oxidative dehydropoly-
condensation of acetylene and butadiyne, a reductive
polycondensation reaction of halides, chemical dehydro-
halogenation of polymers, photo- and laser-induced dehy-
drohalogenation of polymers, dehydrogenation of
polyacetylene at high static pressure, decomposition of
hydrocarbons, pyrolysis of organic polymers as well as
recently published chemical transformation of haloge-
nated hydrocarbons (72) and PE-a-CTFE (73), and surface
modification of PTFE by Mg-amalgam (74).

Notwithstanding, necessity for commercially available
processes allowing a modification of implants by carbyne-
containing biomaterials is a current problem, and there is
a need to commercialize the advanced carbyne-containing
biomaterials. Here the most practical methods relating to
synthesis of carbine-containing materials for biomedical
applications, which have not been reviewed elsewhere (1),
are discussed.

3.2. Microwave-Induced Defluorination of PTFE

PTFE (or Teflon) being a biomedical material (22) and
widely used as vascular drafts should be treated to
eliminate extensive thrombus formation (75–82). The
relatively poor biocompatibtiity of PTFE-surface limits
further applications of PTFE vascular grafts. Electroche-
mical defluorination of PTFE resulting in carbyne forma-
tion on PTFE-surface was revised elsewhere (60,83–85).

Laser-induced dehydrohalogenation of polymers with
formation of conjugated CQC bonds with sp1-hybridiza-
tion is a well-known synthesis of carbynes, but as noted
(86), PTFE being an important precursor for chemical/
electrochemical methods is not an appropriate precursor
for photo-induced dehydrohalogenation technology.

Recently a novel process of defluorination of PTFE
involving microwave radiation was brought into being
(34,87). The phenomenon of PTFE-surface modification
with carbynes on its boundary with hot water (B951C)
under microwave (MW) radiation (2.45GHz) was first
mentioned elsewhere (34). The procedure of surface mod-
ification is to expose the PTFE-surface in contact with
circulating hot water (B951C) under MW-radiation (1–
1.5 kW, 2.45GHz). Experimental setup for microwave-

induced surface treatment of PTFE-surface with forma-
tion of carbyne-containing coating is shown in Fig. 3. To
avoid boiling of water and to maintain it at B951C, the
water was circulated through a thermo-regulating system.

3.3. Electrochemical Modification of Transition Metal
Carbide Surfaces

Among the diversity of biomaterials, Titanium alloys are
most commonly employed for fabrication of artificial joint
prosthesis (25). However, the surface biocompatibility of
the Ti-based implants does not yet satisfy increasing
biomedical demands (88,89). Improvement of the surface
properties of the Ti-based implants is vital for their more
extensive use in bioapplications (90–93). Biocompatibility
and corrosion resistance of alloys based on transition
metals of the IVA-VIA subgroups (94–96) can be consider-
ably advanced if the surface of implants manufactured
from theses alloys is modified with carbyne-containing
surface coatings.

It was established (97) that the removal of metal atoms
from the surface of titanium carbide during electropolish-
ing surpasses the removal of carbon atoms. Electropolish-
ing takes place such that the dynamic equilibrium is
settled between the rate of removal of both metal atoms
and carbon atoms from the surface layer of carbides. A
thin carbon layer enriched with carbynes on the electro-
polished surface of the transitional metal carbides is
formed (35,98).

In particular, the thin titanium carbide layers of
B300 mm thick were synthesized on a graphite substrate
by the chemical vapor decomposition (CVD) of titanium
tetrachloride in the presence of hydrogen at 2273K as
follows (35):

TiCl4þ 2H2þ xCðfromsubstrateÞ ) TiCxþ 4HCl:

The TiC-disks (B3mm in diameter and B300mm thick)
for transmission electron microscopy (TEM) were electro-
chemically polished with acid electrolyte of HClO4(10%)þ
CH3 �COOH(90%) at 60–65V and 0.1A by means of a jet
electropolishing apparatus ‘‘TENUPOL-2’’ (Struers, Den-
mark).

Between 60V and 65V, which corresponds to the best
conditions of electropolishing, the atoms of titanium and
carbon are removed from the TiC surface in different ways.
A greater number of Ti-atoms than C-atoms are extracted
from the TiC-surface during electropolishing. The dy-

Figure 3. Sketch of the experimental setup for modification of
PTFE surface by carbyne-containing coatings.
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namic equilibrium between the rates of removal of Ti-
atoms and C-atoms is fixed so that a carbon film exists on
the polished TiC-surface.

This phenomenon allows the development of a novel
approach to the surface modification of both currently
used Titanium alloys and prospective alloys based on
transition metals (Zr, Hf, V, Nb, Ta, W) for biomedical
applications.

3.4. CVD of Carbyne-Containing Nanocomposites

Low-temperature CVD technologies operating at atmo-
spheric pressure offer the possibility to synthesize a novel
tungsten carbide phase (69,99). The novel tungsten car-
bide was defined (47,98,100) as a nanocomposite of nc-
Carbynes/nc-W3C.

For the synthesis of the nc-Carbynes/nc-W3C nanocom-
posites (69), the precursors of WF6, C3H8, and H2 were fed
into a hot wall furnace running at atmospheric pressure
and within the temperature range of 400–7001C. It is
important to note that these temperatures are much lower
than that for a conventional CVD, which is operated at
around 10001C.

Partial pressure ratios of precursors incorporated into
the carrier gas (Ar) were WF6 : H2¼ 0:04� 0:09 and
C3H8 : H2¼ 0:334� 0:55. The flow rate of the mixture in
a hot wall cylindrical reactor for the deposition was
B12 cm � s� 1. The tungsten carbide coatings produced
were up to 300mm in thickness. The deposition rate (69),
which was varied with partial pressure of the precursors,
can be in the range of 10–500 mm �h� 1.

Before deposition, propane was subjected to catalytic
cracking over the stainless steel surface at 560–5701C for
10–150 seconds. Catalytic cracking of the propane was

found (99) to be essential to form the nc-Carbynes/nc-W3C
nanostructured coatings by CVD at low temperatures and
atmospheric pressure.

4. STRUCTURE OF THE NOVEL CARBYNE-CONTAINING
SURFACE COATINGS

4.1. Surface Modification of PTFE by Carbynes

A defluorination phenomenon of PTFE on the water–
PTFE boundary under microwave radiation was first
noticed when microwave hot water systems for industrial
applications were designed (101). PTFE, being an irre-
placeable material in microwave technologies because of
its microwave transparency with negligible absorption,
was decomposed during exposure in a microwave hot
water system (101). The 5-mm-thick window separating
a microwave launcher and a pipe with hot water (B951C)
caused a total degradation with formation of predomi-
nantly black-orange-colored deposits.

X-ray diffraction demonstrated (34) that the black
deposits are carbynes. The black color of the carbyne
layers is evidence (102) that the carbyne deposits contain
a substantial portion of sp2-hybridized bonds. The rate of
formation of carbyne-containing coatings on PTFE-sur-
face was B25nm/min. The SEM images of the carbyne-
containing precipitates on PTFE-surface are displayed in
Fig. 4.

The vast microwave-assisted decomposition of PTFE
with formation of the carbyne compounds has allowed the
x-ray diffraction to be realized. These deposits were char-
acterized by the set of interplanar d-spacings (34,87).
Comparison of the obtained d-spacings with carbynes
(19,21,102–106) and other carbon phases (105,107) con-

(a)

(c)

(b)

Figure 4. SEM images of carbyne-containing
deposists on PTFE-surface (10kV, secondary
electrons): (a) surface topography and (b)
cross-section (left side of the image) combined
with surface topography (right side of the im-
age); (c) light microscopy image of an untreated
PTFE-surface.
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firmed that the deposits by their nature go very well with
carbynes. This raised the idea to purposely use the
phenomenon for a modification of PTFE by carbyne-con-
taining biofunctional coating for biomedical applications.

Fourier transform-infrared spectroscopy detected the
strong absorptive peak at 1463.71 cm�1 (Fig. 5), which is
ascribed to the double carbon-to-carbon bonding
(QCQCQ)n with sp1-hybridization (86). The peak at
around 2135 cm�1, which is typical for triple carbon-to-
carbon bonding (–C�C–)n, had not been detected. In the
case of microwave-induced defluoruiation of PTFE, the
formation of the double carbon-to-carbon bonding is the
most likely. The broad peaks at 1597 cm�1 and
1288 cm� 1, which are qualified to amorphous graphite
structure (86), had not been detected as well, although the
black color of the deposits is attributed to some portion of
sp2-hybridized bonds (18).

In this case, the cleavage of the C–F bonds is effectively
stimulated by microwave radiation. The possible mechan-
ism of microwave-induced defluorination of PTFE on its
surface in contact with hot water (B951C) may consist of
two parallel microwave-induced reactions (Fig. 6):

* F–C cleavage and formation of free F-radicals leading
to hydro-fluorine (HF) formation.

* Formation of carbon-to-carbon double bonds leading
to carbyne modification of PTFE.

It is well known (60) that PTFE is unstable against
reductive dehalogenization realized by electrochemical
treatment of PTFE with solvated electrons or with organic
radical anions. Formation of the double C-to-C bonding is
interesting because PTFE is usually decomposed, forming
carbynes with single/triple alternating bonds (60).

PTFE being an unappropriated precursor for photo/
laser-induced cleavage of C–F bonds (86) can be easily
decomposed by microwave-stimulated chemical reaction.
Usually, photo- and laser-induced dehydrohalogenation of
halogenated polymers results only in carbyne formation
(86).

4.2. Carbyne-Containing Functional Coatings on Transition
Metal Carbides

Selected area electron diffraction (SAED) demonstrates
that the carbon-containing functional films on TiC-surface
after electropolishing is characterized by the set of inter-
planar d-spacings (35,87,97,98). Comparison of the experi-
mental d-spacings with carbynes (19,21,102–106) and
titanium phases (108), which served as the internal
standard, confirmed that the biofunctional film by its
nature fits very well with chaoite, which is a mixture of
a- and b-carbynes.

Chaoite/carbynes mean values (mv) of d-spacings (dmv)
as the arithmetic average of known experimental data
(dexp) (19,21,102–106) were calculated. The difference
between dexp and dmv was a small percentage of the
mean values (35). This percentage was less than 5%,
which is acceptable for determination of carbynes from
SAED (103). The dexp data are in accordance with the
similar experimental results obtained earlier (19,21,102–
106), i.e., dmin � dexp � dmax.

The crystal structure of the carbyne-containing func-
tional film varies from crystalline state to amorphous
state, depending on location of the SAED (35). In the
middle of the TEM-foil hole covered by the carbyne-con-
taining nanofilm, its structure is amorphous. Containing
TiC-inclusions, it is a quasi-polycrystalline structure with
non-oriented predominantly carbyne nanocrystals em-
bedded in a carbon-amorphous matrix. It was established
by means of dark-field imaging that the carbyne nano-
crystals are nano-rod shape of 5–100nm in length.

Not far from the TiC-edge and on the TiC-surface, the
carbyne film gains a texture and a predominant orienta-
tion of the carbyne nanorods directed along h121i and
h110i on the f111g-surface of TiC-grains and along h110i on
the f001g-surface of TiC-grains.

The carbyne film totally covers the polished TiC-sur-
face. Existence of the amorphous carbon decreases as
remoteness from TiC-matrix increases. Therefore, TiC-
matrix is a part of a stabilizing factor of the carbyne films.
One end of the carbyne chains is likely connected to Ti-
atoms of TiC-surface by covalent bonds formed between p-
states of C-atoms and valence d-state of Ti-atoms (109). A
possible explanation of the carbyne formation has been
suggested to be related to rearrangement of unsaturated
carbon bonds on the TiC-surface after extraction of Ti-
atoms. The summarized cross-sectional sketch of the
carbyne-containing functional coatings has been shown
in Fig. 7.

Further experiments confirmed that the formation of
the carbyne-containing functional films on the surface of
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Figure 5. Fourier transform-infrared spectroscopy of carbynes
obtained by microwave-induced defluorination of PTFE on its
surface in contact with hot water.

Figure 6. Possible mechanism of microwave-induced chemical
defluorination of PTFE surface in contact with hot water.
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carbides of transitional refractory metals (Zr, Hf, V, Nb,
Ta, W) of groups IVA–VIA during electropolishing is
typical. Therefore, this allows the modification by means
of the carbyne-containing nanolayers of the biomaterials
based on transition metals such as Ti-6A1-4V, Ti-15Zr-
4Nb-4Ta-0.2Pd, and Ti-15Zr-4Nb-4Ta (94–96). For realiza-
tion of the carbyne-containing nanolayer on the surface of
such biomaterials in question, a preliminary preparation
of the carbide layer is necessary. For this aim, the surface
of these biomaterials can be easily carbonized by either a
well-established plasma carburizing technology (110),
which is applicable to transition refractory metals (111)
and their alloys, or by a coating deposition of transition
metal carbides.

4.3. nc-Carbynes/nc-W3C Nanocomposite Coatings

As it was shown (69), a new tungsten carbide phase with a
microhardness of B35GPa can be formed by varying the
partial pressure ratio of propane to hydrogen. On the basis
of chemical analysis and x-ray diffraction, the structure of
the tungsten carbide CVD deposited was identified as a
cubic structure of the A15 (Nb3Sn type) with a lattice
parameter ao¼ 0:5041nm.

SAED was used to determine an exact phase composi-
tion of the CVD deposits (47). First of all, the SAED
results were in good accordance with known x-ray diffrac-
tion and calculated data (69). The SAED-analysis (Fig. 8a)
indicated the presence of the additional diffraction rings
(47–49,87,98,100), which exhibited low intensity. Compar-
ison with the well-known carbon structures (graphite,
diamond, fullerenes, carbynes, chaoite, etc.) (19,21,102–
106) and carbides WC and W2C shows that the extra
electron diffraction rings belong to a- and b-carbynes and
their mixture, chaoite.

Calculations from extended x-ray peaks using
Scherer’s formula (112) display the average grain size of
B70nm. Direct TEM investigations using the dark- and
bright-Field of TEM images confirmed that the composite

deposits have, first, the nanocrystalline structure and,
second, that they are the composite of nanoscale size of
both the nc-W3C phase and the nc-carbynes. The W3C-
grains measuring in the range of 50–100nm (Fig. 8b) were
in turn built of nano-clusters with sizes of 2–5nm sepa-
rated by the very fine (up to 1nm) carbyne nano-clusters.
Carbynes, which were present in the deposits throughout
the volume of coatings, usually had sizes measuring
between 2 and 5nm (Fig. 8c). The average volumetric
portion of carbynes in the deposits was found (47) to be
approximately 4–5 vol %. A full scale of the properties of
the nc-Carbynes/nc-W3C nanocomposite coatings is pre-
sented elsewhere (47).

Some features of the nc-Carbynes/nc-W3C nanocompo-
sites relevant to bioapplications are displayed in Table 1.
The low coefficient of friction, high hardness, and high
corrosion resistance in ambient acid/alkaline aggressive
conditions are appropriate properties to employ the nc-
Carbynes/nc-W3C nanocomposite coatings in biomedical
applications for coating of artificial implants.

5. EVALUATION

Carbynes have been intensively investigated for a few
decades. This is a very diverse domain of carbon allo-
tropes, application of which is constantly expanding. This
article, which presents the full overview of the carbyne-
containing functional coatings conforming to biomedical
applications, demonstrates a growing interest in such
materials, although the number of papers specifically
related to biomedical applications of carbynes is still
very limited. The breakthrough of the carbyne-containing
functional coatings will mainly depend on increasing
activities of the international scientific community in
further biomedical validation of the carbynes and their
structurally related compounds. The advanced develop-
ment of the carbyne-containing nanocoatings in conjunc-
tion with biomedical applications seems worthwhile for a
broader range of applications that is available as a part of
the emerging nanobiotechnology.

The spectrum of carbyne-containing coatings is certain
to widen. Three new types of such nanocoatings are
offered here:

* Carbyne-containing nanocomposite of nc-Carbynes/
nc-W3C

* Carbyne-containing nanofilms on transitional-metal-
carbide surfaces

* Carbyne-containing deposits on PTFE-surface

These new processes will probably make practical manu-
facturing the artificial implants much cheaper and will
thus make the carbyne-containing modifications more
competitive.

Finally, research and development of the carbyne-con-
taining functional coatings has reached such a stage that
further fabrication of functional artificial implants mod-
ified by carbine-containing coatings will demonstrate their
advantages.

Figure 7. Sketch of the carbyne-containing nanocoating on a
transition metal carbide surface after electropolishing.
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1. THE RESTING MEMBRANE POTENTIAL

The cell membrane or sarcolemma, constituted of lipid
bilayer, is hydrophobic in nature and is highly imperme-
able to most water-soluble molecules and ions. A potential
is developed across the lipid bilayer of the cell membrane
because of unequal distribution of charges on either side of
the membrane, thus making it act as a capacitor. Mem-
brane proteins that span across cell membranes form ion
channels allowing transport of small water-soluble ions
across the membrane. These channels are highly selective
and their selectivity depends on diameter, shape of the ion
channel, and on the distribution of charged amino acids in
its lining (1). The movements of the ions through these
channels across the membrane govern its potential.

The transport of the ions across the membrane is either
passive or active. The passive mechanism of transport of
any ion is governed by its electrochemical gradient, a
combination of chemical force exerted by diffusion of ions
because of concentration gradient and an electrical force
exerted by the electric field developed because of the
charges accumulated on either side of the membrane
(capacitor) (2). Physiologically, cells have a high intracel-
lular potassium concentration ([Kþ ]i) and a low sodium
concentration ([Naþ ]i). Conversely, the extracellular med-
ium is high in Naþ and low in Kþ . In cardiac cells at rest,
the membrane is mostly permeable to Kþ ions through K
þ leak channels. As Kþ flows out down its concentration
gradient, a negative potential is built up inside the cell,
which increases as long as it counter balances the chemi-
cal driving force generated by concentration gradient.
This potential at which the net ion flux is zero is called
Nernst equilibrium potential of that ion. The equilibrium
potential for Kþ is given by its Nernst equation:

EK ¼
RT

ZF
ln
½K þ �o
½K þ �i

;

where R is universal gas constant, T is temperature in
Kelvin, F is Faraday constant, and Z is the valency of the
ion.

Typical resting membrane potentials of cells vary from
� 90 to � 60mV, depending on the type of the cell. It may
tend toward the excitatory threshold for an action poten-
tial as in a cardiac pacemaker cell or remain stable with
approximately no net ion flux observed in nonpacing
cardiac ventricular cells. As the ventricular cell at rest is
more permeable to Kþ ions than any other ion, the resting
membrane potential (B� 84mV) is close to EK at 371C. As
a result of its permeability to other ions and also because
of other transport mechanisms, the resting membrane
potential does not reach exactly EK.

The active mechanisms maintain the homeostasis of
ionic concentrations in both the intracellular and extra-
cellular media. These membrane proteins are called car-
rier proteins and they use energy from hydrolysis of ATP
to transport ions against their concentration gradient.

2. THE CARDIAC ACTION POTENTIAL AND ITS IONIC
BASIS

Membrane excitability is the fundamental property of the
nerve and muscle cells [i.e., in response to certain envir-
onmental stimuli, it generates an all-or-none electrical
signal or action potential (AP)]. Many different types of
cardiac ion channels and ion pumps altogether orchestra a
complex process that results in cardiac AP (3). For exam-
ple, the normal cardiac action potentials can be classified
into two broad categories; those that are self-oscillatory in
nature, such as pacemaker cells (sinoatrial and atrio-
ventrciular cells), and those that need an external stimu-
lus above a threshold, also called supra threshold, in order
to be evoked such as atrial, Purkinjee fiber, or ventricular
cells. An extraordinary diversity in the action potential
configurations can be seen in different regions of the heart.
The ventricular tissue in particular displays a wide vari-
ety of action potential waveforms. These APs include
pacemaker potentials in Purkinje cells, and disparate
action potential durations (APD) and morphologies in cells
from the epicardial, mid-myocardial, and the endocardial
layers of the ventricle. The ventricular action potential
has been studied more frequently than other representa-
tive cardiac membrane potentials because ventricular
arrhythmias are believed to constitute the majority of
reportedly fatal incidences of cardiac arrhythmias (4).

A typical ventricular action potential in higher mam-
mals such as canine and human consists of four distinct
phases (Fig. 1a) (5,6). Phase 0 corresponds to a rapid
depolarization or upstroke of the membrane action poten-
tial. Phase 1 is the initial rapid repolarization, and is
followed by phase 2, which constitutes the action potential
plateau. Phase 3 represents the final repolarization,
which allows the ventricular cell to return to its resting
state in phase 4. In addition to its morphological features,
ventricular action potentials are commonly measured
experimentally to determine its characteristics, including
the resting membrane potential (Vrest); the peak overshoot
(PO) value, which is the maximum positive value achieved
during the initial phase 0 depolarization; the maximum
upstroke velocity (dV/dtmax), which occurs during phase 0;
and the action potential durations (APDs) measured when
the action potentials have repolarized to 50% and 90% of
their final repolarization value, also called APD50 and
APD90, respectively. Some of these action potential char-
acteristics a remarked in Fig. 1.

One or more of these characteristics is usually altered
in the setting of a pathophysiological condition and helps
to quantify the differences between the normal and the
abnormal action potentials.

The temporal changes in a typical ventricular action
potential configuration (i.e., depolarization followed by a
repolarization) (Fig. 1) are governed by the movement of
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different ions such as Naþ , Kþ , and Ca2þ ions across the
sarcolemma. These ions are usually transported between
the intracellular and the extracellular spaces by means of
carrier proteins and channel proteins embedded in the
cardiac membrane. These proteins form the passive (ion
channel-mediated and carrier-mediated) and active (car-
rier proteins such as pumps and exchanger) transporters
of the cell membrane. The ion channels, the pumps, and
exchanger are the major ionic currents that form an action
potential in mathematical representations. A summary of
these currents that are present in a typical cardiac
ventricular cell and the role of the currents in action
potential generation are summarized in Table 1. The
action potential phases and the contributing ionic cur-
rents are presented in Table 2. The ventricular action
potential is the result of a delicate ‘‘balance’’ of the inward
currents, outward ion currents, and the active transpor-
ters (pump and exchanger).

To restore the intracellular and extracellular ionic
concentrations so that homeostasis is maintained, the
ions that cross the cell membrane during an action
potential are brought back by active mechanisms like Na
þ -Kþ pump, Ca2þ pump, and coupled transporters like
Naþ -Ca2þ exchanger and Naþ -Hþ exchanger. All the
active mechanisms use hydrolysis of adenosine tripho-
sphate (ATP), the cellular source of energy to achieve
this end. Of these mechanisms, Naþ -Kþ pump, which
brings in 2 Kþ ions for 3 Naþ ions out per ATP consumed,
results in a net positive current (INaK) in outward direc-
tion and Naþ -Ca2þ exchanger, which exchanges 3 Naþ

ions for one Ca2þ ion, results in a net positive current
(INaCa) contributing a little to the action potential. In most
species, the exchanger current is in its Ca2þ influx mode
(reverse mode) during depolarization resulting in outward
current and is inward during Ca2þ efflux mode during
repolarization, which is because the equilibrium potential
of the current given by (3ENa–2ECa) is around � 40mV (7).
The current contributed by Ca2þ pump is negligible as it
pumps few ions across membrane. The Naþ -Hþ exchan-

ger transports one Naþ for Hþ , thereby causing no net
flux across the membrane.

By convention, any current inward is considered nega-
tive and contributes to depolarization and any current
outward is considered positive and contributes to repolar-
ization.

3. EXPERIMENTAL TECHNIQUES TO QUANTIFY IONIC
MECHANISMS OF ACTION POTENTIAL

The advent of patch clamp technique (8–11) has made it
possible to record the current from a single ion channel.
The technique involves clamping a patch of the cell
membrane and recording either voltage (current-clamp)
or current (voltage-clamp or patch-clamp) across the
membrane. Using this technique, current of order as low
as 10�12 A can be measured, which could be done using
different configurations of patch clamping (12).

1. A freshly made glass pipette with a tip diameter of
only a few micrometers is pressed gently on the cell
membrane to form a giga-ohm seal, which is called a
cell-attached patch configuration. The pipette solu-
tions form the extracellular solution and the cur-
rents across the channel within the patch can be
recorded.

2. When gentle suction is applied to the pipette in cell-
attached configuration, the membrane ruptures
while maintaining the tight seal and the cytoplasm
and pipette solution start to mix. After a short while,
this mixing is complete and the ionic environment in
the cell is similar to the filling solution used in the
pipette. This configuration is called whole-cell patch
configuration. The recordings obtained using this
configuration are from a whole cell and not from a
patch. The advantage of this technique is that the
intracellular environment is accessible through the
pipette. Current-clamp technique is used in this
configuration to measure the AP’s of excitable cells.
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Figure 1. (a) and (b) Examples of simulated
cardiac action potential (AP) waveforms of the
dog (5) and rat (6) ventricular cells. The action
phases and the characteristics are marked.
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3. Sudden pulling out of the pipette from cell-attached
configuration holds the patch that formed the giga-
ohm seal giving rise to inside-out configuration (in-
side of the cell membrane is exposed to external
bath).

4. Slow pulling out of the pipette from whole-cell
configuration holds the patch that formed the giga-
ohm seal giving rise to outside-out configuration.
Both inside-out configuration and outside-out con-
figuration allow single channel recordings. Both the
intracellular bath and the extracellular bath are
accessible in these cases.

5. The fifth configuration is obtained by creating arti-
ficial channels (permealizing membrane) on the cell-
attached patch by administering antibiotics like
amphotericin. The voltage and current-clamping
recordings obtained in this configuration recording
are similar to whole-cell recordings, the advantage
being the intracellular medium is not dialyzed.

3.1. Voltage-Clamp Technique

The method of voltage clamping has been the primary
experimental tool used to reconstruct models of cellular
electrical activity. As the behavior of the ion channels is
highly nonlinear under changing action potential, this
method enables one to quantify their properties by holding
the transmembrane potential (membrane potential) at a
particular voltage. The basic principle relies in preventing
ions to move in and out of the cell by changing the
membrane potential from rest or a holding potential to a
particular (clamped) voltage. For example, if Naþ channel
is studied, the membrane potential is initially held at rest.
When this potential is changed instantaneously to a
depolarized (more positive) potential, sodium channels
open and Naþ ions tends to move in. The voltage amplifier
senses these small changes in voltage and a feedback
current of equivalent amount is applied in opposite direc-
tion of the ion flow. This measurable current changes for
different clamp potentials as the driving force (VClamp

�ENa), and the gating parameters at that VClamp change
enabling one to quantify the channel properties. Ion
channels conduct ions at a rate sufficiently high that the
flux through a single channel can be detected electrically

Table 1. Major Membrane Currents Underlying a Typical Ventricular Action Potential

Membrane Currents Description Gene (a-subunit) Contribution to Action Potential

Inward Ionic Currents

INa Naþ current SCN5A Initial depolarization of action potential

ICaL L-type Ca2þ current a1C, a1D Maintains plateau phase of action potential

ICaT T-type Ca2þ current a1G, a1H Present in the late plateau phase

Outward Ionic Currents

It Ca2þ -independent transient outward Kþ current Kv4.2 Responsible for early repolarization
Kv4.3
Kv1.4

IKr, IKs Rapid and slow delayed Kþ rectifier currents HERG Aids repolarization during plateau
KvLQT1

Iss, IKslow Slow inactivating Kþ currents Kv2.1 Aids late repolarization
Kv1.5

IK1 Inward rectifier Kþ current Kir2.1 Late repolarization, helps establish Vrest

Kir2.2

Other Ionic Currents

INaCa Naþ -Ca2þ exchanger current NCX1 Late depolarization
NCX2

INaK Naþ -Kþ pump current Naþ -Kþ -ATPase (a) Late repolarization

Table 2. The Action Potential Phases and the Major Ionic
Current Contributors

Phases of Action Potentials
and Description

Major Contributing Ionic
Currents

Phase 0 INa

Initial depolarization

Phase 1 It
Early repolarization

Phase 2 ICaL, IKr, IKs, ICaT
Plateau phase

Phase 3 IK1, INaK, INaCa, Iss, IKslow, IKr,
IKs,Late repolarization

Phase 4 IK1

Resting potential
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using patch-clamp technique. The basic circuit of voltage
clamp setup is shown in Fig. 2 (13).

3.2. Current-Clamp Technique

The current-clamp technique is used to record action
potentials. This technique involves clamping the cell in
whole-cell configuration and applying a suprathreshold
current pulse for a short duration until the Naþ channels
start to activate. The transmembrane change in voltage
gives the action potential recording.

A key concept to modeling of excitable cells is the idea
of ion channel selectivity of the cell membrane. As the
molecular behavior of channels is not known, modeling of
nonlinear empirical models of membrane processes help
us to understand the role of various currents in the
depolarization and repolarization phases and the phenom-
ena that involve the interaction between these processes.

4. MATHEMATICAL MODELS FOR CARDIAC MYOCYTES

The Hodgkin–Huxley (HH) paradigm (14) type formalism
is approached for numerical reconstruction of ventricular
AP. At any particular moment, the movement of any
particular ion across the membrane depends on the re-
lative density of the channels, the probability of the
channel that is selective to the ion being open, the con-
ductance of the ion, and the net driving force of the ion
given by the difference (Vm �Eion), where Vm is the
transmembrane voltage and Eion is the Nernst potential
of the ion (2). Also, it is assumed that ion fluxes are
independent of each other (i.e., the probability of an ion
crossing the membrane does not depend on the probability
of a different ion crossing the membrane). Based on this,
the cell membrane is modeled as a capacitance in parallel
to the resistances that represent the flow of ions through
their respective channels along with their driving force.
The resistive components are characterized in the original
HH model as conductance’s (G), the reciprocals of the
resistances. The resistive currents can therefore be writ-

ten as:

Iion¼Gion
�
ðVm � EionÞ:

The experiments suggested that these conductances
could be voltage- and time-dependent resulting in a gating
mechanism. In HH type models, this gating mechanism is
explained by considering the conductance Gion as the
product of maximum conductance Gion-max the channel
can achieve and gating variables whose value lie between
0 and 1. The behavior of a gating variable ‘x’ is given by
first-order differential equation:

dx=dt¼ ðx1 � xÞ=tx;

where xN is the steady-state value the variable reaches at
a particular voltage and tx is the time constant at that
voltage that determines the rate at which steady state is
reached. These variables are voltage-dependent. All of
these parameters are constrained by experimental data.
These models represent the lumped behavior of the chan-
nels.

Increased understanding of the behavior of ion chan-
nels at a single-channel level because of improved patch-
clamp techniques lead to the development of state-specific
Markov models. Based on single-channel recordings, it is
observed that the channel opening or closing is random.
Hence, the conductance Gion-max is multiplied by the total
open channel probability of the ion (Pion). These models
represent the channel behavior based on their conforma-
tional changes and are capable of reproducing single-
channel behavior (15).

The rate of change of membrane potential to a stimulus
current (Ist) is given by

ðdV=dtÞ¼ ð�1=CmÞ
�
ðS Iiþ IStÞ;

where Cm is the membrane capacitance and Iis are
different ionic currents.

Voltage-clamp Setup

VClamp

Vm

(VClamp−Vm)

Cell

Extracellular
medium

Measured 
voltage

Feedback current
generator

Figure 2. Simplified circuit of a voltage-clamp
setup (13).
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5. REVIEW OF THEORETICAL MODELING RESEARCH AND
EXPERIMENTAL RESEARCH IN MURINE CARDIAC
VENTRICULAR CELLS

After the first models of the mammalian ventricular cells
by Beeler and Reuter (16) and Drouhard and Roberge (17),
sophisticated mathematical models that simulate the
cardiac action potentials in ventricular cells from different
species such as canine (18,19), guinea pig (20–24), human
(25,26), frog (27), and rabbit (28) have been published
during the past decade. The model equations have usually
based on the Hodgkin–Huxley (14) paradigm, wherein an
ionic current is described by a set of nonlinear differential
equations, and the parameters within these equations are
constrained by experimental data obtained via voltage-
clamp experiments in ventricular myocytes. A growing
recognition exists that it is important to understand the
complex, nonlinear interactions between the ionic milieu
of the cardiac cell, which ultimately influence the action
potential (29).

The mathematical models have demonstrated to be
useful didactic tools in research, and have also quantified
the important functional differences in the action poten-
tial properties between different species. Additionally, the
computational models have also provided valuable, semi-
quantitative insights into the diverse ionic mechanisms
underlying the normal/abnormal action potential behavior
in different animal models. It is not always possible to
make precise experimental measurements regarding the
contribution of a particular ionic mechanism to an aber-
rant action potential. The simulation results from these
cardiac models have helped in planning for future experi-
mental studies, and also in making predictions in cases
where suitable technology is unavailable (or not devel-
oped) to make direct experimental measurements (such as
visualizing the transmural activity within the ventricular
wall). These models will play increasingly important roles
in addition to experimental studies in the design and
development of future drugs and devices (30). An addi-
tional and important feature of these ventricular models
has been their ability to simulate intracellular Ca2þ

transient ([Ca2þ ]i). Thus, these models incorporate the
feedback mechanism between the action potential dura-
tion (APD) and the intracellular calcium [Ca2þ ]i. APD is
known to influence the amplitude of the [Ca2þ ]i in ven-
tricular cells (31), and [Ca2þ ]i in turn influences the
action potential waveform by Ca2þ -induced Ca2þ inacti-
vation of ICaL, and by determining the peak magnitude of
INaCa (7).

The previously developed mathematical models of hu-
man, dog, guinea pig, rabbit, and frog provide a good basis
for the understanding of the ionic mechanisms responsible
for the generation of the cardiac action potential. How-
ever, significant differences exist in the action potential
waveforms and their corresponding properties between
different species. The unique nature of the rat cardiac
action potential, coupled with the recent available experi-
mental data for the ionic mechanisms involved in the
genesis of the action potential in isolated rat myocytes,
provided the motivation for the development of the first
detailed mathematical model of the rat ventricular action

potential. An adult male rat ventricular myocyte model
has been constructed (6) and this model has been used to
study the ionic basis underlying the action potential
heterogeneity in the adult rat left ventricle. Important
insights have been obtained into the role of longlasting
Ca2þ current (ICaL), the Ca2þ -independent transient out-
ward Kþ current (It), and the steady-state outward Kþ

current (Iss) in determining the electrophysiological differ-
ences between epicardial and endocardial cells. This ven-
tricular cell model has been used to investigate the ionic
mechanisms that underlie altered electrophysiological
characteristics associated with the short-term model of
streptozotocin-induced, type-I diabetic rats (32) and spon-
taneously hypertensive rats (33). The rat ventrcicular
myocyte model was further used to develop models for
the mouse apex and septal left ventricular cells (34–36).
Thus, these model simulations reproduce a variety of
experimental results and provide quantitative insights
into the functioning of ionic mechanisms underlying the
regional heterogeneity in the adult rat and mouse ven-
tricle.

The ventricular cell models of dog, guinea pig, human,
and rabbit described in the previous section have been
mainly used to simulate the so-called ‘‘spike and dome’’
configurations for action potentials (Fig. 1a) commonly
observed in ventricular cells from higher mammalian
species (37). However, no mathematical model has been
published to represent the murine (rat or mouse) cardiac
action potential until the rat ventricular cell presented by
Pandit et al. (6). The murine ventricular action potentials
have a much shorter APD (typically the APD at 90%
repolarization (APD90) is less than 100msec) (Fig. 1b),
and lack a well-defined plateau phase (‘‘triangular’’ in
shape) (38–40). A comparison of the experimentally re-
corded ionic currents underlying action potentials in rat/
mouse and other mammalian ventricular cells shows that
they display markedly different amplitudes and time-
dependent behavior. In fact, despite the similarity of
action potential waveforms in rat and mouse, the under-
lying nature of the repolarizing Kþ currents are different
(40–43). Thus, the unique action potential characteristics
and the lack of models to quantify these membrane
properties provide the motivation to develop the rat and
mouse ventricular cell models. However, the mere absence
of a mathematical model for a particular species cannot
alone justify its development. The other justification in
this case is provided by the widespread use of the murine
cardiovascular system for the investigation of the cellular
and molecular physiology of the compromised cardiovas-
cular function (44).

Experimental studies indicate that the patterns of
action potential waveforms are somewhat similar in ro-
dents (rat or mouse), although the APD is shorter in
mouse, and the complement of the Kþ currents under-
lying the cardiac repolarization in mouse are also different
than those in rat (42,45). The cardiac repolarization in rat
is controlled by two distinct depolarization-activated Kþ

currents, the Ca2þ -independent transient outward Kþ

current (It) and the steady-state outward Kþ current (Iss)
(39,46). In mouse ventricular myocytes, an additional
current, the 4-AP sensitive (at concentrations less than
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100mM), slowly inactivating, delayed rectifier Kþ current
(IKslow), has been deemed to play an important role
(40,47). The properties of the depolarization-activated K
þ currents have now been well characterized in rats
(39,51) and mouse (43,47), and appear to be significantly
different. It is therefore interesting to investigate in
computational modeling whether the reported differences
in the properties of the depolarization-activated Kþ cur-
rents can account for the dissimilar nature of the action
potential configurations observed in rats and mice.

6. COMPUTATIONAL MODELING OF THE MURINE
VENTRICULAR ACTION POTENTIALS

The author’s goal has been to unify different experimental
data and to develop biophysically detailed models for the
rat and mouse ventricular cells and to determine the
underlying ionic channels responsible for differences in
cardiac action potential variations in rats and mice under
normal and diseased conditions. A computational model
for the rat cardiac ventricular cell has been developed
based on electrophysiology data. The control model (6)
represents the bioelectric activity in the left ventricular
cells in adult male rats. The differences in the membrane
properties within the left ventricle have been formulated
to simulate the action potential variations of the endocar-
dial and epicardial cells. A right ventricular cell model was
also built from the control model (the left ventricular cell
model) to investigate ionic mechanisms in diabetic rats
(32). The right ventricular cell model was also the tem-
plate used to develop a mouse ventricular cell model by
applying experimental data (13,48).

The left (LV) and right (RV) ventricular cell models for
the rat consist of a Hodgkin–Huxley-type membrane
model that is described by the membrane capacitance,
various ionic channels; the fast Naþ current (INa), long-
lasting Ca2þ current (ICaL), the 4AP-sensitive, Ca2þ -
independent transient outward Kþ current (It), steady-
state outward Kþ current (Iss), inward rectifier Kþ cur-
rent (IK1), hyperpolarization-activated current (If), linear
background current (IB); the Naþ /Ca2þ ion exchanger
(INaCa), and the Naþ /Kþ (INaK) and Ca2þ membrane
(ICaP) pumps, that are experimentally observed in rat
ventricular cells.

The mouse ventricular cell model was constructed by
using the rat right ventricular cell model as the template.
The mouse LVapex cell was developed by adding the 4AP-
sensitive slowly inactivating, delayed rectifier Kþ current
(IKslow) based on the data of Fiset et al. (40) and Zhou et al.
(47), and by reformulating It and Iss based on experiments
performed by Agus et al. and Xu et al. (43) in mice.
Further, a mouse LV septum cell model was developed
by formulating a new current Itos based on the data of Xu
et al. (43), and by reducing the densities of Itof, IKslow, and
Iss by 70%, 23%, and 30%, respectively, based on data of
Gussak et al. (45).

The important results of our simulation studies are:

1. The action potential heterogeneity (Fig. 3) in the
adult rat LV is mainly because of the changes in the

density and recovery kinetics of It and because of the
altered density of INa (6,34,35).

2. The RV cell model can be developed from the LV cell
model by changing the densities of It, Iss, ICaL, and
INaK based on experimental data.

3. The changes in the density and the reactivation
kinetics of It can account for the action potential
prolongation differences in RV myocytes of diabetic
(type-I, short-term) rats (32) and LV myocytes of
spontaneously hypertensive rats (33) (Fig. 4) (34,35).

4. The presence of IKslow in mouse is one of the main
factors contributing to the faster rate of repolariza-
tion seen in mouse compared with rats (Fig. 5)
(13,34,35).
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Figure 3. Simulated action potentials of the rat left ventricular
(LV), epicardial (EPI) (solid line), and endocardial (ENDO)
(dashed line) cells (34,35).
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Figure 4. Model generated ventricular action potentials of the
epicardial cells for the normal rat (N) (solid line) and sponta-
neously hypertensive (SH) rat (dashed line) (34,35).
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5. The LV septum cell model had prolonged action
potentials compared with the apex cells (Fig. 6a)
(34–36), and these simulation results are qualita-
tively similar to the experimental data of Guo et al.
(43).

6. The rat epicardial and endocardial ventricular cell
models were more rate-sensitive than the mouse
ventricular cell model, and these simulation data
match the experimental data well.

In conclusion, the mathematical modeling study of
murine ventricular myocytes complements the knowledge
of the biophysical data with simulation data and provides
quantitative descriptions to understand the ionic currents
underlying the cardiac action potential variations in
different species. This kind of computational work will
enhance the understanding of the ionic mechanisms that
contribute to the cardiac action potential variation in

normal and diseased animals, and will provide better
treatments for diseases in humans.

The authors’ computational modeling laboratory has
developed an interactive cell modeling website, iCell
(http://ssd1.bme.memphis.edu/icell/) since 1998 to dis-
seminate their models and the models that are published
in literature. iCell, which integrates research and educa-
tion, was specifically developed as a simulation-based
teaching and learning resource for electrophysiology
(35,36,49,50).

7. IMPACT OF COMPUTATIONAL MODELING IN
VENTRICULAR CELLS

The following summarizes impacts of the computational
model development of ventricular bioelectric activity and
the model-generated data in different disciplines of life
sciences. I. Biophysics and Physiology: The results of the
computational studies expand the knowledge of the living
systems at the cellular level in electrophysiology. II.
Clinical Physiology and Medicine: The insights gained
and conclusions derived from the computational studies
enhance one’s understanding of the biocomplexity of the
heart, and provide better knowledge to be used in the
future in treatments for diseases in humans. The cardiac
cells’ responses to various pathophysiological states will
be better understood with simulation data. III. Pharma-
cology: The differences in ventricular membrane ionic
currents, especially outward Kþ currents in different
species, have very important practical implications. Dif-
ferent drugs are known to affect different ionic currents
and to change action potential waveforms in different
mammalian heart preparations under various conditions
of development, aging, and gender. A better understand-
ing of the role of the ionic currents that control repolariza-
tion in the ventricular myocytes obtained from various
species including rat and mouse, as presented in this
article, will provide motivation and explanations for spe-
cies differences in treatment and drug actions, and also
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Figure 5. Simulated action potentials of the mouse left ventri-
cular apex cell (M) (solid line) and the rat right ventricular cell (R)
(dashed line) (34,35).
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promote pharmacological research that may lead to the
development of more specific drugs to be used in children
and adults.

Acknowledgments

The computational research projects presented here were
funded by the Whitaker Foundation (PI: Dr. S. S. Demir).
The author acknowledges the contributions of her former
students S. Pandit, S. Padmala, and E. Damaraju to these
research projects.

The author thanks her former students, Joe E. McMa-
nis, Yiming Liu, Dong Zhang, Srikanth Padmala, and
Eswar Damaraju for coding JAVA applets in the iCell
project; her students Chris Oehmen and Jing Zheng for
posting the html pages; and Dr. Emre Velipasaoglu,
Siddika Demir, and Asim Demir for valuable collabora-
tions and discussions. This research was also funded by
the Whitaker Foundation (PI, Dr. S. S. Demir).

BIBLIOGRAPHY

1. B. Alberts, D. Bary, A. Johnson, J. Lewis, M. Raff, K. Roberts,
and P. Walter, Chapter 12: Membrane transport. In: Essential
Cell Biology: An Introduction to the Molecular Biology of the
Cell. New York: Garland Publishing, 1997, pp. 371–407.

2. R. Plonsey and R. Barr, Bioelectricity: A Quantitaive Ap-

proach. New York: Kulwer Academic Publications, 2000.

3. H. Fozzard, Chapter 5: Cardiac electrogenesis and the sodium
channel. In: P. Spooner, A. Brown, W. Catterall, G. Kaczor-
owski, and H. Strauss, eds., Ion Channels in the Cardiovas-

cular System: Function and Dysfunction. New York: Futura
Publishing Company, Inc., 1994.

4. P. M. Spooner and M. R. Rosen, eds. Foundations of Cardiac
Arrhythmias, 1st ed. New York: Marcel Dekker, 2000.

5. S. S. Demir, B. O’Rourke, G. F. Tomaselli, E. Marban, and R.
L. Winslow, Action potential variation in canine ventricle: a
modeling study. IEEE Comput. Cardiol. 1996:221–224.

6. S. V. Pandit, R. B. Clark, W. R. Giles, and S. S. Demir, A
mathematical model of action potential heterogeneity in adult
rat left ventricular myocytes. Biophys. J. 2001; 81:3029–3051.

7. D. M. Bers, Excitation-Contraction Coupling and Cardiac

Contractile Force, 2nd ed. Amsterdam, the Netherlands:
Kluwer Academic Publications, 2001.

8. O. Hamill, A. Marty, E. Neher, B. Sakmann, and F. Sigworth.
Improved patch-clamp techniques for high-resolution current
recording from cells and cell-free membrane patches. Pflugers
Archiv. 1981; 391:85–100.

9. E. Neher and B. Sakmann, Single-channel currents recorded
from membrane of denervated frog muscle fibres. Nature

1976; 260(5554):799–802.

10. E. Neher, B. Sakmann, and J. H. Steinbach, The extracellular
patch clamp: a method for resolving currents through indivi-
dual open channels in biological membranes. Pflugers Arch.

1978; 375(2):219–228.

11. E. Neher and B. Sakmann, The patch clamp technique.
Scientific Am. 1992; 266(3):44–51.

12. E. Neher and B. Sakmann, Noise analysis of drug induced
voltage clamp currents in denervated frog muscle fibres. J.
Physiol. 1976; 258(3):705–729.

13. E. Damaraju, A computational model of action potential
heterogeneity in adult mouse left ventricular myocytes.
M.S. Thesis, University of Memphis, Memphis, TN, 2003.

14. L. Hodgkin and A. F. Huxley, A quantitative description of
membrane current and its application to conduction and
excitation in nerve. J. Physiol. 1952; 117:500–544.

15. L. Irvine, M. Jafri, and R. Winslow, Cardiac sodium channel
Markov model with temperature dependence and recovery
from inactivation. Biophys. J. 1999; 76(4):1868–1885.

16. G. W. Beeler and H. Reuter, Reconstruction of the action
potential of ventricular myocardial fibres. J. Physiol. 1977;
268:177–210.

17. J. Drouhard and F. A. Roberge, Revised formulation of the
Hodgkin-Huxley representation of the sodium current in
cardiac cells. Comput. Biomed. Res. 1987; 20:333–350.

18. R. L. Winslow, J. Rice, S. Jafri, E. Marban, and B. O’Rourke,
Mechanisms of altered excitation-contraction coupling in
canine tachycardia-induced heart failure, II: model studies.
Circ. Res. 1999; 84:571–586.

19. J. J. Fox, J. L. McHarg, and R. F. Gilmour, Ionic mechanism of
electrical alternans. Am. J. Physiol. Heart Circ. Physiol. 2002;
282:H516–H530.

20. C. Nordin, Computer model of membrane current and intra-
cellular Ca2þ flux in the isolated guinea pig ventricular
myocyte. Am. J. Physiol. 1993; 265:H2117–H2136.

21. C.-H. Luo and Y. Rudy, A model of the ventricular cardiac
action potential. Circ. Res. 1991; 68:1501–1526.

22. C.-H. Luo and Y. Rudy, A dynamic model of the cardiac
ventricular action potential. I Simluation of ionic currents
and concentration changes. Circ. Res. 1994; 74:1071–1096.

23. J. Zeng, K. Laurita, D. S. Rosenbaum, and Y. Rudy, Two
components of the delayed rectifier Kþ current in ventricular
myocytes of the guinea pig type: theoretical formulation and
their role in repolarization. Circ. Res. 1995; 77:140–152.

24. D. Noble, A. Varghese, P. Kohl, and P. Noble, Improved
guinea-pig ventricular cell model incorporating a diadic
space, IKr and IKs, and length- and tension-dependent pro-
cessess. Can. J. Cardiol. 1998; 14:123–134.

25. L. Priebe and D. Beuckelmann, Simulation study of cellular
electric properties in heart failure. Circ. Res. 1998; 82:1206–
1223.

26. K. H. W. J. ten Tusscher, D. Noble, P. J. Noble, and A. V.
Panfilov, A model for human ventricular tissue. Am. J.

Physiol. Heart Circ. Physiol. 2004; 286:H1573–H1589.

27. T. L. Riemer, A. Sobie, and L. Tung, Stretch-induced changes
in arrhythmogenesis and excitability in experimentally based
heart cell models. Am. J. Physiol. 1998; 275:H431–H442.

28. J. L. Puglisi and D. M. Bers, LabHEART: an interactive
computer model of rabbit ventricular myocyte ion channels
and Ca transport. Am. J. Physiol. Cell Physiol. 2001;
281:C2049–C2060.

29. R. L. Winslow, D. F. Scollan, A. Holmes, C. K. Yung, J. Zhang,
and M. S. Jafri, Electrophysiological modeling of cardiac
ventricular function: from cell to organ. Annu. Rev. Biomed.

Eng. 2000; 2:119–155.

30. Members of the Sicilian Gambit. New approaches to antiar-
rhythmic therapy, Part I: emerging therapeutic applications
of the cell biology of cardiac arrhythmias. Circulation 2001;
104:2865–2873.

31. R. A. Bouchard, R. B. Clark, and W. R. Giles, Effects of action
potential duration on excitation-contraction coupling in rat
ventricular myocytes. Action potential voltage-clamp mea-
surements. Circ. Res. 1995; 76:790–801.

8 CARDIAC ACTION POTENTIALS



32. S. V. Pandit, W. R. Giles, and S. S. Demir, A mathematical
model of the electrophysiological alterations in rat ventricu-
lar myocytes in type-i diabetes. Biophys. J. 2003; 84(2):832–
841.

33. S. Padmala and S. S. Demir, A computational model of the
ventricular action potential in adult spontaneously hyperten-
sive rats. J. Cardiovasc. Electrophysiol. 2003; 14:990–995.

34. S. S. Demir, The significance of computational modelling in
murine cardiac ventricular cells. J. Appl. Bion. Biomech.

2004; 1(2):107–114.

35. S. S. Demir, Computational modeling of cardiac ventricular
action potentials in rat and mouse: review. Jap. J. Physiol.
2004; 54(6):523–530.

36. S. S. Demir, An interactive electrophysiology training re-
source for simulation-based teaching and learning. IEEE
Engineering in Medicine & Biology Society Proceedings,
2004:5169–5171.

37. C. Antzelevitch, G-X. Yan, W. Shimuzu, and A. Burashnikov,
Electrical heterogeneity, the ECG, and cardiac arrhythmias.
In: D. P. Zipes abd J. Jalife, eds., Cardiac Electrophysiology:

From Cell to Bedside, 3rd ed. Philadelphia, PA: WB Saunders,
1999, pp. 222–238.

38. T. Watanabe, L. M. Delbridge, J. O. Bustamante, and T. F.
McDonald, Heterogeneity of the action potential in isolated
rat ventricular myocytes and tissue. Circ. Res. 1983; 52:280–
290.

39. R. B. Clark, R. A. Bouchard, E. Salinas-Stefanon, J. Sanchez-
Chapula, and W. R. Giles, Heterogeneity of action potential
waveforms and potassium currents in rat ventricle. Cardio-
vasc. Res. 1993; 27:1795–1799.

40. C. Fiset, R. B. Clark, T. S. Larsen, and W. R. Giles, A rapidly
activating sustained Kþ current modulates repolarization
and excitation-contraction coupling in adult mouse ventricle.
J. Physiol. 1997; 504:557–563.

41. J. M. Nerbonne, C. G. Nichols, T. L. Schwarz, and D. Escande,
Genetic manipulation of cardiac Kþ channel function in mice:

what have we learned, and where do we go from here? Circ.

Res. 2001; 89:944–956.

42. J. M. Nerbonne, Molecular analysis of voltage-gated Kþ

channel diversity and functioning in the mammalian heart.
In: E. Page, H. A. Fozzard, and R. J. Solaro, eds., Handbook of

Physiology: The Cardiovascular System. New York: Oxford
University Press, 2001, pp. 568–594.

43. H. Xu, W. Guo, and J. M. Nerbonne, Four kinetically distinct
depolarization-activated Kþ currents in adult mouse ventri-
cular myocytes. J. Gen. Physiol. 1999; 113:661–678.

44. K. R. Chien, To Cre or not to Cre: the next generation of
mouse models of human cardiac diseases. Circ. Res. 2001;
88:546–549.

45. I. Gussak, B. R. Chaitman, S. L. Kopecky, and J. M. Ner-
bonne, Rapid ventricular repolarization in rodents: electro-
cardiographic manifestations, molecular mechanisms, and
clinical insights. J. Electrocardiol. 2000; 33:159–170.

46. Y. Shimoni, D. Severson, and W. R. Giles, Thyroid status and
diabetes modulate regional differences in potassium currents
in rat ventricle. J. Physiol. 1995; 488:673–688.

47. J. Zhou, A. Jeron, B. London, X. Han, and G. Koren, Char-
acterization of a slowly inactivating outward current in adult
mouse ventricular myocytes. Circ. Res. 1998; 83:806–814.

48. S. V. Pandit, Electrical activity in murine ventricular myo-
cytes: simulation studies. Ph.D. thesis, University of Mem-
phis, Memphis, TN, 2002.

49. S. S. Demir, Simulation-based training in electrophysiology
by icell. IEEE Engineering inMedicine and Biology Engineer-
ing in Medicine & Biology Society Proceedings, 2005:4.

50. S. S. Demir, iCell: an interactive web resource for simulation-
based teaching and learning in electrophysiology trainin-
g.IEEE Engineering in Medicine & Biology Society Proceed-
ings, 2003:3501–3504.

51. Y. Shimoni, P. E. Light, and R. J. French, Altered ATP
sensitivity of ATP-dependent Kþ channels in diabetic rat
hearts. Am. J. Physiol. 1998; 275:E568–E576.

CARDIAC ACTION POTENTIALS 9



CARDIAC ARRHYTHMIA

PETER JORDAN

DAVID CHRISTINI

Weill Medical College of Cornell
University

New York, New York

1. INTRODUCTION

Cardiac arrhythmias take the lives of hundreds of thou-
sands of people each year in the United States alone (1).
The reason that arrhythmias are so often fatal is because
they disrupt the mechanical functioning of the heart, dis-
turbing the coordinated contraction of the myocardium
and preventing the heart from supplying sufficient blood
to the body.

Arrhythmias are typically divided into two categories—
bradyarrhythmias and tachyarrhythmias. Brady-
arrhythmias cause the heart to beat more slowly than
normal, whereas tachyarrhythmias cause the heart to
beat more rapidly than normal. Tachyarrhythmias are
much more varied in manifestation and mechanism than
bradyarrhythmias. Furthermore, tachyarrhythmias usu-
ally exhibit instantaneous onset and thereby may lead to a
rapid loss of consciousness and death (depending on the
specific arrhythmia), whereas bradyarrhythmias usually
exhibit a more gradual onset that provides sufficient time
for diagnosis and therapy, thereby leading to lower levels
of mortality. For these reasons, tachyarrhythmias will be
the focus of the discussion.

Tachyarrhythmias are typically divided into two cate-
gories—those that originate in the atria and those that
originate in the ventricles. To further complicate matters,
tachyarrhythmias are initiated by, and perpetuated by, a
variety of mechanisms, each of which can be classified ac-
cording to its relationship to the generation of the action
potential (i.e., impulse generation) or the propagation of
the action potential (i.e., impulse propagation). Different
types of tachyarrhythmias can thereby be understood
through their mechanistic relationships to abnormal im-
pulse generation, impulse propagation, or both. The dis-
cussion begins with an overview of the typical
mechanisms underlying abnormal impulse generation
and propagation and is followed by brief synopses of a
number of commonly occurring arrhythmias from the per-
spectives of their anatomical origin (atria or ventricles)
and their relationship(s) to abnormalities in impulse gen-
eration or propagation. This discussion is followed by a
summary of therapies that are commonly employed for the
treatment of tachyarrhythmias.

2. ABNORMAL IMPULSE GENERATION

2.1. Automaticity

Very generally, two kinds of electrically active cells are
found in the heart—those that beat spontaneously when
they are functioning normally, and those that do not. The
cells that normally generate spontaneous action poten-

tials are said to possess automaticity. The phenomenon of
automaticity occurs as a result of spontaneous diastolic
(i.e., phase 4) depolarization of the action potential, with
the spontaneous depolarization arising from a net inward
current flow that gradually brings the membrane poten-
tial to threshold.

Numerous cells in the heart exhibit automaticity, the
most prominent of which are those in the sinoatrial (SA)
node. SA nodal cells normally display the highest intrinsic
rate, and thus are responsible for setting heart rate. The
atrioventricular (AV) node, which has a slower intrinsic
rate, is referred to as a subsidiary pacemaker because it
takes over the function of initiating excitation of the heart
only when SA nodal function is compromised, or when ac-
tivations originating from the SA node fail to propagate to
the AV node and ventricles. Purkinje fibers are also sub-
sidiary pacemakers, but they exhibit automaticity at a
much slower rate than those exhibited by the SA and AV
nodes.

Normal functioning of the heart requires that the sub-
sidiary pacemakers have their intrinsic rhythm reset ev-
ery beat, such that the myocardium depolarizes in the
correct spatiotemporal sequence. This resetting is usually
accomplished by the activation waves initiated by the SA
node, which depolarize the entire heart. In the patholog-
ical situation known as parasystole, one of the subsidiary
pacemakers becomes protected from the incoming sinus
activation wave because of it being surrounded by poorly
or non-conducting tissue (2). In such a situation, the in-
trinsic rhythm of the protected pacemaker is no longer
reset, creating a source of activation waves that compete
with those generated by the SA node.

Two other pathologies associated with cellular auto-
maticity also exist. In the first of these, a phenomenon
known as enhanced normal automaticity, the intrinsic
rhythm of those cells that naturally exhibit automaticity
increases. This can occur through a variety of mecha-
nisms, including an increased slope of phase 4 depolariza-
tion (see Fig. 1a), or a lowered (i.e., more negative)
threshold for action potential generation. In the second,
a phenomenon known as abnormal or depolarization-in-
duced automaticity, cells that do not normally exhibit au-
tomaticity (e.g., atrial and ventricular myocytes) begin to
spontaneously generate action potentials. Abnormal auto-
maticity is generally observed under conditions that ele-
vate (i.e., make less negative) the resting membrane
potential, with action potentials being generated at
much higher rates than those observed during normal au-
tomaticity (3).

2.2. Triggered Activity

Among those cells in the heart that do not spontaneously
generate action potentials, abnormal impulse generation
is also frequently manifested as small membrane potential
oscillations known as afterdepolarizations. If the afterde-
polarization occurs during phase 2 or 3 of the action po-
tential, it is known as an early afterdepolarization (EAD)
(see Fig. 1b), whereas if it occurs during phase 4 it is
known as a delayed afterdepolarization (DAD) (see Fig.
1c). Afterdepolarizations may be subthreshold, in which
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case they often die out after a few oscillations, or supra-
threshold, in which case they may give rise to spontaneous
action potentials known as triggered activity (4).

Although EADs have been demonstrated to occur un-
der a wide variety of conditions, they generally occur when
repolarization of the action potential is prolonged (5). That
is, EADs usually occur when the balance of ionic currents
shifts to favor a greater inward movement of charge than
normal, resulting, for example, from a decrease in out-
ward potassium currents or an increase in inward sodium
or calcium currents. Experiments have shown that EADs
occur more readily in Purkinje fibers and M (mid-myocar-
dial) cells than in other cells in the heart (6), suggesting
that Purkinje fibers and M cells are the principal sources
of EAD-induced triggered activity in vivo. DADs, on the
other hand, are generally observed under conditions that
cause large increases in intracellular calcium concentra-
tion (7), and are thought to be caused by the oscillatory
release of calcium from the sarcoplasmic reticulum under
calcium overload conditions. Any intervention capable of
altering intracellular calcium handling may therefore af-
fect the generation of DADs.

3. ABNORMAL IMPULSE PROPAGATION—REENTRY

The vast majority of tachyarrhythmias are perpetuated by
reentrant mechanisms. Reentry occurs when previously
activated tissue is repeatedly activated by the propagating
action potential wave as it reenters the same anatomical
region and reactivates it. Reactivation occurs indefinitely
until the excitability of the tissue in the reentrant circuit
is somehow affected. In many situations, the cessation of
reentrant activity occurs through the interaction of the
reentrant activation wave with an activation wave origi-
nating from some other part of the heart.

Three different types of reentry can occur: reflection,
phase 2, and circus movement. Reflection and phase 2 re-
entry typically occur in very small areas of tissue such
that they appear as a series of focal activations. As a re-
sult, they are referred to as types of microreentry. Circus
movement reentry, on the other hand, typically does not
have a focal appearance, and therefore is referred to as
macroreentry (3,8).

3.1. Reflection Reentry

Reflection reentry has been demonstrated to occur in con-
duction pathways that contain a small unexcitable zone
(2). In such a situation, an action potential propagates to-
ward the unexcitable zone but is unable to propagate
through the unexcitable zone. However, electrotonic cur-
rent passively conducts through the unexcitable zone to-
ward the distal portion of the pathway. Provided that the
unexcitable zone is sufficiently small, the electrotonic cur-
rent may be sufficient to elicit an action potential in the
distal portion of the pathway that propagates away from
the unexcitable zone. The action potential generated in
the distal portion of the pathway will then cause electro-
tonic current to flow back through the unexcitable zone
toward the proximal region. Provided that the proximal
portion of the conduction pathway recovers quickly en-
ough, this current may be sufficient to elicit a second ac-
tion potential on the proximal side of the unexcitable zone,
this time propagating in the opposite direction to the first
action potential (i.e., away from the unexcitable zone).
This new action potential in the proximal region gives the
appearance that the unexcitable zone has reflected the
initial action potential.

3.2. Phase 2 Reentry

Epicardial cells in the ventricular wall possess a promi-
nent spike and dome morphology. Under certain patho-
logical conditions, the dome of the action potential in parts
of the epicardium may be lost, so that the epicardium con-
sists of both regions exhibiting long action potentials with
prominent domes and regions exhibiting short action po-
tentials that lack the spike-and-dome morphology. During
a given activation of the myocardium, this means that
some cells in the epicardium may be depolarized (i.e., in
the dome phase of the action potential; also referred to as
phase 2 of the action potential) at the same time as other
cells are fully repolarized (because they lack a prominent
dome). If such a situation occurs, the voltage difference
between the depolarized and repolarized cells will cause
electrotonic current to flow into the repolarized cells. This
current may be sufficient to bring the repolarized cells to
threshold and cause them to generate a second action po-
tential in the absence of another activation wave from the
SA and AV nodes. This local reactivation of the epic-
ardium, known as phase 2 reentry, may be sufficient to

(a) (b) (c)

Figure 1. (a) Simulation of two sequences of spon-
taneously occurring action potentials in a cardiac
myocyte that exhibits automaticity. At baseline
(dashed line), the cell fires at a constant rate.
When the rate of phase 4 depolarization increases
(shown by the arrow), the cell fires at a much faster
rate (solid line). (b) Simulated myocyte exhibiting
an early afterdepolarization (EAD). EADs occur
during the repolarization phase of the action po-
tential. (c) Simulated myocyte exhibiting a delayed
afterdepolarization (DAD). DADs occur after the
action potential has fully repolarized.
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reactivate the entire myocardium, and may cause one or
many closely coupled extrasystoles (extra beats) (9).

3.3. Circus Movement Reentry

By far, the most common type of reentry is circus move-
ment reentry. The name refers to the circulation of an ac-
tion potential wavefront around an anatomical or
functional obstacle, which leads to repetitive activation
of the tissue at a frequency that is dependent on the ve-
locity at which the wavefront conducts around the obsta-
cle, and the length of the path around the obstacle.

3.3.1. Anatomical Circus Movement Reentry. The sim-
plest model of circus movement reentry is the closed ring,
where the activation wavefront rotates around an ana-
tomical obstacle. Reentry around a closed ring can typi-
cally be identified by the following characteristics: (1) the
activation wavefront moves around an anatomically dis-
tinct pathway, returning to its origin and then following
the same path again; (2) the activation wavefront moves in
one direction only around the ring as a result of unidirec-
tional conduction block when the reentry is initiated; and
(3) interruption of the reentrant circuit at any point along
its path terminates the reentry. For a given closed circuit
to form a reentrant ring, the rotation time around the ring
must also be longer than the recovery period of all seg-

ments of the circuit, which is another way of saying that
the front and back of the action potential wave must be
separated by an excitable gap. An example of the spatio-
temporal dynamics underlying the interaction of an ec-
topic action potential with a normal propagating action
potential wavefront in the genesis of anatomical circus
movement reentry in a closed ring is shown in Fig. 2 (10).

3.3.2. Functional Circus Movement Reentry. It is also
possible for circus movement reentry to occur in the ab-
sence of an anatomical obstacle. In such a situation, the
activation wavefront rotates around a region that may be
anatomically continuous but which is functionally discon-
tinuous. Such a situation occurs in the leading-circle/fig-
ure-of-eight/spiral-wave models of reentrant arrhythmias
(see Fig. 3), where a functional discontinuity (instead of an
anatomical discontinuity) serves as a pivot point about
which the activation wave rotates (8). The functional dis-
continuity can be created by a region of depressed excit-
ability (from residual or sustained refractoriness), or, in
the case of spiral waves, by the high degree of curvature of
the activation wavefront at the pivot point.

3.3.3. Initiation of Circus Movement Reentry. In both
anatomical and functional reentry, an essential condition
for the initiation and maintenance of the reentrant
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Figure 2. Unidirectional block and circus
movement reentry around a 25-cm closed
ring. (a) A space-time diagram showing trans-
membrane voltage as a function of time and
position around the ring. (b)–(d) Schematic di-
agrams of the scenario depicted in Panel (a).
The numbers in (b)–(d) correspond to the wave
number in (a). Initially, the ring is stimulated
at the point marked by the solid circle in (b),
causing action potentials to propagate around
both sides of the ring (waves 1 and 2, initiated
at t¼0ms and t¼400ms in (a)). These action
potentials collide at the point on the ring dia-
metrically opposite the stimulation site, result-
ing in the annihilation of the action potential
waves (as shown in the first two beats of (a), at
spatial location x¼12.5 cm). Following the sec-
ond beat, an ectopic beat occurs at a position
slightly offset from the original stimulation
point (shown schematically as the solid circle
in (c)). The resulting excitation wave (wave 3,
initiated at t¼680ms at spatial location x¼
1 cm in (a)) attempts to propagate in both di-
rections around the ring, but one direction is
refractory because of insufficient recovery from
the previous excitation wave. As a result, the
wave propagates in one direction (counter-
clockwise in (c)) and blocks in the other direc-
tion (indicated by the ‘‘T’’ in (c)). After wave 2
has annihilated, only wave 3 remains, thereby
initiating circus movement reentry (waves 4, 5,
and beyond in (d)) (10).
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rhythm is the development of unidirectional block. Unidi-
rectional block occurs when a wavefront fails to propagate
in one particular direction, but can continue to propagate
in other directions; in the case of the closed ring in Fig. 2,
unidirectional block results in propagation around the
ring in one direction only. The conditions for developing
unidirectional block in 2D and 3D tissue are provided by
the dynamic interaction of activation wavefronts and tis-
sue refractoriness, as well as the anatomical structure of
the tissue.

Spatial dispersion of repolarization and refractoriness
are important considerations in the development of uni-
directional block. The transmural wall of the ventricle
contains cells with markedly different repolarization char-
acteristics, contributing to an intrinsic heterogeneity in
the dynamics of ventricular refractoriness. In addition,
intrinsic heterogeneity of repolarization may also be pres-
ent in the apical-basal direction. If an ill-timed and ill-po-
sitioned focal activation spontaneously occurs when
different parts of the ventricle are undergoing different
phases of repolarization, the spontaneous activation wave-
front will propagate successfully into the region where the
cells are no longer refractory, but will not propagate in the
direction where cells remain refractory because of their
longer intrinsic action potential, resulting in unidirec-
tional block. Provided that other requisite conditions are
satisfied, this result may provide the substrate for the de-
velopment of sustained circus movement reentry.

4. ATRIAL ARRHYTHMIAS

4.1. Sinus Tachycardia

Sinus tachycardia is a normal physiological response to
numerous stimuli, including exercise, anxiety, pain, hypo-
tension, and a variety of other medical conditions. Under
such circumstances, the increased sinus rate may be re-
quired to maintain sufficient circulation of blood around
the body. However, two conditions exist in which sinus
tachycardia is not a normal physiological or compensatory

response. The first of these conditions, known as sinus
node reentrant tachycardia, is defined by its mechanism
(reentry involving the SA node), and generally exhibits
sudden onset and termination. The second, known as in-
appropriate sinus tachycardia, is defined as a sinus rate
that is inappropriate for the associated physiological con-
dition, be it rest or exertion. Neither of these conditions
commonly causes sustained supraventricular tachycar-
dias (11).

4.2. Atrial Tachycardias

Atrial tachycardias are supraventricular arrhythmias
that do not require AV nodal or ventricular tissue for their
initiation and maintenance. They generally exhibit rates
between 150 and 250 beats per minute (bpm), and may be
brief and self-terminating, paroxysmal and sustained, or
incessant. Although they can be caused by multiple mech-
anisms and disease states, atrial tachycardias are usually
classified according to whether they arise from a focal area
of atrial tissue or from macroreentry. Focal atrial tachy-
cardias can be caused by any of the abnormal impulse
generation and propagation mechanisms discussed above
that have a focal appearance (i.e., automaticity, triggered
activity, or microreentry), whereas macroreentrant atrial
tachycardias involve a region of atrial tissue that is de-
limited by anatomical boundaries that arise from the nat-
ural anatomy of the atria or from barriers resulting from
surgery (12).

4.3. Atrial Flutter

Atrial flutter usually originates in the right atrium and is
caused by reentry around any one of a variety of anatom-
ical circuits. Type I atrial flutter is characterized by atrial
rates below 340bpm, whereas type II atrial flutter is char-
acterized by atrial rates greater than 340bpm. Atrial flut-
ter is usually paroxysmal, lasting from seconds to days,
with persistent atrial flutter much less common because of
the tendency of atrial flutter to spontaneously revert to
either atrial fibrillation or sinus rhythm. The clinical sig-

(a) (b) (c)

Figure 3. Schematic illustrations of leading cir-
cle, figure-of-eight, and spiral wave reentry. (a)
According to the leading-circle theory of reentry,
the dynamics of reentry are determined by the
smallest possible loop in which the action poten-
tial wavefront can continue to loop in the absence
of an anatomical barrier. The reentrant impulse
propagates centripetally, tangentially, and cen-
trifugally, with the centripetal impulses encoun-
tering refractory tissue (indicated by the
conduction block depicted inside the loop). (b) In
figure-of-eight reentry, two counter-rotating
waves coexist at a relatively short distance from
each other. (Here, each wave rotates around a line
of block, as shown by the dashed line.) (c) Spiral
waves occur when the action potential wavefront
curls around on itself, creating an unexcited core
round which the spiral wave rotates. The wave-
front propagates in the directions shown by the
arrows.

4 CARDIAC ARRHYTHMIA



nificance of atrial flutter lies in its frequent association
with atrial fibrillation, in the potential for blood clot for-
mation in the atria, and in the resulting rapid ventricular
rate that is difficult to control (13).

4.4. Atrial Fibrillation

Atrial fibrillation consists of rapid oscillations or fibrilla-
tory waves that vary in size, shape, and timing. During
atrial fibrillation, the atria appear to be activated by sev-
eral separate ‘‘wavelets’’ of activity that meander around
the tissue, constantly exciting and reexciting the atria in a
nonuniform spatiotemporal manner. These wavelets may
be caused by rapidly discharging, spontaneously active,
atrial ectopic foci, by a single reentry circuit (the ‘‘mother
rotor’’), or by multiple functional reentrant circuits. Some
forms of atrial fibrillation appear to involve focal activity
in the vicinity of the junction of the pulmonary veins and
the atrial musculature, but the exact mechanisms under-
lying this focal activity, and its contribution to atrial fi-
brillation (whether a trigger for initiating the arrhythmia
or a means for its perpetuation), are not well understood
(14).

Atrial fibrillation is usually classified as paroxysmal
(recurrent but self-terminating), persistent (not self-ter-
minating, but can be terminated using external means
such as drugs or cardioversion), or permanent (cannot be
terminated at all). Depending on the rate and regularity of
the atrial activity at the entry to the AV node and the re-
fractory properties of the AV node itself, atrial fibrillation
typically results in an irregular ventricular rate, and may
lead to ventricular dysfunction (tachycardia-mediated
cardiomyopathy) over long periods of time. Paroxysmal
atrial fibrillation can also lead to permanent electrophys-
iological changes to the atrial tissue (electrical remodel-
ing) as the duration of the paroxysms increases, a process
that may lead to self-perpetuation of the arrhythmia and
the degeneration of paroxysmal into persistent atrial fi-
brillation (a phenomenon captured by the phrase ‘‘atrial
fibrillation begets atrial fibrillation’’) (15).

5. VENTRICULAR ARRHYTHMIAS

5.1. Ventricular Premature Complexes

As their name implies, ventricular premature complexes
(VPCs) are single premature activations of the ventricles
that are characterized by wide and often strangely shaped
QRS-T complexes on the electrocardiogram (ECG). The
abnormal ECG morphology can be accounted for by the
fact that the premature activations originate in the ven-
tricular myocardium. VPCs are also known by a variety of
other names, including ventricular extrasystoles, ventric-
ular ectopic beats, and premature ventricular contractions
(PVCs).

VPCs may be caused by a variety of mechanisms, in-
cluding afterdepolarizations, reentry, and parasystole.
The prevalence and frequency of VPCs tends to increase
with age, although infrequent VPCs are relatively com-
mon in young children. VPCs are commonly associated
with other heart diseases such as myocardial infarction,

dilated cardiomyopathy, and hypertrophic cardiomyopa-
thy. The most common symptoms resulting from VPCs are
palpitations (16).

5.2. Nonsustained Ventricular Tachycardia

Nonsustained ventricular tachycardia (NSVT) is defined
as an arrhythmia consisting of three or more consecutive
beats arising below the AV node (i.e., solely in the ventri-
cles) exhibiting a rate greater than 100–120 bpm that
spontaneously terminates within 30 s. Most cases of
NSVT are thought to be initiated by a late-coupled VPC.

Like VPCs, the frequency with which patients have ep-
isodes of NSVT appears to be influenced by underlying
heart diseases, and, like VPCs, the most common symp-
toms are palpitations. However, it is not clear in many
cases whether NSVT is merely an epiphenomenon indi-
cating overall poor cardiac function or whether it has a
causal relationship to the sustained ventricular tachycar-
dias that are known to precipitate sudden death (16).

5.3. Sustained Monomorphic Ventricular Tachycardia

Sustained monomorphic ventricular tachycardia (hence-
forth monomorphic VT) is defined as an arrhythmia aris-
ing solely in the ventricles exhibiting a rate greater than
100–120 bpm that persists for longer than 30 s and pos-
sesses a uniform QRS morphology. Monomorphic VT at
very fast rates (greater than 270 bpm) is usually called
ventricular flutter (17).

Although it usually occurs in patients with structurally
abnormal or diseased hearts, monomorphic VT also occurs
in (relatively fewer) situations where patients have puta-
tively ‘‘normal’’ hearts. In patients with structurally ab-
normal hearts, scars formed by myocardial infarctions or
other processes, interspersed with areas of fibrosis, pro-
vide an anatomical substrate for macroreentry. In the ab-
sence of heart disease, however, monomorphic VT is
commonly caused by mechanisms other than reentry
(e.g., triggered activity or abnormal automaticity).

5.4. Sustained Polymorphic Ventricular Tachycardia

Sustained polymorphic ventricular tachycardia (hence-
forth polymorphic VT) is very similar to monomorphic
VT, except that it consists of unstable, continuously
changing QRS complex morphologies in one or more leads
of the ECG. Although polymorphic VT may terminate
spontaneously, prolonged episodes of polymorphic VT of-
ten result in hemodynamic compromise, and episodes ex-
hibiting very rapid rates often degenerate into ventricular
fibrillation (18).

Polymorphic VT may or may not be associated with
prolongation of the QT interval of the ECG. Torsade de
pointes (TdP) is a distinctive form of polymorphic VT as-
sociated with congenital or acquired QT interval prolon-
gation (long QT syndrome) and is characterized by an
ECG whose QRS complexes twist around the isoelectric
baseline. The two electrophysiological mechanisms that
have been proposed to underlie polymorphic VT in the
presence of prolonged repolarization are EADs and dis-
persion of repolarization (i.e., gradients of repolarization).
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Polymorphic VT may also occur in patients in the absence
of QT prolongation; however, the prevalence and precise
electrophysiological mechanisms of polymorphic VT in the
absence of prolonged ventricular repolarization are not
well understood.

5.5. Ventricular Fibrillation

Ventricular fibrillation (VF) is by far the most serious car-
diac arrhythmia. VF plays a major role in sudden cardiac
death, either as the primary arrhythmia or as a subse-
quent degenerate arrhythmia following monomorphic or
polymorphic VT. VF and sudden cardiac death most fre-
quently occur in the setting of acquired heart diseases like
coronary artery disease, cardiomyopathy, hypertensive
heart disease, and a variety of other disease states. Spon-
taneous termination of VF is rare in humans, which is
why mortality is greater than 95% if defibrillation is de-
layed for more than 10min following onset.

Reentrant excitation is believed to be the most clini-
cally relevant mechanism for VF. During VF, self-sus-
tained reentrant circuits develop throughout the
ventricles, with each reentrant wave revolving around a
region of conduction block that may be anatomical or func-
tional by nature. When the conduction block is caused by
functional discontinuities in the myocardium, the reen-
trant circuits can meander freely and combine with other
reentrant waves, resulting in a disorganized tangle of
electrical activity that prevents the heart from contract-
ing in a coordinated manner (19).

6. SPECIFIC SYNDROMES

Most ventricular tachyarrhythmias develop from electro-
physiological disruptions in damaged myocardium, dam-
age typically caused by a myocardial infarction or
congestive heart failure. However, some tachyarrhyth-
mias occur in the context of syndromes that are known
to have a distinct molecular or anatomical origin. Dis-
cussed here are three of the most common syndromes in-
volving genetic or gross anatomical abnormalities that
predispose patients to tachyarrhythmias.

6.1. Brugada Syndrome

Patients with Brugada syndrome have structurally nor-
mal hearts, but the QRS complex of the ECG resembles
right bundle branch block, and the S-T segment in three of
the ECG leads (leads V1 to V3) is elevated. Patients with
such ECG characteristics are prone to episodes of syncope
and sudden death (whether aborted or not), with these
episodes caused by polymorphic VT or VF.

Brugada syndrome has been linked to over 50 different
mutations to the SCN5A gene (the gene that encodes the
alpha subunit of the fast sodium channel in the heart),
with the common effect of these mutations being a reduc-
tion in the amount of fast sodium channel current during
the action potential. This may lead to the preferential for-
mation of action potentials that exhibit a spike-and-dome
morphology in certain regions of the heart, increasing the
likelihood of extrasystolic activity in the form of phase 2

reentry that precipitates episodes of polymorphic VT or
VF. Although it has been estimated that the Brugada syn-
drome is responsible for 4–12% of all sudden cardiac
deaths, the exact numbers are not known (20).

6.2. Long QT Syndrome

Long QT syndrome (LQTS) is an arrhythmogenic disease
characterized by a prolongation of the Q-T interval of the
ECG. Q-T prolongation is usually accompanied by mor-
phological changes to the T wave. Patients often experi-
ence episodes of syncope as well, with these episodes
because of TdP that often degenerates into VF. LQTS is
believed to affect approximately 1 in every 5000 persons
(21).

LQTS may be either congenital or acquired, with ac-
quired LQTS caused by pharmacological agents that pro-
long repolarization in the heart. Mutations in at least six
different genes have thus far been associated with various
forms of LQTS (denoted LQT1 to LQT6), with most of
these mutations affecting the gating characteristics of po-
tassium and sodium channels in the myocardium. A rel-
atively uncommon congenital form of LQTS, known as
Jervell and Lange-Nielsen syndrome, is also accompanied
by deafness (22).

6.3. Wolff–Parkinson–White Syndrome

Wolff–Parkinson–White (WPW) syndrome refers to a ven-
tricular preexcitation pattern on the ECG in patients who
experience symptomatic episodes of tachycardia. Preexci-
tation of the ventricles occurs through a secondary con-
nection between the atria and ventricles (referred to as an
accessory AV pathway), providing electrical continuity be-
tween the atrial and the ventricular myocardium that fa-
cilitates excitation of the ventricles earlier than would be
expected from the normal AV conduction system. The
tachycardias associated with the WPW syndrome may or
may not require the accessory pathway for their mainte-
nance (23). Although the precise numbers are not known,
it has been estimated that WPW patterns may be identi-
fied in 10 to 300 ECGs per 100,000 read (24).

7. ARRHYTHMIA THERAPIES

7.1. Pharmacological Treatment

For more than 40 years, drugs have been known to influ-
ence cardiac arrhythmias. However, little was known
about the mechanisms underlying arrhythmias when
early attempts were made at treating arrhythmias phar-
macologically. As a result, the few drugs that were avail-
able targeted diseases or symptoms whose underlying
mechanisms were poorly understood. Drug efficacy was
judged anecdotally from clinical experience, and few ran-
domized studies were performed.

Antiarrhythmic drugs continued to be developed
throughout the 1960s, 1970s, and 1980s, but the results
of the Cardiac Arrhythmia Suppression Trial (CAST) in
1989 forced a major rethink of the use of drugs in ar-
rhythmia treatment (25). The CAST was a multicenter,
randomized, placebo-controlled study that was designed to
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test the hypothesis that because ventricular ectopic beats
(a type of VPC) following a myocardial infarction were a
risk factor for sudden death, suppression of ventricular
ectopy would reduce the incidence of cardiac death. Fol-
lowing a pilot study, where three drugs that block the fast
sodium channels in the heart were shown to suppress
spontaneous ventricular depolarizations, the CAST re-
cruited a large number of clinical patients to see whether
arrhythmia suppression using these drugs would prolong
survival.

Despite the promising results from the pilot study, the
CAST revealed that two of the three drugs paradoxically
induced sustained arrhythmias in patients who, at base-
line, did not exhibit sustained arrhythmias. Survival rates
in patients treated with either of these two drugs actually
decreased compared with patients treated with a placebo.
A likely mechanism underlying the proarrhythmic effect is
the slowing of activation wave propagation upon blockade
of the fast sodium channels, an effect that can actually
promote the development of circus movement reentry.
Such proarrhythmic effects were in marked contrast to
the belief in the antiarrhythmic potential of such drugs
before the CAST study. Although proarrhythmic effects of
certain drugs had been reported prior to the CAST study,
the notion that putative antiarrhythmic drugs might kill
more people than they save made safety a key consider-
ation in the development of new drugs, cardiac and oth-
erwise. The CAST results also led to the proposal that
identifying and targeting specific arrhythmia mechanisms
when developing antiarrhythmic drugs should supplant
the nonspecific or poorly understood drug actions used to
date.

As the results of CAST and a number of other random-
ized, placebo-controlled studies investigating an array of
putative antiarrhythmic drugs have been disappointing
(26), an ongoing shift in emphasis has occurred from phar-
macological to nonpharmacological therapies for the treat-
ment of tachyarrhythmias. Implantable devices (such as
implantable cardioverter defibrillators) and ablative ther-
apies have now become the favored treatment modalities
for many patients. Despite their limitations, however, an-
tiarrhythmic drugs are still used in specific situations in
conjunction with nonpharmacological treatments. One ex-
ample is the use of antiarrhythmic drugs to prevent ven-
tricular arrhythmias in certain patients who have
implantable cardioverter defibrillators in order to mini-
mize the need for device intervention. b-blocker drugs
have also proven useful in other situations, particular in
increasing longevity in patients with certain kinds of
heart disease (27).

7.2. Implantable Cardioverter Defibrillators

Although drug therapies attempt to prevent tachyar-
rhythmias from occurring in the first place by altering
the electrophysiological substrate of the heart pharmaco-
logically, implantable cardioverter defibrillators (ICDs) at-
tempt to terminate tachyarrhythmias once they have been
initiated by altering the electrophysiological substrate of
the heart through electrical stimulation (28). Since their
introduction in the 1980s, ICDs have become the therapy

of choice for people with tachyarrhythmias; in 2003, an
estimated 150,000 defibrillators were implanted in pa-
tients in the United States alone, and the number im-
planted per year is expected to increase in the coming
years.

The primary component of an ICD system is the pulse
generator, which is a small sealed metal box containing
numerous electrical components, including a battery, ca-
pacitors (for storing shock charge), a microprocessor, and a
telemetry module (for communicating with an external
diagnostic instrument at the time of implantation and
during subsequent clinic visits). The pulse generator is
implanted subcutaneously on the anterior chest wall of
most patients. A single lead or multiple electrical leads
connect the pulse generator to the heart, with each lead
containing bipolar measuring/stimulating (sensing/pac-
ing) electrodes as well as high-energy defibrillation coils.

The first task that an ICD must perform is to detect the
onset of tachyarrhythmias. The electrical signals acquired
via the leads are first filtered to remove unwanted com-
ponents, so that ventricular activation events can be iden-
tified. The microprocessor then uses a variety of
algorithms to continuously analyze these filtered electri-
cal signals to determine whether a tachyarrhythmia is oc-
curring. As mistakes can be painful (as in the case of a
wrongly identified rhythm resulting in a shock given to a
conscious patient) or fatal (as in the case of an undetected
arrhythmia), ICDs typically employ a combination of com-
plementary detection techniques that examine such vari-
ables as rate, morphology, onset, regularity, and
relationship of atrial and ventricular activity. Extensive
research into such signal processing techniques has
greatly improved the accuracy of detection algorithms.

Once a tachyarrhythmia is detected, a suitable therapy
must be delivered. The first therapeutic modality that the
ICD executes is antitachycardia pacing (ATP), which ap-
plies one or more series of suprathreshold stimuli. A va-
riety of ATP algorithms exist, including burst pacing,
where bursts of stimuli are delivered at a rate faster
than the detected VT rate, and ramp pacing, in which
each stimulus interval is decrementally shorter than the
preceding interval. Both approaches aim to force a stim-
ulated wave into the reentrant circuit to extinguish the
reentrant wave. Occasionally, ATP can have the deleteri-
ous effect of accelerating the tachyarrhythmia, which puts
the patient at increased risk of hemodynamic failure. In
such cases, rescue high-energy defibrillation shocks are
delivered instead.

Defibrillation shocks are delivered either when ATP
fails or as primary therapy when arrhythmias such as
ventricular fibrillation are detected. When such an event
is detected, the battery rapidly charges the capacitors in
the pulse generator. This capacitive charge is then dis-
charged via the high-energy electrode coils located on the
ICD leads, with defibrillation voltages of 700 or more volts
being achieved. The defibrillation discharge typically oc-
curs along multiple spatial vectors, such as one defibrilla-
tion coil to the pulse generator or one defibrillation coil to
another, depending on the capabilities of the device and
the options selected by the physician. This helps to ensure
adequate coverage of the fibrillating myocardium.
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Defibrillation originally used monophasic waveforms,
in which one electrode polarity was used for the entire
capacitive discharge. Newer devices typically use a bipha-
sic waveform in which the polarity of the waveform is re-
versed partway through the capacitive discharge, with
factors such as timing of reversal and duty cycle varying
between devices. The main advantage of the biphasic
waveform is improved defibrillation efficacy, specifically
resulting in a reduction in the defibrillation threshold (the
amount of energy required to defibrillate). Reducing the
defibrillation threshold provides a larger energy reserve in
case initial defibrillation attempts fail, extends battery
life, and reduces the possibility of tissue damage.

ICD technology continues to advance at a rapid rate.
Advances in battery and capacitor technologies continue
to enable smaller devices, and advances in therapeutic in-
terventions continue to improve efficacy and extend device
longevity. Many devices are now capable of both atrial and
ventricular pacing, and the ever-increasing quantity of di-
agnostic information stored in the devices means that cli-
nicians have extensive information for assessing the
appropriateness of the device settings for any given pa-
tient. ICDs will continue to improve as our understanding
of the basic mechanisms underlying defibrillation in-
creases, and as our knowledge of precursor events that
can be used to predict the onset of arrhythmias grows.

7.3. Ablation Therapy

As mentioned above, tachyarrhythmias can arise either
from a focal region (because of triggered activity, enhanced
normal automaticity, abnormal automaticity, or microre-
entry) or from circus movement reentry (i.e., macroreen-
try), where the activation wave revolves around
anatomical or functional obstacles. Regardless of the
type, most tachyarrhythmias require one or more critical
anatomical regions of abnormal excitability or propaga-
tion to be sustained. Recognizing this fact, catheter abla-
tion (generation of scar tissue to disrupt arrhythmogenic
substrates) in such a region was introduced as a therapy
in the early 1980s, with the rationale that disruption of
the electrophysiological substrate would prevent recur-
rence of the arrhythmia. Today, such minimally invasive
techniques as catheter ablation are widely preferred over
more invasive and complex surgical techniques for dis-
rupting arrhythmogenic substrates such as the maze pro-
cedure (29).

The original approach to ablation involved the use of
high-voltage direct current shocks to generate the scar.
However, this technique has been replaced by radio-fre-
quency catheter ablation, which can be more finely con-
trolled and is less likely to cause damage to surrounding
tissue. With this technique, radio-frequency energy de-
stroys tissue in the reentrant circuit by creating a non-
viable lesion through resistive heating. Radio-frequency
ablation can be used to treat a number of arrhythmias,
including supraventricular tachycardias, atrial fibrillation
and flutter, and reentrant ventricular tachycardias in pa-
tients with structural heart disease (30).

Localization of the correct ablation site is perhaps the
most difficult aspect of radio-frequency catheter ablation.

For localization of reentrant pathways for hemodynami-
cally stable reentrant arrhythmias, a method known as
‘‘entrainment mapping’’ can be employed. ‘‘Pace mapping’’
is another localization method that can be used for either
focal or reentrant arrhythmias. Once a suitable ablation
site has been located, radio-frequency energy is delivered
to produce a lesion. It is often necessary to reposition the
catheter multiple times near the site to achieve an ade-
quate scar, as radio-frequency lesions are relatively small
in diameter and depth. For some persistent arrhythmias,
it is immediately apparent when the ablation has been
successful, because the arrhythmia terminates. For most
tachyarrhythmias, however, successful ablation is quanti-
fied according to the results of a follow-up clinical elect-
rophysiology study. Even then, it is possible (although not
typical) that an ablation lesion may be only transiently
effective, as the arrhythmia might recur at a later date.
However, unlike pharmacological therapy, successful ab-
lation typically cures the patient of the arrhythmia.

Much ablation research has focused on the develop-
ment of improved techniques and energy sources. One
such promising advance is cryoablation, in which cry-
othermy is used to ablate cardiac tissue. An important
advantage of this technique over radio-frequency ablation
is the ability to reversibly test the effectiveness of an ab-
lation site (by applying cryothermy for a brief time period
at a less extreme temperature, resulting in a reversible
impairment of electrophysiological function) before pro-
ceeding to produce a permanent lesion (by application of
cryothermy at colder temperatures for longer time peri-
ods). Additional experimental ablation modalities include
ultrasound and microwave and diode lasers, which can
deliver controlled low energy through a variety of fiber
configurations (such as loops) to achieve thin, continuous
lesions in and around defined anatomical structures such
as valve orifices.

7.4. Gene and Cell Therapy

In recent years, a number of cell and molecular biological
approaches have been proposed for treating a variety of
cardiac disorders. The transfer of genes into cardiac my-
ocytes to alter their electrophysiological properties has
been proposed as a strategy for treating arrhythmias, and
the transplantation of both skeletal myoblasts and stem
cells into regions of infarcted myocardium has been pro-
posed as a way to improve myocardial function by replac-
ing dead or diseased myocytes.

Although few in vivo studies have been conducted, in
vitro studies indicate that gene therapy may have some
utility for changing the action potential morphology in
certain populations of cells within the heart. Before gene
therapy becomes widespread, however, solutions to sev-
eral technical problems, including the control of gene ex-
pression, the evaluation of potentially toxic effects, and
the elimination of nontarget organ gene transfer and of
host immune responses, will need to be found (31). In or-
der for cell therapy to become widely clinically applicable,
the optimal cell has to be compatible both mechanically
and electrically with the host myocardium. At present, the
optimal cell type and dose, delivery route, delivery cath-
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eter, and the timing of cell injection remain unknown. In
addition, although stem cell therapy has not been reported
to induce cardiac arrhythmias in limited clinical trials to
date, arrhythmias have been clinically associated with
myoblast transplantation, and therefore investigators
need to be watchful of arrhythmias in clinical trials of
cell therapies (32).

8. COMPUTATIONAL MODELING OF ARRHYTHMIAS

Although clinical and experimental studies of ar-
rhythmias are generally preferable, numerous challenges
face both approaches. First, high-resolution data is needed
for studying the spatiotemporal dynamics of arrhythmias,
but such data can usually be obtained only through highly
invasive methods. Given the importance of patient health
in any clinical study, it is rarely possible to obtain such
high-resolution data from humans. Second, even in inva-
sive animal studies where high-resolution data can be ob-
tained, it is currently possible to monitor only one or two
variables (e.g., membrane voltage and intracellular cal-
cium concentration) at a time, and these variables can
only be monitored in (at most) two dimensions. Third,
even if the limited high-resolution data that is available
provides insight into arrhythmias in the animal, the re-
lationship between animal models of arrhythmias and hu-
man arrhythmias is less than ideal. For example, although
canine hearts possess many electrophysiological similari-
ties to human hearts, they cannot easily be used to study
arrhythmias arising from genetic mutations because of
the difficulty in making transgenic dogs. In contrast, al-
though it is possible to make transgenic mice, their rele-
vance to many human arrhythmias is weak because of
their fundamentally different action potential repolariza-
tion characteristics. These and other concerns make com-
puter simulations of the heart an attractive alternative for
probing the mechanisms of arrhythmias (33).

After more than four decades of interaction between
experimentalists and modelers, the latest cardiac cellular
models exhibit a very high level of sophistication, repro-
ducing many of the features inherent to real cardiac my-
ocytes (34,35). These single-cell models can be coupled
together into 1D fibers, 2D sheets, 3D slabs, or anatomi-
cally correct models of tissue in order to simulate the va-
riety of conditions under which cardiac tissue is studied
experimentally (36). Modeling over this dimensional
range, and over a wide range of organizational scales
(e.g., genes to organ, single-channel activity to beating of
the whole heart) and time scales (e.g., millisecond ion-
channel gating to multisecond arrhythmia dynamics), al-
lows the modeler to understand the influence of every
component (e.g., individual ion-channel conductances) on
the behavior of the system being studied. Such an ap-
proach is vital for understanding a coupled nonlinear sys-
tem such as the heart. Using this approach, it may be
possible to identify those components that are primarily
responsible for the abnormal activity observed during an
arrhythmia. Such information may then suggest plausible
therapeutic targets for treating or eliminating the patho-
physiological rhythm.
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CARDIAC ELECTROMECHANICAL COUPLING

DAVID NICKERSON

The University of Auckland
Auckland, New Zealand

1. INTRODUCTION

The mature human heart is a four-chambered pump
tasked with propelling blood around the body providing
nutrients to and removing waste from all the body’s
tissues, which is achieved through cyclical contraction of
the heart’s muscle in a very synchronous manner; disrup-
tion of this synchrony of contraction is the cause or result
of most cardiac dysfunction. Each contraction cycle (or
heartbeat) is triggered by an electrical stimulus from the
heart’s internal pacemaker, which initiates a wave of
electrical depolarization that passes through the cardiac
muscle causing mechanical contraction. The interaction of
the electrical wave driving mechanical contraction and the
resulting changes in electrical activation caused by the
mechanical contraction of the muscle is described by the
term electromechanical coupling.

At the cellular level, depolarization of the cellular
membrane opens calcium channels providing a small
flow of calcium ions into the cell. This small flow of ions
into the cellular cytosol initiates a massive and rapid
release of calcium ions from internal calcium stores, a
process commonly known as calcium induced calcium
release. The released calcium diffuses throughout the
cell and is taken up by the intracellular contractile
machinery where it initiates force development in the
myofilaments. Having achieved this mechanical activa-
tion, the calcium ions are released back into the cytosol
where they are rapidly absorbed back into the internal
stores where they await the next activation.

Cardiac myocytes are cylindrical-like cells aligned
longitudinally and tightly bound into fibers, which are,
in turn, loosely bound into sheets of similarly aligned
fibers. When the intracellular contractile proteins are
activated, the cell shortens along its longitudinal axis, at
a rate and amount determined primarily by the load
placed on the cell by its neighboring cells. As the cells
within a fiber shorten, the fiber contracts, again at a rate
and amount dependent on the neighboring fibers and
sheets. The sequential activation and contraction of the
individual muscle fibers gives rise to the contracting
muscle responsible for propelling blood from the chambers
of the heart to the far corners of the body.

2. THEORY

The cardiac cellular membrane contains numerous species
of transmembrane transport proteins, which vary, for
example, from simple pores allowing ions to flow down
their concentration gradients to those that are voltage-
gated (only open when the electrical potential across the
membrane is within a limited range) to complex transport
proteins that actively transport substrates from one side

of the membrane to the other. Of particular interest for the
current topic is the dihydropyridine receptor (DHPR).

DHPRs are a voltage-gated and calcium-sensitive
channels thought to be located primarily in the regions
of the cellular membrane, which descend deep into the
cell, known collectively as the T-tubular network (see Fig.
1). As the membrane depolarizes, DHPR channels open to
allow calcium ions to flow into the cell from the extra-
cellular volume. As result of their location in the T-
tubules, when calcium ions flow through the DHPRs,
they enter a diffusion-restricted subspace where the sar-
coplasmic reticulum (SR) abuts the cellular membrane.
With such a spatially restricted volume, only a relative
handful of calcium ions are required to dramatically
increase the calcium concentration sensed by the ryano-
dine receptors (RyR) on the SR membrane. The RyRs are
sensitive to calcium ion concentration and thus open
following the triggering inflow of calcium ions through
the DHPRs. The SR is the main calcium store involved in
electromechanical coupling and, with the RyRs, open all
the calcium ions stored within the SR flow out into the
intracellular space (large arrows in Fig. 1). In this way, the
electrical depolarization of the cellular membrane during
a normal cardiac action potential (see also CARDIAC ACTION

POTENTIALS) leads directly to a change in the bulk intracel-
lular calcium ion concentration.

As the free calcium ions diffuse throughout the cytosol,
they are rapidly bound to troponin-C (TnC) proteins
within the contractile machinery of the cell. The binding
of calcium to TnC opens binding of actin for myosin. This
interaction gives rise to the shortening of the cell and
generation of contractile force by the cell. Calcium ions
stick to TnC during crossbridge cycling and are then freed
from TnC to either rebind to TnC or diffuse away to either
be reabsorbed into the SR or pumped out of the cell
(primarily by the sodium-calcium exchanger).

This process describes the coupling of cellular electro-
physiology to active generation of mechanical force by a
cell, but the coupling in the reverse direction also exists,
generally referred to as mechano-electric feedback (1).
Mixed among the proteins embedded in the cellular
membrane are not only voltage- or concentration- sensi-
tive channels but also channels sensitive to cellular
length, volume, and osmotic pressure, all of which are
affected by the mechanical deformation of the cell.
Changes to the intracellular calcium dynamics also play
a role in mechano-electric feedback. The cardiac action
potential is a very delicate balancing act by all the
currents involved (2), and the role of these mechano-
sensitive channels and other mechanisms is generally
minimal until things go wrong and the cell begins to
contract in an abnormal fashion, at which point they can
have a very significant impact on cardiac electrophysiol-
ogy at both the cellular and tissue levels, an example of
which can be found in the border zone of an ischemic
region of tissue, where the stiffer ischemic tissue acts as
an external load on the cells in the border zone as the
healthy tissue surrounding the region contracts. In some
cases, this extra loading can result in the cells in the
border zone being stretched enough to activate the me-
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chano-sensitive channels leading to ectopic electrical acti-
vation and the generation of potentially fatal arrhythmia.

As mentioned above, cardiac cells are tightly bound
longitudinally into fibers, which are, in turn, loosely
bound into sheets of similarly aligned fibers. The tight
coupling down the length of a fiber ensures the rapid
propagation of electrical activation along the fiber,
whereas the loose coupling within sheets and between
sheets provides slower conduction perpendicular to the
fiber direction. The alignment of the muscle fibers and
sheets is an important determinant of the spread of the
wave of electrical activation and, hence, the sequence of
mechanical contraction.

3. EXPERIMENTS AND MODELING

As a result of the complexity of cardiac electromechanical
coupling, it is exceedingly difficult to perform experiments
investigating both electrical activation and mechanical
contraction simultaneously. Electrophysiologists typically
apply chemical agents (e.g., 2,3-butanedione monoxime) in
order to remove motion and deformation artifacts from
their experiments, it is quite difficult to measure electrical
properties when electrodes are being snapped or thrown
off the specimen. Mechanical experiments are likewise
typically performed on specimens that are not electrically
active, where any active contraction is generally con-
trolled directly via extracellular calcium concentration.

Fortunately for the field of cardiac electromechanical
coupling, mathematical modeling of the heart is arguably
the most advanced of any human organ system (3). For
close to 50 years cardiac electrophysiologists have been

publishing increasingly detailed cellular electrophysiology
models, to the point where whole cell models are now
available that incorporate single ion channel descriptions
based on molecular dynamics simulations (2,4). As com-
putational power has developed, these complex cellular
models are beginning to be used in tissue- and organ-level
models of cardiac electrophysiology (3,5). Mechanical
models have existed for an even greater period of time.
Although tissue-level models of the passive mechanical
behavior of cardiac tissue have evolved greatly, detailed
cellular models of the active mechanical properties has
lagged behind the development of the electrophysiology
models. As new experimental tools have been developed,
however, scientists have been developing models of the
active properties with an increasingly detailed biophysical
basis (6–8).

Historically, models of cardiac electrophysiology and
mechanics have been developed independently, partly to
parallel the experiments being performed and partly
because of the computational requirements needed to
solve the complicated models. As computational power
has improved, models of coupled electromechanics have
begun to be explored. At the cellular level, models of
cardiac electromechanics are being developed, initially
through the coupling of existing electrophysiology models
to models of mechanical behavior (9) and increasingly
through the inclusion of explicit representation of more
detailed calcium dynamics (10). Figure 2 provides some
results from a simulation performed using a complex
biophysically based cellular electromechanics model
(4,11,12).

Tissue- and organ-level models of cardiac electrome-
chanics have been developed in both a weakly and
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Figure 1. A schematic diagram of a cardiac cell showing a DHPR located in the T-tubule in close
proximity to the RyRs on the SR membrane. The large arrows indicate the diffusion of calcium ions
from release channels on the SR membrane to the contractile proteins and then the return path
back to the SR following contraction.
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strongly coupled sense. In weakly coupled models, the
electrical activation is modeled independently of mechan-
ical contraction and then this a priori knowledge is used to
drive the mechanical contraction (13–16). Strongly
coupled models improve on these through the use of truly
coupled electromechanics from the cellular level up to
tissue and organ levels (17).

4. DISCUSSION

Extensive research has been performed in the areas of
cardiac electrophysiology and mechanical behavior. It is
only relatively recently, however, that the tools required to
investigate how these very tightly coupled physiological
systems interact have begun to be developed. Through the
use of mathematical modeling and numerical simulation,
one is able to perform computational simulations of ex-
periments currently infeasible to perform in the wet-lab.

Weakly coupled tissue and organ models of cardiac
electromechanics have the advantage of being less com-
putationally demanding to solve numerically while retain-
ing enough biophysical reality to reasonably approximate
physiological phenomena in certain controlled situations.
These models are particularly useful as an aid to the
interpretation of some forms of clinical data, leading to
greater understanding of clinical observations (15,16).
They do, however, lack the predictive power of the more
biophysically detailed strongly coupled models. In the area
of drug discovery, for example, it is important to know the
full effect of a drug on the performance of the heart,

something that a weakly coupled model is unable to
determine.

The field of cardiac electromechanical coupling is a
good example of the interaction between experiments
and modeling. The underlying processes involved in the
coupling are very complex and intricately related, experi-
mentally turning off one part of the system to allow
experimental investigation of another part has a great
effect on the complete system. Through the use of math-
ematical models of the complete system, such investiga-
tions are able to be performed and the entire system can
be observed simultaneously.

As mathematical models develop and increase in com-
plexity, it becomes a daunting task to enable various
computational codes to use the latest developments in
this field. Ideally, one would like to be able to incorporate
validated and curated cellular electromechanics models
into tissue and organ models as they are developed. A
significant effort is underway to provide the technology
required to support these ideas. Based around an XML
specification for the exchange of mathematical models, the
CellML project (18) aims to provide a public domain model
repository and freely available technologies enhancing the
use of these models—editors, simulators, and standard
libraries allowing applications to easily incorporate
CellML models (see www.cellml.org).
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1. INTRODUCTION

Cardiac hypertrophy is defined as increased cardiac mus-
cle mass. It is the phenotypic response of the heart to all
forms of stress, whether external, such as increased after-
load, or internal, such as a genetic defect. Thus, a diverse
array of etiologies could cause cardiac hypertrophy, either
right ventricular hypertrophy (RVH) or left ventricular
hypertrophy (LVH) or both (summarized in Table 1).
Based on the characteristics of stress, phenotypic expres-
sion of cardiac hypertrophy is either eccentric or concen-
tric. Eccentric hypertrophy leads to progressive dilatation
or ‘‘remodeling’’ of the heart and thus increased cardiac
mass, and is associated with a particularly poor prognosis.
In contrast, concentric hypertrophy is characterized by
small or normal ventricular cavity size and increased ven-
tricular wall thickness. As adult cardiac myocytes are ter-
minally differentiated cells and unable to proliferate at a
discernible number (1), in either form of hypertrophy, the
increased cardiac mass is primarily the consequence of an
increase in cardiac myocytes size but not number.

Cardiac and myocyte hypertrophy also occurs in re-
sponse to physiologic stimuli, such as exercise as observed
in the competitive athletes. Whether physiologic or patho-
logic, the primary purpose of cardiac and myocyte hyper-
trophy is adaptive, aimed at reducing stress applied per
unit of the working myofibril. However, differences exist in
the morphological, molecular, structural, and functional
phenotypes between cardiac hypertrophy secondary to
physiological stimuli and that caused by pathological
stimuli [for review, please see Marian and Roberts (2)].
The clinical significance of cardiac hypertrophy also de-
pends on the underlying cause. Accordingly, physiological
cardiac hypertrophy, such as hypertrophy caused by exer-
cise, is an adaptive response with beneficial effects. In
contrast, hypertrophy caused by pathological stimuli,
such as hypertension or mutations in the contractile pro-
teins, although adaptive to normalize wall stress, is asso-
ciated with increased cardiovascular mortality and
morbidity (3).

Cardiac myocytes account for approximately two-thirds
of cardiac mass but only about one-third of the cells in the
myocardium (4). The remainder is comprised of fibroblasts
and circulating cells (4). Thus, the stimulus that leads to
hypertrophy often induces proliferation of cardiac fibro-
blasts and hence, interstitial fibrosis. Therefore, cardiac
hypertrophy induced by pathological stimuli is often, but
not always, accompanied by interstitial fibrosis. The latter
is considered an important contributor to diastolic stiff-
ness of the ventricles, diastolic heart failure, and cardiac
arrhythmias (4–7). In contrast, cardiac hypertrophy
caused by physiological stimuli is not associated with ac-

companying interstitial fibrosis but rather with improved
cardiac diastolic function (8).

2. CLINICAL MANIFESTATIONS AND DIAGNOSIS OF
CARDIAC HYPERTROPHY

The clinical manifestations of cardiac hypertrophy vary
from an asymptomatic course to that of severe heart fail-
ure and sudden cardiac death. Often, patients with car-
diac hypertrophy present with symptoms of shortness of
breath, which occurs initially during exercise and, as the
disease progresses, also occurs at rest. Peripheral edema
is another manifestation of diastolic heart failure, which is
secondary to elevated left ventricular filling pressure
caused by reduced compliance of the hypertrophic left

Table 1. Selected Causes of Cardiac Hypertrophy

* Hypertension
* Valvular heart diseases

Examples: Aortic stenosis
Aortic regurgitation
Mitral regurgitation

* Hereditary cardiomyopathies
Examples: Hypertrophic

cardiomyopathy
Dilated cardiomyopathy
Myotonic dystrophy type

I
Cardiac fabry disease

* Familial storage disease/infiltration
Examples: Amyloidosis

Sarcoidosis
Hemochromatosis
Glycogen storage disease
Refsum’s syndrome
Hurler’s syndrome

* Congenital heart diseases
Examples: Coartation of aorta

Supravalvular aortic
stenosis

* Endocrine diseases
Examples: Thyrotoxicosis

Hypothyroidism
Acromegaly
Cushing’s disease
Hyperaldesteromism
Anabolic steroid abuse
Pheochromacytoma

* End-stage renal disease
* Connective tissue diseases

Examples: Systemic lupus
erythematosus

Mixed connective tissue
disease

Scleroderma
Dermatomyositis

* Obstructive sleep apnea
* Morbid obesity
* Athlete’s heart (physiologic)
* High-output states

Examples: Anemia
Arteriovenous fistulas
Thyrotoxicosis

* Single nucleotide polymorphisms (genetic background)
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ventricle. Other common symptoms include chest pain
and palpitations. Physical examination often shows evi-
dence of enlarged heart with impaired function. In addi-
tion, the etiological basis of cardiac hypertrophy, such as
aortic stenosis or hypertension, is often evident on phys-
ical examination. Nonetheless, clinical diagnosis is not
sufficiently sensitive or specific and is often complemented
with additional diagnostic utilities.

The most common techniques for diagnosis of cardiac
hypertrophy are electrocardiography (ECG), two-dimen-
sional echocardiography, computed tomography (CT) scan,
and magnetic resonance imaging (MRI). ECG is the first
line of diagnosis of cardiac hypertrophy, and several cri-
teria have been developed for the diagnosis of RVH and
LVH that are primarily based on QRS voltage, duration,
and axis and replorization abnormalities among the oth-
ers (9–11). Although the simplest method, ECG has a rel-
atively poor receiver operator characteristic (ROC) curve
and, depending on the criteria used, it has relatively low
sensitivity and specificity for the diagnosis of RVH and
LVH.

Echocardiography, which provides for direct imaging of
the myocardial wall thickness, is the most common test for
the diagnosis of cardiac hypertrophy. M-mode and two-di-
mensional echocardiography provide for higher sensitivity
and specificity and hence, superior ROC curves as com-
pared with ECG. Indeed, given the widespread availabil-
ity and use of echocardiography, it has become the
standard modality for the diagnosis of cardiac hypertro-
phy. The American Society of Echocardiography has de-
veloped recommendations for the optimum acquisition of
quantitative two-dimensional data to assess cardiac hy-
pertrophy and to measure left ventricular mass (12). As
several noncardiac factors affect cardiac size, such as age,
gender, weight, and height (body surface area and body
mass index), echocardiographic indices of cardiac hyper-
trophy, specifically left ventricular mass, are routinely
corrected for body surface area or height (13). Upper nor-
mal limits of LV mass indexed for body surface area in the
general population are approximately 100 g/m2 in women
and 120 g/m2 in men (14).

Other modalities of diagnosis and assessment of car-
diac hypertrophy include three-dimensional (3-D) echo-
cardiography, Electron Beam Computed Tomography
(EBCT), and Cardiovascular Magnetic Resonance
(CMR). Each of these modalities afford the opportunity
to collect multiple contiguous image planes, which are
used to calculate ventricular volume and the according
mass, assuming myocardial density of 1.05 g/cm3 per
Simpson’s formula. The main limitations of CT are the
need for using contrast agent and radiation, whereas the
major limitation of 3-D echocardiography is the need for
adequate acoustic window. CMR, which requires neither
contrast agents nor adequate acoustic window, provides
for an excellent reproducibility and ROC curves and, thus,
has emerged as the modality of choice for accurate mea-
surement of left ventricular mass (15). The upper limit
(95% confidence limit) of LV mass index, normalized to
body surface area, by CMR is 133 g/m2 in men and 95 g/m2

in women (16). The imaging technology is improving rap-
idly, and several newmodalities, such as multislice CT, are

becoming available. The use of the new techniques for an
early and accurate diagnosis of cardiac hypertrophy re-
mains to be established.

Cardiac catheterization is used to measure left ventric-
ular end diastolic pressure, which is an index of cardiac
diastolic function, which is often elevated in individuals
with cardiac hypertrophy. Left ventricular pressure-vol-
ume loop is not commonly used in the clinical diagnosis
and assessment of cardiac hypertrophy. However, the di-
astolic component of the pressure-volume loop is a power-
ful indicator of left ventricular diastolic function in
individuals with cardiac hypertrophy.

3. CLINICAL SIGNIFICANCE OF CARDIAC HYPERTROPHY

Cardiac hypertrophy is the ubiquitous phenotype of many
cardiovascular diseases, including valvular heart disease,
systemic hypertension, and ischemic heart disease among
many others (Table 1). Although hypertrophy is consid-
ered a compensatory function of the heart aimed at re-
ducing wall tension and oxygen consumption (17), it is
maladaptive, because it is associated with a significant
increase in morbidity and mortality (18–20). Increased left
ventricular mass, even in the absence of clinically discern-
ible cardiovascular disease, is an independent predictor of
future cardiovascular events, including death (3). Cardiac
hypertrophy, in addition to being associated with a higher
cardiovascular mortality, is also the primary basis for di-
astolic heart failure, defined as the presence of symptoms
and signs of heart failure in patients with preserved left
ventricular ejection fraction and abnormal diastolic func-
tion (21,22). The prevalence of diastolic heart failure var-
ies according to age and population characteristics (21,22).
Overall, it accounts for approximately half of all heart
failure cases (21,22). In a small substudy of the Framing-
ham Heart Study population, 51% of the subjects with
symptoms of congestive heart failure had normal left ven-
tricular systolic function (defined as a left ventricular
ejection fraction of Z50%) (23). Diastolic heart failure is
a major cause of mortality and morbidity, especially in the
elderly. Notably, the annual mortality of patients with di-
astolic heart failure is approximately 5–8%, as compared
with approximately 1% mortality in an age- and gender-
matched control group in the general population (19,23–
25). Finally, cardiac hypertrophy and its accompanying fi-
brosis are major determinants of cardiac arrhythmias in
patients with cardiovascular diseases (26). Collectively,
the existing data strongly implicate cardiac hypertrophy
and its accompanying interstitial fibrosis as major deter-
minants of heart failure, cardiac arrhythmias, and mor-
tality.

4. MOLECULAR BIOLOGY OF CARDIAC HYPERTROPHY

The heart has limited tools to handle stress. The primary
or immediate response of the heart to stress is to recruit
additional myosin-actin cross-bridge units to generate
more power output through the Frank–Starling mecha-
nism. Subsequently, the heart recruits neurohormonal
mechanisms to increase myocardial contractility and,
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hence, the output. As stress persists, the heart augments
its muscle mass to bear the extra load. The latter (i.e.,
cardiac hypertrophy) increases the number of force-gen-
erating units (sarcomeres) in myocytes. In concentric hy-
pertrophy, cardiac myocytes width is increased, which
occurs presumably because of added sarcomeres in paral-
lel. In eccentric hypertrophy, cardiac myocytes length is
increased, presumably because of addition of sarcomeres
in series. In either state, the number of sarcomeres (i.e.,
actin-myosin interacting units that generate ATP) is in-
creased to meet the challenge imparted by the stress.

Mechanical stress or stretch is the prototype stimulus
for cardiac hypertrophic response. It involves activation of
stress-sensors and subsequent release of multiple inter-
acting autocrine, endocrine, and paracrine trophic and
mitotic factors. In addition to mechanical stress, a large
array of growth factors induce cardiac hypertrophic re-
sponse, a process that typically is initiated by binding of
the ligand to a series of cell surface or nuclear receptors
followed by activation of the intra-cytoplasmic signal
transduction cascade, nuclear gene transcription, and pro-
tein synthesis. Growth factors elicit hypertrophic effects
through endocrine, paracrine, and autocrine mechanisms,
or a combination thereof. Complex intracellular and in-
tercellular interactions between signaling molecules also
affect the hypertrophic response.

Cardiac myocytes, unable to replicate in a significant
number in response to altered stress, exhibit significant
plasticity of gene expression. Genes that are not normally
expressed in the adult heart are re-expressed, and expres-
sion of many genes that are normally expressed in the
heart is either upregulated or downregulated (27,28). A
classic example is the ability of human myocardium to re-
express the so-called ‘‘fetal genes,’’ such as c-fos, c-jun, and
c-myc and increased expression of atrial natriuretic pep-
tide (ANP), B-type natriuretic peptide (BNP) in patholog-
ical cardiac hypertrophy (29). Re-expression of fetal genes
occurs in many forms of cardiac hypertrophy, whether
pressure-overload induced or hypertrophy caused by ge-
netic mutations in familial hypertrophic and dilated card-
iomyopathies (30–32).

Myocardial gene expression profile in hypertrophic
state is also remarkable for altered expression of genes
involved in cardiac structure, metabolism, protein synthe-
sis, intracellular signaling, and oxidative stress
(27,28,32,33). Expressions of genes involved in coupling
the excitation to contraction, such as sarcoplasmic reticu-
lum Ca2þ ATPase (SERCA), phospholamban, calseque-
strain, and ryanodine receptor, are also altered (28,34,35).
SERCA2a, the predominant SERCA isoform in the heart,
is responsible for the active transport of the cytosolic cal-
cium into the sarcoplasmic reticulum and, thus, lowering
of the cytosolic Ca2þ levels, which leads to myocardial re-
laxation. Expression level of SERCA2a is decreased in hy-
pertrophic state and in heart failure (34,35), as is
expression level of phospholamban, which is a regulator
of myocardial contractility (35). Finally, expression levels
of a number of genes encoding extracellular matrix pro-
teins are also altered in hypertrophic states.

Another major feature of gene expression in hypertro-
phic state is isoform switch (or changes in relative expres-

sion levels of isoforms), which is best illustrated for
myosin heavy-chain genes (36,37). The human hearts pre-
dominantly expresses the b-MyHC isoform, as the pre-
dominant isoform, comprising about 90% of the total
myosin pool under physiological conditions (38). In the
pathological states, such as heart failure, expression levels
of a-MyHC protein decreases further and is undetectable
in the failing human hearts (38). Similarly, the isoform
switch in adult rat heart is characterized by the upregu-
lation of the b-MyHC and downregulation of a-MyHC gene
expression in response to an increased load (37). Overall,
isoform switch in cardiac hypertrophy is considered an
energy conservation mechanism of the working muscle,
because the b-MyHC is associated with a 3–5 fold lower
ATPase activity and a lower velocity of shortening as com-
pared with a-MyHC (39). Changes in the expression levels
of other sarcomeric proteins, such as cardiac troponin T
isoforms, also occur in cardiac hypertrophy and dilatation
(40). As such, under normal conditions, only two isoforms
of cTnT are expressed; under pathological hypertrophy,
expression of 4–6 isoforms of cTnT have been demon-
strated (40). Thus, hypertrophic state is characterized by
an array of altered gene expression that collectively mod-
ulate cardiac functional and structure phenotype.

The mechanisms that regulate cardiac hypertrophic
response are only partially known. The heart senses the
initial mechanical or other forms of stress through a series
of cell surface receptors that link the stress and growth
signals to intra-cytoplasmic signal transduction mole-
cules. Activation of the signaling cascade induces gene
transcription and translation, protein synthesis, height-
ened organization of the sarcomeres, and, ultimately, cel-
lular and cardiac hypertrophy. Thus, the key intermediary
step in induction of cardiac hypertrophic response is acti-
vation of the signal transducers, which link the hypertro-
phic stimuli to transcription factors that regulate gene
expression (Fig. 1). In general, the first step in induction of
hypertrophic response is the binding of the ligands to their
respective membrane or nuclear receptors.

Prototype cell membrane receptors are the 7-pass
transmembrane G protein-coupled receptors (GPCRs)
that mediate the signal for adrenergic hormones and a
variety of growth factors, such as AT and endothelin-1
(ET-1) (41). These receptors have three subunits of � a, b,
and g GTP-binding proteins, which, when activated, cat-
alyze the exchange of GTP to GDP and inorganic phos-
phate. In the resting state, the a subunit bound to GDP
forms a high-affinity complex with the bg heterodimer. On
binding of ligands to cell-surface receptors, the a subunit
releases GDP and binds to GTP, which leads to its disso-
ciation from the bg heterodimer subunit. The a subunit
comprises several subclasses, including as and aq, that are
activated differentially by agonists, and each activates a
different set of downstream effectors. The a1 adrenergic,
AT, and ET-1 receptors activate the Gaq and its down-
stream effectors protein kinase C (PKC), small guanine
nucleotide-binding proteins (small G proteins), mitogen-
activated protein kinases (MAPKs), and extracellular sig-
nal-regulated kinases (ERK1/2). In contrast, the b1 ad-
renergic receptors target the Gas subunit, which
stimulates adenylate cyclase and activates protein kinase
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A (PKA). The latter, in turn, phosphorylates ryanodine
receptor 2 (RyR2), a major sarcomplasmic reticulum cal-
cium release channel. Intrinsic GTPase activity of the a
subunit hydrolyzes GTP to GDP, and GDP binds to the a
subunit and returns the receptor to resting state.

Another group of major cell-surface receptors involved
in cardiac hypertrophy is the family of receptor tyrosine
kinases (RTK), which comprise a series of heterodimeric
receptors that modulate the signaling cascade for growth
peptides, such as insulin-like growth factor-1 (IGF-1), fib-
roblast growth factors (FGFs), and transforming growth
factor b (TGFb). The primary signal mediators for several
RTK ligands have been identified. For example, smads are
the primary signal transducers for TGFb. Integrins are
also major cell-surface receptors for cardiac hypertrophic
response (42). They are heterodimeric transmembrane
proteins that link the ECM to the intracellular events
and are considered the main mediators of hypertrophic
response to stretch (43,44). Signaling through integrins
entails activation of focal adhesion kinase (FAK) and Rho
family of small GTP-binding proteins Rho, Rac, and
Cdc42. Finally, cell-surface receptors for cytokines com-
prise the fourth major cell signal transduction pathway in
cardiac hypertrophic response. The main intracellular sig-
nal mediators of cytokines are JAK-STAT pathway. Sig-
nificant interactions between each category of signaling
pathways also exist, such as between the RTKs and the
GPCRs pathways and between GPCRs and integrin path-
ways. For example, Ras and its downstream targets raf,
MAPKs, and ERK1/2 are also activated in response to
RTKs signaling. Similarly, activation of FAK by integrins
recruits Grb2 adapter molecule, which activates the Ras
guanine nucleotide exchange factor son of sevenless (SOS)
and leads to activation of the MAPK pathway. Interaction
between integrins and GPCRs pathways is considered es-
sential for the development of cardiac hypertrophy and fi-
brosis in response to stress (45).

5. MOLECULAR GENETICS OF CARDIAC HYPERTROPHY

Genetic factors are major determinants of cardiac size and
cardiac hypertrophic response. Heritability (the fraction of
the phenotype explained by genetics) of cardiac size and
mass has been established through studies in monozygotic
and dizygotic twins (46–49). In the Framingham Heart
and Framingham Offspring Studies, comprised of rela-
tively homogenous Caucasian populations, (47–51) genetic
factors accounted for a discernible, albeit small, part of the
variability of left ventricular mass (52). Genetic factors,
better known as genetic polymorphisms, are also respon-
sible for cardiac hypertrophic response to external and in-
ternal stimuli (53). Finally, mutations in certain genes
lead to a phenotype that is characterized primarily by
cardiac hypertrophy, the prototype of which is human hy-
pertrophic cardiomyopathy (HCM) (54).

5.1. HCM as a Paradigm of Genetic Cardiac Hypertrophy

HCM is a primary disease of the myocardium character-
ized by LVH in the absence of an increased external load.
It is a relatively common disease with an estimated prev-

alence of at least 1:500 in the young (55). The prevalence is
expected to be higher in older subjects because of age-de-
pendent penetrance (56). A phenotype morphologically
similar to HCM (phenocopy) (i.e., hypertrophy in the ab-
sence of an increased external load) can also develop be-
cause of mutations in mitochondrial genes and in storages
disease.

HCM is a genetic disease with an autosomal dominant
mode of inheritance. It is caused primarily by mutations in
contractile sarcomeric proteins (54) (Table 2). It is a fa-
milial disease in approximately two-thirds of the cases
and sporadic in the remainder. Sporadic cases are caused
by de novo mutations in sarcomeric proteins. Phenotypi-
cally, HCM is characterized by asymmetric cardiac hyper-
trophy in approximately two-thirds of cases because of
predominant localization of hypertrophy to interventricu-
lar septum (asymmetric septal hypertrophy). In the re-
mainder, cardiac hypertrophy is symmetric involving
septum and posterior wall equally. Rarely is hypertrophy
restricted to apex of the heart (apical HCM) or posterior
wall only. The left ventricular cavity is small and left ven-
tricular ejection fraction, a measure of global systolic func-
tion, is preserved or even increased despite myocardial
dysfunction (57). Diastolic function is commonly impaired
leading to increased left ventricular end diastolic pressure
and, thus, symptoms of heart failure.

Myocyte hypertrophy, myocyte disarray, and intersti-
tial fibrosis are the most common pathological phenotypes,
and disarray is considered the pathological hallmark (58).
Disarray often comprises 420–30% of the myocardium as
opposed to o5% in normal hearts. Cardiac hypertrophy,
interstitial fibrosis, and myocyte disarray are considered
major determinants of risk of sudden cardiac death (SCD),
mortality, and morbidity in patients with HCM (59–62).

The clinical manifestations of HCM are variable. Over-
all, HCM is considered a relatively benign disease with an
annual mortality rate of less than 1% in adult population
(63,64). The majority of patients are asymptomatic or only
mildly symptomatic. Symptoms of heart failure, secondary
to an elevated ventricular filling pressure, along with
chest pain, palpitations, and infrequently syncope com-
prise the main symptoms. Cardiac arrhythmias, in partic-
ular atrial fibrillation and nonsustained ventricular
tachycardia, are relatively common and Wolff–Parkin-
son–White syndrome is uncommon. SCD is the most
dreadful presentation of HCM and is tragic because it of-
ten occurs as the first manifestation of HCM in young,
asymptomatic, and apparently healthy individuals
(65,66). HCM is the most common cause of SCD in young
competitive athletes (65).

Since identification of the first causal mutation more
than 14 years ago, over 250 different mutations in a dozen
genes encoding sarcomeric proteins have been identified
(Table 2). As all the causal genes for HCM encode for
sarcomeric proteins, HCM is considered a disease of
sarcomeric proteins (excluding HCM phenocopy). The
two most common causal genes for HCM are the b-myo-
sin heavy-chain (MyHC) gene (MYH7) and myosin-bind-
ing protein-C gene (MYBPC3), collectively accounting for
approximately half of all known mutations for HCM
(54,67,68). All other known causal genes and mutations
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account approximately for another 30% of all HCM cases.
The vast majority of HCM mutations are missense muta-
tions; however, a preponderance of deletion and frame
shift mutations in the MYPBC3 exists. Mutations in
TNNT2 account for approximately 10% of all HCM cases
(69).

HCM mutations exhibit highly variable phenotypic
manifestations, and no particular phenotype is muta-
tion-specific (70). However, it is noteworthy that muta-
tions affect the magnitude of cardiac hypertrophy, which is
an important determinant of risk of SCD. Comparing the
phenotype of the three most common genes for HCM,
MYH7 mutations are associated with an earlier onset,
more extensive hypertrophy, and a high incidence of SCD
(71,72). In contrast, MYBPC3 mutations are generally as-
sociated with a late onset and relatively mild hypertrophy
and a low incidence of SCD (56,71,73). Mild cardiac hy-
pertrophy, a high incidence of SCD, and more extensive
disarray characterize the phenotype of HCM caused by
mutations in TNNT2 (61,74).

As indicated earlier, phenotypic expression of muta-
tions is quite variable. For example, ‘‘malignant’’ muta-
tions in the MYBPC3 gene also have been described (73).
Moreover, the phenotypic expression of HCM, whether it

is the magnitude of hypertrophy or the risk of SCD, varies
significantly among affected individuals with identical
mutations, including family members who share identical
mutations. Such variability is likely caused by the influ-
ence of modifier genes and nongenetic factors. By defini-
tion, the ‘‘modifier genes’’ by themselves are neither
necessary nor sufficient to cause HCM. However, they in-
fluence phenotypic expression of HCM. The identity of
modifier genes for HCM and the magnitude of their effects
remain largely unknown. Genes encoding the components
of renin-angiotensin-aldosterone (RAAS) system including
angiotensin-I converting enzyme-1 (ACE-1) have been im-
plicated in modifying phenotypic expression of HCM in
humans (75–79). In addition, variants of endothelin-1 and
tumor necrosis factor-a also have been associated with se-
verity of cardiac hypertrophy (80,81). Overall, given the
complexity of molecular biology of cardiac hypertrophy, a
large number of modifier genes are expected to be in-
volved, each exerting a modest effect. The ensuing pheno-
type in HCM is the result of complex genotype-genotype
and genotype-environment interactions (82).

Gene expression

RTKs

AT

 G�q/11Gi/o

GPCRs

PLC

PIP2

DAG

PKC

PIP3

Ras

Raf

MEK

ERK AKT

IP3 Ca+2

Calcineurin
CamKII

NFAT3

Rac1

G�s 

Epi

AC

PKA

CREB

PI3K

Integrins

RhoA

FAK

Cdc42

Grb2

SOS

Cytokines

JAK tyrosine
kinase

STAT

Cardiac hypertrophy
Figure 1. Key step in induction of cardiac
hypertrophic.

Table 2. Causal Genes for Hypertrophic Cardiomyopathy

Gene Symbol Locus Frequency

b-myosin heavy-chain MYH7 14q12 B30%
Myosin binding protein-C MYBPC3 11p11.2 B30%
Cardiac troponin T TNNT2 1q32 B15%
a-tropomyosin TPM1 15q22.1 B5%
Cardiac troponin I TNNI3 19p13.2 B5%
Essential myosin light-chain MYL3 3p21.3 o5%
Regulatory myosin light-chain MYL2 12q23–24.3 o5%
Cardiac a-actin ACTC 15q11 o5%
Titin TTN 2q24.1 o5%
a-myosin heavy-chain MYH6 14q1 Rare
Cardiac troponin C TNNC1 3p21.3–3p14.3 Rare
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5.2. Cardiac Hypertrophy in Other Genetic Disorders

Although HCM is the prototype of genetically-determined
cardiac hypertrophy, cardiac hypertrophy also occurs in
several others genetic diseases, which may be morpholog-
ically indistinguishable from HCM (Table 3). The list is
expansive and includes trinucleotide repeat syndromes,
metabolic disorders, and mitochondrial diseases among
many others. Trinucleotide repeat syndromes comprise
more than 10 different diseases, such as myotonic muscu-
lar dystrophy (DM), Huntington’s disease, and fragile site
syndromes (83). DM occurs because of expansion of natu-
rally occurring GC-rich triplet repeats in the 30 untrans-
lated region of DMPK encoding dystrophia myotonica
protein kinase. DM commonly manifests as progressive
degeneration of muscles and myotonia, cardiomyopathy,
conduction defects, male pattern baldness, infertility, pre-
mature cataracts, mental retardation, and endocrine ab-
normalities (84). Cardiac involvement is common, usually
apparent as cardiac conduction abnormalities, and, less
frequently, as cardiomyopathy (85), and is a major deter-
minant of morbidity and mortality (83,86).

Friedreich’ ataxia (FRDA) is another example of triplet
repeat syndrome that is caused by expansion of GAA re-
peat sequences in an intron of FRDA (87). FRDA is a mul-
tisystem disorder that primarily involves central and
peripheral nervous system and, less frequently, manifests
as cardiomyopathy and occasionally as diabetes mellitus.
The encoded protein is frataxin, which is a soluble mi-
tochondrial protein with 210 amino acids (87). Cardiac in-
volvement could manifest as either dilated
cardiomyopathy or cardiac hypertrophy. The severity of
clinical manifestations of Friedreich’ ataxia, as in DM,
correlates with the size of the repeats (88).

Noonan syndrome and Leopard syndrome (lentigines,
electrocardiographic conduction abnormalities, ocular
hypertelorism, pulmonic stenosis, abnormal genitalia,
retardation of growth, and deafness) are allelic variants
characterized by dysmorphic facial features, hypertrophic
cardiomyopathy, pulmonic stenosis, mental retardation,
and bleeding disorders. One of the causal genes is protein-
tyrosine phosphatase, nonreceptor type 11 (PTPN11),
which is responsible for approximately half of the cases
(89,90). The proposed mechanism for the pathogenesis of
Noonan syndrome is a gain-of-function effect on the
phosphotyrosine phosphatase domains.

Refsum disease is an autosomal recessive disorder
characterized clinically by a tetrad of retinitis pigment-
osa, peripheral neuropathy, cerebellar ataxia, and ele-
vated protein levels in the cerebrospinal fluid.
Electrocardiographic abnormalities are common, but car-

diac hypertrophy and heart failure are uncommon. Ref-
sum disease is caused by mutations in the gene encoding
phytanoyl-CoA hydroxylase (PAHX or PHYH) (91), which
leads to enzymatically inactive protein (92) and, hence,
accumulation of phytanic acid, an unusual branched-
chain fatty acid, in tissues and body fluids.

Glycogen storage disease type II (Pompe disease) is an
autosomal recessive disorder caused by deficiency of al-
pha-1,4-glucosidase (acid maltase) in the liver and mus-
cles, leading to storage of glycogen in lysosomal
membranes. Its clinical manifestations are remarkable
for cardiac hypertrophy, heart failure, conduction defects,
and muscular hypotonia (93,94). It is caused by mutations
in gene encoding acid maltase, which leads to a deficiency
of acid alpha-glucosidase. High-protein diet and recombi-
nant acid alpha-glucosidase have been used effectively for
treatment of this disorder (95).

Mutations in PRKAG2 gene encoding the g2 regulatory
subunit of AMP-activated protein kinase (AMPK) lead to a
phenotype of cardiac hypertrophy caused by glycogen stor-
age, conduction defects, and Wolff–Parkinson–White syn-
drome (96,97). Cardiac hypertrophy also has been
described in patients with mucopolysaccharidosis, Niem-
ann–Pick disease, Gaucher disease, hereditary hemochro-
motasis, and CD36 deficiency (98).

Cardiac hypertrophy is also a common manifestation of
mitochondrial disorders. Mutations in mitochondrial DNA
often result in a complex phenotype involving multiple
organs, including the heart, which manifests as cardiac
hypertrophy and dilatation (99). Kearns–Sayre syndrome
(KSS) is a mitochondrial disease characterized by a triad
of progressive external ophthalmoplegia, pigmentary ret-
inopathy, and cardiac conduction defects (100). The classic
cardiac abnormality in KSS is conduction defects, whereas
cardiac hypertrophy and dilatation occur less frequently.

L-carnitine deficiency is another mitochondrial disease
that involves the heart manifesting as cardiac hypertro-
phy and, more commonly, dilated cardiomyopathy causing
heart failure (98). Carnitine is an important component of
fatty acid metabolism and necessary for the entry of long-
chain fatty acids into mitochondria. Systemic carnitine
deficiency can develop by inadequate dietary intake; de-
fective synthesis, uptake, and transport; or decreased tu-
bular reabsorption. Mutations in chromosomal genes
encoding solute carrier family 22, member 5, (SLC22A5)
or OCTN2 transporter impair transport of carnitine to
mitochondria and cause systemic carnitine deficiency. De-
ficiencies of enzymes involved in the transfer and metab-
olism of carnitine, such as carnitine mitochondrial
carnitine palmitoyltransferase I (CATI) and translocase
(SLC25A20), located in the outer and inner membranes,

Table 3. Causal Genes for HCM Phenocopy

Gene Symbol Locus Frequency

AMP-activated protein kinase, g2 regulatory subunit PRKAG2 7q35–q36 o5%
Mitochondrial DNA MTTI Mitochondrial Rare
Frataxin (Friedreich’ ataxia) FRDA 9q13 Rare
Myotonin protein kinase (myotonic dystrophy) DMPK 19q13 Uncommon
Protein-tyrosine phosphatase, nonreceptor type 11 (Leopard syndrome) PTPN11 12q24 Rare
Lysosome associated membrane protein 2 (Danon’s disease) LAMP2 Xq24–q25 Rare
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respectively, could lead to defective carnitine uptake and
decreased tissue levels of carnitine. The phenotype is
characterized by skeletal myopathy, congestive heart fail-
ure, and abnormalities of the central nervous system and
liver. Treatment with high doses of oral carnitine allevi-
ates the symptoms.

Mutations in acyl-CoA dehydrogenase also impair mi-
tochondrial fatty acid oxidation and could lead to cardiac
hypertrophy (98,101). The clinical manifestations are re-
markable for cardiac hypertrophy with diminished sys-
tolic function, fasting hypoglycemia, inadequate ketotic
response to hypoglycemia, hepatic dysfunction, skeletal
myopathy, and sudden death.

Finally, SNPs are major determinants of cardiac size
and hypertrophic response to stimuli, whether internal,
such as sarcomeric protein mutations or external, such as
an increased afterload in aortic stenosis. Given the diver-
sity of factors that contribute to a complex phenotype such
as cardiac hypertrophy, the impact of each SNP on biolog-
ical and clinical phenotype is modest. SNPs in multiple
genes have been associated with cardiac size and indices
of cardiac hypertrophy in a variety of pathological states
(82). However, the results have been largely provisional
pending confirmation through experimentation and repli-
cations.

6. TREATMENT AND REGRESSION OF CARDIAC
HYPERTROPHY

In view of the significance of cardiac hypertrophy as an
independent predictor of mortality and morbidity, a large
number of experimental and clinical studies have been
performed to prevent and reverse evolving cardiac hyper-
trophy in different pathological states. The results collec-
tively indicate cardiac hypertrophy is, at least partially, a
reversible and preventable phenotype. Removal of the pri-
mary stimulus causing cardiac hypertrophy, such as in-
creased load in valvular heart disease or systemic
hypertension, is commonly associated with significant
early and long-term reduction in cardiac mass and my-
ocyte size (102–104). In addition, clinical studies in hu-
mans suggest that treatment with pharmaceutical drugs,
such as angiotensin-1 converting enzyme inhibitors could
induce regression of cardiac hypertrophy (103,104), which
is partially load-independent (105). Removal of the pri-
mary stimulus, although the most desirable, may not be
feasible in genetic forms of hypertrophy. Experimental
data in animal models suggests that cardiac hypertrophy
in HCM could be reversed and attenuated by blockade-
signaling molecules that are essential to hypertrophic re-
sponse (106).

The clinical significance of regression of cardiac hyper-
trophy has been shown in clinical studies such as the
Heart Outcomes Prevention Evaluation (HOPE) study
(105), which showed significant improvement in cardio-
vascular mortality and morbidity in a broad range of pa-
tients who are at high risk, regardless of their blood
pressure status and presence or absence of coronary ar-
tery disease (105). Changes in left ventricular mass with
treatment of hypertension has prognostic significance as

the incidence of nonfatal cardiovascular events is signifi-
cantly higher in patients who show no significant regres-
sion of LVH (107). Collectively, these data provide strong
evidence for adverse effects of cardiac hypertrophy on
clinical outcome and potential beneficial effects of regres-
sion of cardiac hypertrophy with pharmacological and
nonpharmacological interventions.
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1. INTRODUCTION

Cardiovascular diseases (CVDs), the group of disorders of
the heart and blood vessels, are one of the main causes of
death. According to the World Health Organization,
(WHO) almost 30% of deaths in the entire world are
because of CVDs (29.3% in 2002) (1). In the United States,
as reported by the American Heart Association, cardio-
vascular diseases are the leading cause of mortality,
having accounted for 38.0% of all deaths in 2002 (2). In
that year, Coronary Heart Disease, which includes acute
myocardial infarction, other acute ischemic (coronary)
heart disease, angina pectoris, atherosclerotic cardiovas-
cular disease, and all other forms of heart disease, caused
one of every five deaths, being the single largest killer of
males and females in the United States. It is also impor-
tant to consider that, very often, people who die of a
coronary attack have no previous symptoms. Therefore,
a need exists for accurate diagnosis of cardiac diseases,
together with an early screening for cardiac pathologies,
both as minimally invasive as possible. Cardiac imaging
provides tools for this CVD diagnosis and screening,
emphasizing early diagnosis and patient follow-up.

Cardiac imaging constitutes a significant technological
challenge because the heart has an intricate 3-D shape,
and a fast and complex periodic movement. Several non-
invasive imaging techniques exist that provide qualitative
and quantitative information about the state of the heart
and great vessels. Continuous improvement in the spatial
and temporal resolution of these imaging techniques, as
well as their increasing potential to visualize not only
anatomy, but also function and metabolism, make cardiac
imaging a powerful tool for clinical diagnosis. This tool
also allows the assessment of different disease stages,
which is essential in therapy evaluation and the follow-
up of cardiac diseases.

One of the most important technological challenges for
cardiac imaging is that the heart is the fastest moving
organ in the human body, requiring an acquisition frame
rate of at least 10 images per second (and for some
applications much higher). Detection of subtle changes
for early diagnosis of diseases poses additional acquisition
requirements and frequently several imaging modalities
have to be considered.

As an example, the steps in the progression of coronary
heart disease (CHD), one of the most prevalent and
serious cardiac diseases, can be followed:

* First, a partial obstruction of a cardiac artery
occurs. Sometimes it can be compensated for by
collateral flow, so that at rest the flow is normal,
whereas during stress, lack of irrigation appears (a
low myocardial flow reserve exists).

* Regional lack of perfusion is the next step in the
progression. A lack of sufficient oxygen supply pro-
duces an increase in anaerobic metabolism. Conse-
quently, the myocardium can either reduce its
activity to decrease its nutrient consumption (hiber-
nating myocardium), or try to maintain the function,
but this risks partial necrosis.

* Regional movement abnormalities are produced
when some parts of the myocardium are either in
hibernation or necrotic. These abnormalities first
appear in diastole, and also in systole when they
are more severe.

* Global abnormalities constitute the next step. As
the disease progresses, the abnormalities are not only
regional, they also affect the global activity of the
heart. A reduction in its pumping capacity occurs
(ejection fraction, cardiac output), and the infarcted
myocardial regions produce detectable abnormalities
on an electrocardiogram (ECG).

As can be seen, when the disease progresses, it is more
easily detected, as more effects and more evidence exist.
Cardiac imaging tries to achieve an early detection of the
disease, as soon as the first signs appear. The focus of
cardiac imaging is therefore the identification of subtle
and local changes in perfusion or metabolism, or slight
changes in regional movement. The diagnosis of CHD
should proceed by following the disease chain:

* Functional abnormalities: changes in ECG (at rest or
during stress tests), decrease of ejection fraction
[measured by 2-D echocardiography, more recently
by more accurate 3-D echocardiography and mag-
netic resonance imaging (MRI)].

* Movement abnormalities: visualized by echocardio-
graphy, and more recently and also more accurately
with tissue Doppler imaging, MRI including tagged-
magnetic resonance imaging (tagged-MRI) and strain
measurements.

* Perfusion abnormalities: traditionally detected using
nuclear medicine—single photon emission computed
tomography (SPECT)—more recently with MRI or
even ultrasound (US), in both cases with contrast
agents.

* Arterial obstruction: detected using angiography and
catheters, including intravascular ultrasound (IVUS)
and, more recently, with fast computed tomography
(CT).

As outlined in this example, many different observa-
tions and imaging modalities intervene in the accurate
diagnosis of cardiac diseases. In this article, the main
cardiac function descriptors will first be overviewed and,
second, the main cardiac imaging modalities will be
described, with special emphasis on applications and
examples.
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2. DESCRIPTORS OF CARDIAC FUNCTION

The heart is a complex organ composed of different tissues
and structures (3). Its function is to pump the blood to the
rest of the body and the pulmonary circulation. Therefore,
the most important functional parts in the heart are the
cardiac muscle or myocardium, the atrio-ventricular and
arterial valves, and the coronary arteries that provide
proper nutrients to the heart muscle. The following sub-
sections will describe the main parameters that regulate
both the morphology and function of the myocardium, and
the cardiac valves and coronary arteries. These descrip-
tors are also the most relevant clinical parameters. It
should be noted that, in order to obtain some of these
parameters, image analysis or postprocessing techniques
may be required (see Refs. 4–6 for a review).

2.1. Myocardial Function and Morphology

The myocardium is responsible for the correct pump
function of the heart. Different cardiac diseases alter its
morphology and function.

2.1.1. Myocardial Morphology. Some cardiac diseases
modify the myocardial morphology, leading to increased
thickness of the myocardium or enlarged ventricular
volume. The most common indexes to assess these
changes are the following:

* Left Ventricle (LV) volume is defined as the enclosed
volume within the endocardium of the LV. It is a basic
parameter to derive other left ventricular indexes. It
is usually measured either at end-diastole or end-
systole.

* LV mass is defined as the myocardial mass of the LV
and is calculated as the difference between the vo-
lumes enclosed by the ventricle epicardial and en-
docardial surfaces, multiplied by the relative density
of cardiac muscle.

* Right Ventricle (RV) volume and mass are defined by
similar parameters.

These parameters can be obtained with most imaging
modalities, although with different accuracy. In general, 2-
D modalities (echocardiography, angiography) have to
assume a simplified geometry (an ellipsoid) of the left
ventricle, whereas more accurate measures can be ob-
tained with tomographic modalities (MRI, CT). The com-
plex geometry of the right ventricle always requires
tomographic techniques.

2.1.2. Myocardial Global Function (2-D/3-D). Myocar-
dial global function refers to the capacity of the heart to
perform correctly as a blood pump. Late stages of cardiac
diseases are frequently characterized by an important
degradation of the cardiac global function. The main
clinical indexes of global function are:

* Stroke volume (SV): the volume of blood ejected by a
ventricle per heartbeat. It is calculated as the differ-
ence between end-diastolic and end-systolic volumes.

In normal conditions, the stroke volumes of both
ventricles are nearly equal.

* Ejection fraction (EF): the ratio of the ventricular
stroke volume to the end- diastolic volume. It is an
excellent predictor for assessing the alteration of
global ventricular function. Typical values of ejection
fraction at rest are 55% to 65%.

* Cardiac output (CO): total volume of blood pumped
by the left ventricle in liters per minute. It is com-
puted as the SV multiplied by the heart rate. Typical
normal value in adults is 5 L/min.

2.1.3. Myocardial Regional Function. Assessment of the
function of different myocardial regions or segments is
very important in evaluating the severity of several
cardiac diseases at an early stage. Subtle local motion or
perfusion abnormalities may indicate, for example, the
presence of ischemia because of coronary occlusion. En-
hanced regional function assessment is one of the main
areas of focus in new cardiac imaging modalities and
postprocessing tools. Myocardial segmental function can
be analyzed by examining motion and perfusion patterns,
and it is an important key in determining myocardial
viability after ischemia.

2.1.3.1. Motion and Deformation. Myocardial segmen-
tal motion and contraction is an important indication of
proper segmental function. Commonly, myocardial move-
ment is assessed visually using different imaging modal-
ities (mainly ultrasound and MRI). Objective evaluation is
also pursued by quantifying motion and contraction, and
normally uses postprocessing techniques (such as optic
flow, wall-tracking, landmark-tracking).

* Motion analysis: Regional motion can be assessed
either visually or by quantifying parameters such as
regional mean velocity and regional mean displace-
ment. Intramyocardial motion can also be studied,
dividing the myocardium into different layers.

* Wall thickening: The most common parameter used
to assess radial contraction is wall thickening. Wall
thickening is the difference between end-diastole and
end-systole myocardial width.

* Strain analysis: Strain is a parameter defined in
continuum mechanics that represents the deforma-
tion of an object with respect to its original shape. In
the case of the myocardium, it indicates the active
contraction of each region, allowing its differentiation
from passive movement caused by the contraction of
neighboring regions. Depending on the measurement
technique and the imaging modality used, the defor-
mation is studied in only one dimension, or by using a
strain sensor in two or three dimensions.

2.1.3.2. Perfusion. Regional myocardial perfusion re-
presents tissue irrigation by blood flow. It is a good
indicator of the capacity of coronary arteries to respond
to myocardial work and oxygen demand. The regional
study of myocardial perfusion helps to determine if re-
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duced blood flow exists because of partial or total coronary
occlusion, and how the myocardial tissue responds to the
decrease of flow.

It is important to study perfusion, not only under
normal conditions, but also during stress, because in
abnormal conditions the coronary vessels can be capable
of providing blood at rest (possibly through collateral
vessels), but are not able to respond to increased demands
for oxygen. Stress can be produced by exercise, but is
usually induced with a coronary vasodilator such as
dipyridamole or adenosine.

Different imaging modalities allow the acquisition of
quantitative measurements of segmental myocardial per-
fusion (mainly nuclear imaging, but also echocardiogra-
phy or MRI with contrast agents).

2.1.3.3. Viability. After an ischemic event, it is very
important to determine whether (and where) the cellular
tissue is viable and could recover, or is infarcted. Regional
viability is commonly assessed by observing the segmental
perfusion, and metabolism together with its motion and
contraction. Viability assessment determines whether
myocardial reperfusion therapy or revascularization sur-
gery is indicated. Different reversible and irreversible
situations may occur.

* Viable tissue: Hibernating myocardial regions (seg-
ments with low contraction and perfusion) are meta-
bolically active and can benefit from coronary
revascularization, whereas stunned myocardium
(low contractility and normal perfusion) do not al-
ways need reperfusion and usually recover by them-
selves.

* Nonviable tissue: Scarred myocardium shows con-
tractility and perfusion defects even at rest and
cannot recover.

Myocardial viability is an important topic in cardiac
imaging and several techniques [mainly nuclear imaging,
but also echocardiography and MRI (7)] have been pro-
posed recently for its evaluation.

2.2. Valvular Function

The function of cardiac valves, both atrioventricular
valves and outflow tract valves (pulmonary and aortic),
is to lead the blood flow in one direction and avoid retro-
grade flow. Valvular dysfunction may induce severe
changes in global cardiac function. The most common
valvular problems are stenosis and regurgitation.

* Valvular stenosis is the narrowing of a valve, usually
caused by limitation of the valve cusp motion. It
produces an increased pressure gradient and flow
rate across the valve. These two parameters can be
measured to assess the severity of the stenosis,
indicating whether valve replacement is appropriate.

* Valvular regurgitation or insufficiency results from
the valve leaflets not completely sealing when the
valve is closed, so that regurgitation of blood occurs
(retrograde flow). Retrograde flow velocity is nor-

mally measured to assess the severity of the regur-
gitation.

Valvular function can be noninvasively assessed with
imaging techniques based on ultrasound or MRI that can
measure blood velocity or flow.

2.3. Coronary Arteries Assessment

Coronary artery disease has its origin in the atherosclero-
sis of one or several coronary arteries. Atherosclerotic
processes narrow the arterial lumen, thereby restricting
blood supply. Accurate assessment of the physiological
severity of coronary stenoses is very important in deter-
mining whether a pharmacological or a mechanical treat-
ment is indicated. It can be verified measuring the
coronary flow reserve and assessing the state of the
plaque.

* Coronary flow reserve is defined as the ratio of max-
imal to resting coronary blood flow. Maximal coron-
ary flow is normally induced by exercise or with a
coronary vasodilator such as dipyridamole or adeno-
sine. Coronary flow reserve is normally greater than
3.0. It can be evaluated with nuclear imaging posi-
tron emission tomography (PET) and MRI.

* Plaque assessment is important because the presence
of plaques in the arteries produces narrowing of the
vessels and, most importantly, the danger of their
sudden rupture, which would release their lipid con-
tent potentially creating a thrombus (artery obstruc-
tion). It is estimated that nearly 70% of unexpected
heart attacks are related to plaque rupture. Evaluat-
ing the risk of a plaque rupture is still a challenge for
cardiac imaging attempting to characterize its thin
fibrous cap. The artery lumen can be studied by
angiography, but the plaque cap is thinner than 100
mm, which places it beyond current noninvasive
imaging resolution. However, invasive intravascular
ultrasound (IVUS) can be applied. Research into CT
and MRI for this purpose seems promising.

3. CARDIAC IMAGING MODALITIES

In the past decades, medical imaging has rapidly evolved
and its application to the assessment of heart physiology
and pathology has been enormous. Each medical image
modality is based on different physical properties that can
be related to specific anatomical or functional features of
the heart The following sections provide a brief overview
of the different cardiac imaging modalities, placing a
special emphasis on how cardiac function descriptors are
assessed by taking into account the accuracy and limita-
tions of each modality.

3.1. X-ray Angiography

Static chest x-ray films do not provide detailed anatomical
or functional information about the heart, as the differ-
ence in the x-ray absorption between the blood and the
heart walls is small. x-ray imaging alone does not show
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the structures of the heart or the anatomy of the coronary
artery tree that supplies blood to the heart muscle. Addi-
tional problems are the presence of ribs that create addi-
tional contrasts on the image, plus the fact that chest x-
ray is only a projective image. For these reasons, only
gross information about the great vessels and the size of
cardiac chambers can be obtained.

The x-ray absorption difference between blood and
surrounding tissue can be increased by injecting contrast
agents. In Cine angiography, proposed initially in 1966,
a radio-opaque dye is injected via a catheter1 directly into
the structures to be visualized, while the patient is ex-
posed to x-rays. As the dye fills the heart chambers or the
vessels, delineation of heart and vessel anatomy can be
obtained, as well as moving images of the ventricular
contraction.

The information obtained is 2-D, although usually two
projections at different angles are acquired to get a
representation of the whole heart anatomy and to resolve
potential vessel overlaps. Simplified assumptions (such as
the ellipsoidal shape of the left ventricle) make it possible
to compute volumetric information and derive parameters
such as the ejection fraction.

This modality is usually good at anatomic delineation
of lesions (Fig. 1), but much less satisfactory in determin-
ing their severity and the degree of hemodynamic distur-
bance that they have produced. It has been considered the
gold standard for coronary artery assessment to depict
luminal changes secondary to atherosclerotic disease.
However, catheterization is costly, requires patient hospi-
talization, and has a risk of complications. For these
reasons, and considering that up to 70% of vessels with
critical (60% to 90% diameter reduction) stenoses are
underestimated angiographically, alternative noninvasive
imaging techniques are preferred.

3.2. Echocardiography

Echocardiography, or ultrasound imaging of the heart,
shows the anatomy and movement of cardiac and intra-
cardiac structures in a completely noninvasive way. Ultra-
sound was used in medicine soon after the development of
sonar principles around the 1940s. In 1953, Edler and
Hertz produced the first moving images of the beating
heart. Echocardiography, being portable, widely available,
noninvasive, and requiring relatively inexpensive equip-
ment, soon became an important tool in cardiac diagnosis.
Now, it is a modality well established in clinical practice,
showing cardiac anatomy and function in real time, both
in rest and under stress.

Two echocardiographic acquisition modes are widely
available: M-mode and 2-D B-mode. M-mode (motion
mode) is a useful acquisition technique to explore moving
objects providing a convenient representation of localized
motion. This acquisition mode explores continuously the
object along a single fixed scan line. The acquired data is
displayed as a 2-D image, with depth in the vertical axis
and time in the horizontal one (Fig. 2). Its main advantage
is that the temporal resolution is very high in comparison
with 2-D echocardiographic sequences; however, it only
provides information about the region explored by the
scan line. Even with this restriction, the method is widely
used in practice to assess valvular and myocardial func-
tion. It is often employed in combination with Doppler
techniques, providing a very good representation to ex-
tract quantitative measurements in time.

2.0 B-Mode imaging displays an anatomical section of
the heart by sweeping the object along a series of angles
(Fig. 2). This acquisition can be continuously repeated to
obtain an image sequence, showing movement in real
time. Myocardial and valvular function can be therefore
assessed simultaneously, taking into account the different
myocardial segments, valvular leaflets, and Doppler mea-
surements.

In the last decade, important technological achieve-
ments have improved the quality of conventional echocar-
diographic images. Harmonic imaging constitutes one of
these developments. It is based on nonlinear ultrasound-
tissue interaction. As a result, the fundamental frequency
of the transmitted ultrasound is resolved in multiple
frequency components. Nonlinear effects occur, especially
at the boundary between different tissues, and they are
mainly represented at the second harmonic of the funda-
mental frequency. Selecting these frequencies in the re-
ceived signal clearly improves image quality and contrast
resolution of tissues.

Complementary techniques have multiplied the possi-
bilities of echocardiography. In the following sections, the
most relevant advanced echocardiographic techniques are
reviewed.

Figure 1. Left coronary x-ray angiography, showing a severe
lesion in the left anterior descending coronary artery.

1Catheterization involves the threading of a thin plastic tube from
an artery in the leg or arm through the arterial system and into
the coronary arteries of the heart where pressure readings are
made and radio-opaque dye can be injected.
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3.2.1. Doppler Techniques. Doppler principles have
made it possible to measure the speed of the blood and
tissues inside the body, by recording the shift in frequency
caused by the reflection from a moving target (8). Doppler
measurements were first acquired using two independent
piezoelectric crystals, one continuously transmitting and
the other continuously receiving, measuring all the velo-
cities along the beam. This technique is the so-called
continuous wave (CW) Doppler. Its main advantage is
that high velocities can be measured; however, is not
spatially selective. This last disadvantage is overcome
with pulsed wave (PW) Doppler. In this case, short ultra-
sound pulses are transmitted with a pulse repetition
frequency (PRF). The depth of the volume to be explored
can be selected by modifying the time the receptor is
active. The main limitation of this technique is that
velocities higher than a threshold (one-half of PRF) cannot
be measured and produce aliasing.

These techniques have produced two different echocar-
diographic modalities: color Doppler echocardiography
and tissue Doppler imaging. In both cases, the velocity
component of either the blood or the tissue in the beam
direction is measured. In the case of the heart, both
signals are present and they can be differentiated because
they have different features: Tissue moves slower than
blood, whereas tissue echo has more amplitude than the
signal reflected from the blood. Filtering the echo signal
can separate the tissue Doppler signal (lower frequencies)
and the blood Doppler signal (higher Doppler frequen-
cies)(9).

3.2.1.1. Color Doppler Echocardiography. Color Dop-
pler echocardiography measures the blood flow magni-
tude, and presents this information codified in color over a
2-D anatomic image (color flow mapping) (Fig. 3). Bluish
colors usually represent motion away from the transducer
and reddish colors represent motion toward the transdu-
cer. This technique is very well established in the clinical
routine to evaluate valvular stenosis and insufficiencies.
Turbulent flow is clearly detected in regions with an
increase in the Doppler frequency shifts variance.

3.2.1.2. Tissue Doppler Imaging (TDI). TDI, in contrast,
represents the velocity of heart walls, filtering out the
signal from the fast-moving blood. This technique allows
quantification of heart wall motion and objective analysis
of myocardial dysfunctions (9). For example, it has been
proven that myocardial velocity gradient is decreased in
the presence of ischemia (10). This technique also provides
a way to perform objective stress echocardiography, a
great advantage because, normally, stress studies are
evaluated visually with high interobserver disagreement
(7).

Strain rate and strain measurements can be obtained
from TDI, providing a new imaging modality that assesses
active myocardial contraction. Strain rate is obtained as
the spatial gradient of myocardial velocities and the strain
as the temporal integral of the strain rate (11).

The main drawback of Doppler techniques is that only
one component of all these parameters is measured: the
component on the US beam direction. New techniques
processing conventional echocardiography attempt to
avoid this problem in order to obtain bidimensional dis-
placement and strain (12,13).

3.2.2. Contrast Echocardiography (MCE). Contrast echo-
cardiography is the combination of echocardiographic
imaging techniques with contrast agents specifically de-
signed to be visualized through ultrasound (Fig. 4). These
contrast agents consist of the dilution of gas microbubbles
that amplify the reflected signal (14). The amplification is
because of the oscillation or rupture of the microbubbles
when they are insonated. Contrast is delivered through
intravenous injection and it is confined to the vascular
space. The contrast enhances the signal from the blood so
it can be used to enhance Doppler studies. Another im-
portant application is endocardial border enhancement in
stress and myocardial motion assessment studies.

The most interesting application of contrast echocar-
diography is in the quantification of myocardial perfusion.
Recently, several different studies have revealed its po-
tential to determine the degree of irrigation in the pre-
sence of coronary artery disease (14). In order to identify

Figure 2. Echocardiography images. (Left) M-mode. (Right) B-mode image from a four-chamber
sequence, at end-systole (video available at http://www.die.upm.es/im/videos). Courtesy of
Hospital G.U. Gregorio Marañón (Madrid, Spain).
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subtle changes in the ischemic process, specific quantifica-
tion tools are required.

3.2.3. Transesophageal Echocardiography (TEE). One of
the limiting factors of conventional echocardiography is
the presence of attenuating tissues in the interface be-
tween the US transducer and the heart, allowing only
certain ultrasound transducer positions and directions
(US windows) to be possible. To overcome this problem,
transesophageal echocardiography has been pro-
posed, providing high-quality images including color flow
at the expense of being partially invasive. A specifically
designed transducer is placed in the esophagus very close
to the heart, avoiding attenuating tissue. Its main appli-
cation is the assessment of valvular function, and valvu-
lar, interventricular, and interatrial prosthesis status.

3.2.4. 3-D Echocardiography. 3-D echocardiography is
a relatively new development in US that allows 3-D
visualization of the complete heart structure. Different
acquisition schemes have been proposed. 3-D multiplane
transthoracic or transesophageal echocardiography con-

sists of acquiring several planes of the heart with a known
relative position. The whole cardiac cycle is acquired at
each plane position. Volume through time is reconstructed
by taking all the acquired planes at each temporal posi-
tion. An offline system to reconstruct and process the data
is usually required. Recently, another acquisition scheme
has been proposed using a 3-D US transducer made up of
3000 piezoelectric crystals that acquires a 3-D volume in
real time without reconstruction requirements (Fig. 5).
Manipulation of the volume, biplane, and full-volume
acquisition are included in the echographer.

3-D echocardiography has been used to compute LV
volume and mass more accurately and to perform wall
motion analysis, taking into account the three spatial
dimensions and avoiding the typical 2-D errors, such as
out of plane motion.

3.2.5. Other US Techniques. Other US related techni-
ques include intravascular ultrasound (IVUS). In this
case, an ultrasound transducer of very high frequency
(20—40MHz) is located at the end of a catheter to image
the vascular lumina and vascular walls (Fig. 6). This

Figure 3. Left. Color Doppler image of a mild to moderate mitral regurgitation. The image shows
an abnormal turbulent jet from the left ventricle into the left atrium systole. Image courtesy of
Hospital Dr. Negrı́n (Gran Canaria, Spain). Right. Tissue Doppler image of a four–chamber view of
a healthy subject during systole. Image courtesy of Hospital G. U. Gregorio Marañón (Madrid,
Spain).
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Figure 4. Myocardial perfusion imaging. The
blood pool is bright because it is full of contrast
medium. On the right, time perfusion curves
of two different regions with normal (red) and
abnormal (green) perfusion patterns.
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technique can be used to assess stent placement and
results of percutaneous transluminal angioplasty (PTA),
which refers to all surgical methods used to treat vessel
occlusion and narrowing, both in the short-and long-term
(restenosis assessment). It is currently the benchmark for
assessment of coronary atherosclerotic plaques and their
components.

Another interesting technique is the so-called elasto-
graphy that has recently been applied in combination with
IVUS to measure the stiffness of the arterial wall. Elasto-
graphy measures strain using speckle tracking techniques
when the tissue is under known compression. Differences
in compression of an arterial wall may be obtained from
the differences in systemic blood pressure, or inflating an
intravascular balloon.

3.3. Nuclear Imaging

Nuclear imaging, also called isotope imaging, is based on
the detection of an injected radio-labeled drug that is
taken up by the perfused heart. Normally 201Tl or 99mTc
are used. 201Tl is a potassium analog that is actively
transported into myocytes by their cell membrane if it is
functionally active, and whose kinetic features are directly
proportional to tissue blood flow: normal tissue has more
rapid uptake and washout than underperfused, viable
tissue (7). Recently, red cells tagged with 99mTc (99mTc
sestamibi) are also being used.

Two acquisition techniques are possible: first-pass and
gated equilibrium studies. In the former, the first passage
of an injected radio-label bolus through the heart and
great vessels is imaged in two dimensions. In gated
equilibrium studies, the tracer is mixed with the blood
pool to assess function during the cardiac cycle. ECG-
gated images of the moving heart can be obtained by
accumulating gamma-counts over several minutes and
assigning the counts to specific heart views along the
ECG cycle.

3.3.1. SPECT (Single Photon Emission Computed Tomo-
graphy). Although planar (projection) images have been
used, presently most studies are tomographic 3-D recon-
structions obtained with a rotating gamma camera:
SPECT imaging (Fig. 7).

In clinical practice, images are obtained at rest and
during pharmacological or exercise stress. Examination at
rest shows myocardial areas that are inactive, whereas
examination during pharmacological or exercise stress
shows areas where perfusion is reduced and becomes
inadequate during high demand. Presently, SPECT ima-
ging is a well-established, clinically useful technique for
studying myocardial perfusion in cases of ischemia, for
assessing myocardial viability, and for diagnosing coron-
ary artery disease.

However, SPECT has some limitations, such as the
artifacts that may develop from its nonuniform attenua-
tion, especially when it is used for women and obese
patients.

3.3.2. PET (Positron Emission Tomography). PET is an-
other radionuclide imaging technique that uses different
short-lived radionuclides that decay producing positrons.
These positrons interact with nearby electrons, producing
two annihilation photons. These photons can be efficiently
detected by opposing detectors, resulting in a technique
that is more sensitive than SPECT and is also less
susceptible to attenuation. Although its higher cost has
meant that PET has had limited use in cardiology until
now, it can quantify regional myocardial metabolism and
perfusion. Metabolism is measured by the uptake of 18F-
FDG, an analogue of glucose that is transported into cells
and trapped. Perfusion is assessed with 13N-ammonia,
15O-H2O, and 82Rb, and is able to quantify coronary artery
disease and myocardial blood flow (7,15). PET can also
accurately identify myocardial viability with 18F-FDG:
Although nonviable myocardium has both decreased blood

Figure 5. 3-D echocardiography. Left. Aortic
and mitral valve volume acquired using a 3-D
real-time system. Image courtesy of Royal Phi-
lips Electronics (Eindhoven, The Netherlands).
Right. 3-D volume of an atrioventricular valve
with the color flow superimposed, acquired
using a multiplane acquisition scheme. Image
courtesy of MedCom GmbH (Darmstadt, Ger-
many). Videos available at http://

www.die.upm.es/im/videos.

Figure 6. IVUS imaging. 2-D longitudinal view of a coronary
artery treated with a stent (bottom) and transverse views showing
the metal struts of the stent (left) and the restenosis of the stent in
a distal segment (right). Images courtesy of Hospital Dr. Negrı́n
(Gran Canaria, Spain).
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flow and glucose uptake, viable myocardium has normal
glucose uptake and either reduced blood flow at rest or
decreased perfusion reserve under stress (7).

PET is a technique with potentially better resolution
than SPECT. In PET, attenuation can be compensated for,
although the resolution can still be degraded by respira-
tory and cardiac wall movement. Emerging techniques
like PET-CT combine PET and CT in a single scanner.
Their use is two-fold. First, CT can be used for attenuation
correction. Second, as both techniques are complementary,
the information provided by CT about anatomy, coronary
angiography, and plaque characterization can be comple-
mented with the perfusion and metabolism information
provided by PET.

3.3.3. Molecular-Imaging. Molecular imaging can be
defined as the in vivo characterization of biological pro-
cesses at the cellular and molecular level. It can be
achieved with different imaging modalities, mostly PET
and SPECT, but also MRI and US, and even others, such
as biofluorescence or bioluminiscence. Molecular imaging
has received increasing attention in recent years because
imaging the distribution of targeted molecules allows the
tracking of biochemical processes before their physiologi-
cal consequences appear. In the cardiovascular system,
several applications for molecular imaging exist, from
which two key examples are presented here: imaging of
angiogenesis and imaging of apoptosis (16).

Angiogenesis, the formation of new capillaries from
existing microvessels, occurs when ischemia or hypoxia
exist in a tissue, and in other situations, such as inflam-
mation. It is a complex phenomenon involving the inter-
action of several factors, one of these being the altered

expression of vascular endothelial growth factor (VEGF)
receptors. The expression of VEGF is induced by hypoxia,
indicating that it is a key natural mediator of angiogenesis
in response to ischemia. VEGF can be labeled with 111In
and it is preferentially retained by ischemic muscle in
experimental studies (17), so imaging its distribution with
SPECT, complemented with perfusion imaging (99mTc-
sestamibi) in dual-isotope acquisitions, could assess hy-
poxic stress within viable tissue (6,18).

Apoptosis, programmed cell death, occurs in associa-
tion with CVD. In patients with myocardial infarction
undergoing reperfusion therapy, SPECT with 99mTc-la-
beled annexin-V (a protein with high affinity for a mole-
cule expressed on the membrane of cells undergoing
apoptosis) can show the accumulation of the tracer at
the site of infarct better than 99mTc-sestamibi (19). It has
also been proposed as an early, noninvasive technique for
tracking heart transplant rejection (20).

3.4. Cardiac Magnetic Resonance (CMR)

Magnetic resonance imaging is a nonionizing modality
that produces very good imaging of soft tissues. It can
produce detailed high-resolution 3-D images of the heart’s
chambers and large vessels without interference from
adjacent bone or air, in arbitrary imaging planes (e.g.,
long-and short-axis views) (Fig. 8). Its high contrast
discrimination between blood and myocardium avoids
the need for contrast agents. ECG-gated images of the
moving heart (around 20—30 images per cardiac cycle)
can be obtained and, presently, the acquisition of a single
slice along the cardiac cycle can be fast enough for
patients to hold their breath during the procedure, so

Figure 7. SPECT study showing different
views of the heart after radioisotope adminis-
tration. The images show the reversible
changes under stress that recover at rest,
suggesting the presence of ischemia.

8 CARDIAC IMAGING



that artifacts caused by breathing movement are avoided
in 2-D acquisitions. In volumetric acquisitions, misalign-
ments between slices are still produced because of changes
in heart position in different apneas.

The high contrast and good resolution of MRI ensure
that functional information can also be obtained. Volumes
can be obtained with good accuracy (avoiding the simpli-
fying assumptions typical of 2-D imaging) by integrating
the area from contiguous slices. In this way, the derived
parameters, including ejection fraction,, stroke volume,
and wall-thickening, can also be computed accurately.
MRI can also be used to obtain additional information,
such as tissue or blood motion and perfusion.

3.4.1. Tissue, and Blood Motion. MRI is a modality that
is also very adequate for measuring blood flow and tissue
motion, acquiring truly functional images. This capacity is
not only because of the acquisition of sequences of images
with good tissue contrast, but also because of the possibi-
lity to use different acquisation techniques. Some motion
analysis techniques specific for MRI are phase-contrast
MRI and tagged-MRI.

Phase-contrast MRI (PC-MRI) uses the sensitivity of
the MR phase to motion and was originally developed to
quantify blood motion. This technique uses a velocity-
encoding magnetic field gradient that can quantify the
velocity of tissue or blood flow in the direction of the
gradient. Protons flowing along that direction acquire a
phase shift proportional to their velocity. Acquiring two
images with different velocity-encoding gradients and
subtracting one from the other produces a difference
image proportional to the motion in one direction (21).

Three orthogonal measurements (plus a reference one)
can show the velocity in any direction. Traditionally,
phase-contrast images show blood flow as different levels
of gray (Fig. 9). Appropriate postprocessing software can
quantify blood velocity through a vessel section or a valve,
locating possible regurgitant flows or assessing valvular
stenosis. Recently, this technique has also been proposed
to quantify tissue motion (especially the myocardial strain
tensor), after the myocardial displacement obtained from
PC-MRI (21,22).

Tagged-MRI uses specific sequences (e.g., spatial mod-
ulation of magnetization; SPAMM) to create two orthogo-
nal sets of parallel planes of magnetic saturation, which
appear as a pattern of dark lines or tags (23,24) (Fig. 10).
Tracking these tags over time by image postprocessing
algorithms is equivalent to tracking the material points on
the tissue (myocardium), providing information on tissue
deformation. Analysis of these images usually involves
three steps: segmentation of the myocardium (endocar-
dium and epicardium); detection of tag intersection points
in each slice and time frame; and fitting a motion field to
the tags detected (21). Although normally used as 2-D, 3-D
extensions (or 4-D [3-D plus time]) have also been pro-
posed (25).

Harmonic phase imaging (HARP) has been proposed as
a technique to detect tag locations and to track motion
without the need of segmentation (21,26). This technique
obtains the motion information from the spectral peaks,
which correspond to the tagging spatial modulation, in the
frequency domain.

In all these techniques, acquisition speed is a key
factor. To avoid respiratory motion, the whole acquisition
should be acquired in a single breath-hold. In the past,
hardware improvements (mainly increased gradients)
have made possible faster and faster acquisition protocols.
However, fast switching of even larger magnetic gradients
could be limited by physiological constraints. An alterna-
tive is the introduction of parallel acquisitions, using
arrays of simultaneously operating receiver coils in what
is called SENSE (sensitivity encoding) (27), achieving
considerable reductions in acquisition time without sacri-
ficing spatial resolution.

3.4.2. Perfusion. Contrast agents based on gadolinium,
such as Gd-diethylenetriamine penta-acetic acid (Gd-
DTPA), allow myocardial perfusion assessment with MRI
(28). After an intravenous bolus injection of Gd-DTPA,

Figure 8. Short axis (left) and long axis (right)
MRI CINE sequences. Videos available at
http://www.die.upm.es/im/videos. Images
courtesy of Hospital G. U. Gregorio Marañón
(Madrid, Spain).

Figure 9. Modulus (left) and phase (right) images of a phase-
contrast MR study of the output track of the aorta. Videos
available at http ://www.die.upm.es/im/videos.
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images of the heart are acquired rapidly to observe the
first-pass of the bolus. Regions with normal perfusion
show rapid and uniform image enhancement during the
passage of Gd-DTPA, whereas regions with a perfusion
defect enhance more slowly. This technique was not in
clinical use until fast acquisition sequences became possi-
ble, as its practical use requires simultaneously having
good spatial and temporal resolution, and multislice cover-
age of the whole heart. Imaging the whole heart during
the passage of the bolus is still a challenge, where parallel
imaging techniques could again be useful.

Gadolinium-enhanced images have also been proposed
to detect coronary artery stenosis with high accuracy.

Recently, gadolinium delayed enhancement (DE)
has also been proposed to identify infarcted or scarred
myocardium. The strategy is again to use an intravenous
Gd-DTPA bolus injection, but to acquire the images after
at least 5min after contrast injection. In normal tissue,
the Gd-DTPA, which remains extracellular, has been
cleared away after that time, but in necrotic myocytes,
because of the cellular membrane breakdown, it is kept
longer, providing brighter images (7). Then this different
enhancement pattern is a clinically useful index of myo-
cardial viability.

3.5. Computed Tomography (CT)

Computed tomography, or the process of creating cross-
sectional images of x-ray attenuation through a patient’s
body, has a good capacity for delineating anatomy with
high spatial resolution. Its role in cardiac imaging started
with the development of very fast acquisition techniques
(scan times in fractions of a second), mainly electron beam
CT (EBCT) and multidetector CT (MDCT), also called
multislice CT (MSCT).

EBCT improves acquisition times by avoiding moving
parts in the scanner. Instead of a rotating x-ray source, it
uses an electron beam that is electromagnetically focused
on large tungsten targets surrounding the patient. A
rotating fan-beam of x-ray photons can thus be produced,
achieving scan times as fast as 50ms for a single slice,
which, in practice, freeze the heart movement. EBCT
acquisition of overlapping sections of coronary arteries
using iodinated contrast agents is able to locate some
vessel anomalies, for example, it can detect significant
stenoses. 3-D reconstruction by specialized software can

also help to identify and localize these alterations, and
currently does so with better resolution than MRI.

EBCT is also used in the detection and quantification of
artery calcification (calcium deposits in the arteries),
providing a calcium score, which is an indication of the
volume and density of calcification, related to the risk of
coronary arterial narrowing.

MDCT scanners have also appeared in the last few
years, making possible the simultaneous acquisition of
several slices. Large detection width in the axial direction,
with a wider x-ray beam, can achieve good spatial resolu-
tion with a reduced patient dose. Currently 16-, 32-, and
even 64-slice scanners are available, which implies not
only technical requirements, but also new reconstruction
algorithms adequate for this 3-D cone-beam geometry
[traditional 2-D fanbeam reconstruction produces visible
artifacts if more than 4 slices are used (29)].

Thus, ECG-gated CT scans in a single breath-hold with
submillimeter section thickness collimation and rotation
times in the order of 300–500ms are possible (30), sug-
gesting scan times of around 5–10 heartbeats and making
it possible to acquire high-resolution 3-D images of the
heart and great vessels. Specific software tools provide
automatic segmentation of the arteries and visualization
of the longitudinal and transversal sections (Fig. 11). The
increased resolution makes it possible to better detect and
characterize stenosis and plaque in arteries. However,
high-risk plaques (that could rupture suddenly) very often
do not produce significant stenoses, nor are they calcified,
but instead filled with fat and inflammatory cells with a
thin fibrous cap (31). The current challenge is to detect
non-invasively these vulnerable plaques, and several ima-
ging modalities could be needed.

4. CONCLUSIONS

In the last decades, medical imaging in general, and
cardiac imaging specifically, have experienced a tremen-
dous evolution. The first steps were mainly concerned
with visualizing the state of the heart anatomy. Soon,
both valvular and myocardial function could be analyzed,
visualizing the anatomy in movement. Later advances
have been related to visualizing and quantifying myocar-
dial perfusion and metabolism. The main challenge, al-
ready partially achieved, is to be able to detect subtle
changes in the coronary arteries and in the myocardium to

Figure 10. Long axis (left) and short axis
(right) tagged-MR images of the heart. Images
courtesy of Clı́nica Creu Blanca (Barcelona,
Spain).
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contribute to an early diagnosis of disease and to an
accurate follow-up of treatment. The currently available
imaging modalities are all needed because they are com-
plementary, showing different features of the heart and
vessels.

Table 1 summarizes the ability of each imaging tech-
nique to show anatomy, function, perfusion, or metabo-
lism. X-ray angiography continues to be the method of
reference to assess coronary artery disease, although
noninvasive methods such as MDCTare receiving increas-
ing interest. Ultrasound goes on being a widely available
and useful technique to image the heart, providing good
myocardial and valvular function assessment, and re-
cently also myocardial perfusion. Its main limitation,
however, is the low quality of the images. Nuclear techni-
ques are the reference in the study of myocardial perfu-
sion and metabolism with the main disadvantage of their
spatial and temporal resolutions. MRI is now an estab-
lished technique to assess myocardial function, perfusion,
and predominantly viability, and therefore its clinical use
is continuously increasing. One of the most promising and

emerging techniques is MDCT, which provides a fast way
of assessing coronary heart disease.
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CARDIAC PACEMAKERS
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1. INTRODUCTION

This section provides a short survey on the history of
cardiac electrophysiology and cardiac pacemakers. It also
supplies some information about the socio-medical-clinical
background of diseases that require pacemaker-based
therapy.

Electrical stimulators are used in health care for
different applications, some for diagnostic purposes (e.g.,
the measurement of the propagation velocity of nervous
impulses), but most of them for therapeutic purposes.
Typical therapeutic applications are concerned with the
stimulation of muscles or efferent peripheral nerves that
may be achieved either invasively by direct contact or
transcutaneously, of the bladder, the auditory system (i.e.,
the cochlear implant), the visual system, the pulmonary
system via the phrenic nerve, the brain in order to
suppress epileptic events, and the spinal cord for pain
control. The electrical stimulators, however, that have
found the broadest application in clinical routine are the
cardiac pacemakers (PMs), especially the implantable
cardiac pacemakers (IPMs), and during the last decade
shock-wave generators or defibrillators. Defibrillators also
employ electrical stimuli for the control of the proper
function of the heart and can be applied either as extra-
corporeal devices or as implantable cardioverter defibril-
lators (ICDs). IPMs as well as ICDs are large device
families for the management of cardiac arrhythmias.
Growing evidence exists that these two families become
integrated in one ‘‘universal’’ family for arrhythmia man-
agement. However, their basic concept and technology are
still significantly different. The main subject of this article
will be the PM and especially the IPM.

Although twitches of living muscle as a consequence of
electric stimuli were already known from experiments
performed by Otto von Guericke and Gottfried Wilhelm
von Leibnitz about one century earlier, Luigi Galvani in
the 1770s had been the first researcher who systemati-
cally studied the effect of electrical stimulation on the
frog’s nerves with the subsequent contraction of the
muscle as indication for successful stimulation. Although
the employed electrical means had been rather primitive
from the present view, Galvani’s studies had been an
essential step into the era of electrophysiology. In his
famous publication, he described the ‘‘effect of electricity
on muscular motion’’ (1) and interpreted the results of
these experiments as caused by ‘‘animal electricity.’’ He
claimed that this form of electricity in living tissue was
different from the ‘‘ordinary’’ electricity. This interpreta-
tion as special ‘‘animal electricity’’ was already rejected by
Alessandro Volta, a contemporary of Galvani, who empha-
sized the common nature of ‘‘animal’’ and ‘‘ordinary’’
electricity.

Already in the middle of the eighteenth century, it was
known that beats of the isolated heart can be achieved by
electrical stimulation. In 1855, the French neurologist
Guillaume Benjamin Armand employed an electrical
means to affect the heart rate of a patient who suffered
from tachyarrhythmia. In 1882, Hugo von Ziemssen from
Germany showed in a patient during open-chest surgery
that cardiac activity in man can be controlled by electric
pulses.

The first real PMwas developed in the United States by
Albert Hyman between 1927 and 1932. This device was a
magneto-powered impulse generator with a weight of
7.2 kg, driven by a spring motor that had to be recharged
manually every 6min. It was intended for employment in
cases of emergency and for the resuscitation of the asys-
tolic heart (2). The first defibrillator was developed in 1952
by the US-American Paul Maurice Zoll and successfully
employed to resuscitate 2 patients from ventricular asys-
tole by the application of external cardiac stimulation (3).

The most powerful impulse for further technical pro-
gress regarding intelligent and implantable devices came
from the side of electronics, especially from the develop-
ment of the transistor by W. Shockley, J. Bardeen, and W.
H. Brattain in 1948 who received the Nobel Prize in
Physics for their ‘‘researches on semiconductors and their
discovery of the transistor effect’’ in 1956. Already in 1956
a first transistorized PM was developed by W. Greatbatch,
one of the outstanding pioneers in pacemaker technology.
The first really implantable pacemaker was developed by
R. Elmquist and implanted by A. Senning in 1958 in
Stockholm in the patient A. Larsson (4). Larsson died in
2002 at the age of 86 (i.e., 44 years after he had received
his first of 26 IPMs). This first IPM was actually an
astable multivibrator, powered by an externally recharge-
able Ni/Cd cell and connected with the heart through
epicardial leads. Fixing the leads to the heart was
achieved by suturing and required thoracotomy (i.e., the
opening of the chest in order to enable access to the heart).
The first implantable cardiac defibrillator was developed
and implanted in 1980 in Baltimore by M. Mirowski who
was born in Poland.

Impressive colored pictures of historical pacemakers
beginning with the first IPM implanted in 1958 can be
found in Ref. 5, presented by a private pacemaker mu-
seum.

Progress in cardiac electrophysiology and surgery was
also fundamental for the advancement of PM technology.
W. Einthoven was the first to succeed in recording the
electrocardiogram (ECG) with sufficient resolution of the
signal morphology that enabled pathophysiological inter-
pretation and resulted in better understanding of the
occurrence, conduction, and spreading of excitations in
the heart. Einthoven received the Nobel Price in Physiol-
ogy and Medicine ‘‘for his discovery of the mechanism of
the electrocardiogram’’ in 1924, about 25 years after his
pioneering development that rendered possible ECG re-
cording. In 1931, W. Forssmann demonstrated on himself
that a catheter could be passed through the venous vessels
to the heart. This technique was evaluated not earlier
than 20 years later by A. F. Cournand and D. W. Richards.
These three researchers received the Nobel Prize in
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Physiology and Medicine in 1956 ‘‘for their discoveries
concerning heart catheterization and pathological
changes in the circulatory system.’’ Although cardiac
catheterization has originally been investigated with the
aim to withdraw blood from the right heart in order to
measure oxygen saturation in the mixed venous blood, it
was finally the most important step toward the transve-
nous introduction of pacemaker electrodes to the heart
(i.e., to the intracardiac spaces).

The first PM was a single-chamber device without a
sensing feature (i.e., it was a simple fixed-rate pulse
generator). As it did not consider any spontaneous cardiac
activity, it was called an asynchronous device. Today, such
a device is classified as type V00 in accordance with the
most usual classification, the NASPE/BPEG coding. The
progress in stimulating, sensing, and controlling capabil-
ities regarding implantable cardiac stimulators is repre-
sented in the following timetable (classification in
accordance with the NASPE/BPEG code (see Table 1)(6–
8):

1958First pacemaker implantation asynchronous type by
Senning

19591 ventricular stimulating channel, 1 atrial sensing
channel, triggered: VAT.

1962Controllable pacemaker based on programmability
(9).

1962Transvenous endocardial electrode and access to the
right heart (10).

19671 ventricular stimulating channel, 1 ventricular sen-
sing channel, inhibited: VVI.

19702 stimulating channels (atrial, ventricular), 1 ventri-
cular sensing channel, inhibited: DVI.

1970Lithium-based primary cells (e.g., the lithium-iodine
cell). These cells replaced the primary Zn/HgO cell
and the rechargeable Ni/Cd cell.

1971Transtelephonic pacemaker monitoring and post-im-
plant surveillance (11).

1971Integrated circuits and first steps towards telemetric
programmability (12,13).

19752 stimulating channels (atrial, ventricular), 2 sensing
channels (atrial, ventricular), both triggered and
inhibited: DDD (14).

1979Bidirectional telemetry.
1980First Automated External Defibrillator (AED).
1980First ICD: 1 ventricular channel for shock delivery, 1

ventricular sensing channel, signal processing for
arrhythmia detection: VVICD.

1984

1 ventricular stimulating channel, 1 ventricular sen-
sing channel, inhibited, rate adaptive by using a
sensor for matching with hemodynamic needs: VVIR.

19902 stimulating channels (atrial, ventricular), 2 sensing
channels (atrial, ventricular), both triggered and
inhibited, rate adaptive (1 sensor): DDDR.

1990Closed-loop approach for rate-adaptive pacing (15).
19942 stimulating channels (atrial, ventricular), 2 sensing

channels (atrial, ventricular), both triggered and
inhibited, rate adaptive (several sensors for hemody-
namic demands): DDDR.

1996First ICD for atrial defibrillation.
1996Multisite pacing, e.g. biatrial, biventricular or combi-

nations of both types with any number of electrodes
(8,16).

2002IPM Internet-based post-implantation follow-up
home-monitoring.

In nearly all industrialized countries, cardiovascular
diseases are among the most frequent causes of morbidity
and mortality. About 50% of all death cases, 16% of the
total health-care expenses, and 5% of the working days
lost by disease-related incapability are caused by cardio-
vascular diseases.

It is estimated that until today, more than 6 million
patients have received an IPM. At present, approximately
3 million people worldwide are living with an IPM. Each
year, about 300,000 new devices are implanted. Most of
those implantations, between 80% and 85%, are first
implantations, and the others are replacement implanta-
tions. Most of these replacement implantations are be-
cause of battery depletion or impairment of the disease
that cannot be controlled with the already implanted
pacemaker. Although most of the people who receive
pacemakers are 60 years old or older, people of any age,
including children, may need pacemakers. Most pace-
makers are implanted to treat slow heart beating (i.e.,
bradycardia) with a heart rate at rest usually below 60
beats per minute. No data are available for the number of
patients that have benefited from the temporary applica-
tion of external PMs (e.g., during surgery or the early
postsurgical phase).

The number of implanted defibrillators has risen shar-
ply since its approval by the Federal Drug Administration
(FDA) in 1985 to about 20,000 devices in 1995 in the
United States. The number of total ICD implants in the
United States in 1995 was 66 per million inhabitants. The
European 1997 statistics revealed that in 16 countries
where ICDs were implanted at that time, the average

Table 1. The Revised NASPE/BPEG Generic Code for Antibradiycardia Pacing (8)

Position: I II III IV V

Category: Chamber(s) Paced Chamber(s) Sensed Response to Sensing Rate Modulation Multisite Pacing
O¼None O¼None O¼None O¼None O¼None
A¼Atrium A¼Atrium T¼Triggered R¼Rate modulation A¼Atrium
V¼Ventricel V¼Ventricel I¼ Inhibited V¼Ventricle
D¼Dual (AþV) D¼Dual (AþV) D¼Dual (Tþ I) D¼Dual (AþV)

Manufacturers Designation Only: S¼Single (A or V) S¼Single (A or V)
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number of total ICD implants was 14 per million inhabi-
tants with 11 initial implants and 3 replacement implants.
For comparison, the figures for IPMs, based on 20 Eur-
opean countries, were 378 and 290, respectively, but also
these figures are significantly less than in the United
States. Another push to the number of ICD implantations
came when successful treatment of atrial fibrillation by
low-energy shocks had been proven. Atrial fibrillation is
the most common arrhythmic disease, and frequently
cannot be treated successfully by drugs. It is estimated
that, at present, about 260,000 U.S. patients are living
with an ICD.

External defibrillators are among the most widely
distributed devices in medical facilities of all kinds. How-
ever, patients frequently suffer from ventricular fibrilla-
tion or cardiac arrest at places outside of medical facilities
(e.g., in conference centers, in sports stadiums, in fac-
tories, in shopping centers, in airports, and even in air-
planes), where no well-trained physicians can provide
assistance. As a consequence, automated external defi-
brillators (AED) have been developed and made available
at places where many people are meeting. These devices
have to be connected with the patient by extracorporeal
paddle electrodes. The AED automatically analyzes the
patient’s electrocardiogram and calibrates the shock-wave
generator under proper consideration of the patient’s
weight and other individual features to deliver an effective
electrical shock. The shock will be repeated with augmen-
ted strength in case of failure. Sometimes semi-automated
devices with manual triggering of the shock are distin-
guished from fully-automated devices with automatic
triggering.

2. CARDIAC ELECTROPHYSIOLOGY

This article provides a short survey on the fundamentals
of spontaneous generation of excitations, the principles of
intrinsic cardiac rhythm, the sequence of conduction and
spreading of excitations across the heart, and typical
disturbances that can be treated with cardiac pacemakers.

2.1. Spontaneous Excitation

The heart muscle is composed of three major types of
cardiac muscle cells that all belong to the striated muscle
cell type (i.e., they contain regularly arranged filaments of
actin and myosin polymers comparable with the skeletal
muscle cells). Those three major types are:

– cells with the property for spontaneous depolariza-
tion [e.g., in the sino-atrial node (SA node) and in the
atrio-ventricular node (AV node)]. The cells of the SA
node form the primary and the cells of the AV node
the secondary center for the generation of excita-
tions.

– cells that show a rather high propagation speed for
the action potential (e.g., the HIS bundle and the
bundle branches down to the PURKINJE fibers. These
cells form the special conductance system for excita-
tions.

– cells that have the highest content of actin and
myosin filaments. These cells can develop strong
force by contraction and form the working myocar-
dium. They have a constant resting membrane po-
tential (i.e., difference between the intracellular and
the extracellular potential) of about � 80mV. As a
consequence, these cells usually do not generate
spontaneous excitations, but need stimulation either
by other cells or external generators in order to
become excited.

Those cells that have no constant resting membrane
potential have the intrinsic property of spontaneously
generating excitations. Therefore, they are called ‘‘pace-
maker cells.’’ They show a slow spontaneous depolariza-
tion mainly because of a decrease in the membrane
permeability for potassium ions after the completion of
the preceding action potential (i.e., after the repolariza-
tion of the membrane). When this slowly rising membrane
potential reaches a threshold of about -40mV, the rapid
depolarization starts and yields another excitation. The
faster this slow depolarization, the sooner the next excita-
tion occurs and the higher the excitation rate is. The
depolarization is faster in the cells of the SA node than
in the cells of the AV node. Usually, the excitation that
originates from the SA node arrives in the AV node before
the membrane potential in the cells of the AV node has
reached its threshold (Fig. 1). Therefore, under normal
conditions, the SA node is the primary or dominating
center for the generation of excitations and controls the
heart rate, whereas the AV node is ‘‘triggered’’ (or ‘‘syn-
chronized’’) by the SA node. If in cases of SA node failure
the AV node does not receive a triggering signal, it may
become the controlling center for the heart rate. In that
case, however, the resting heart rate is lower. Whereas the
interval between two consecutive excitations of the SA

t

SA-Node

AV-Node

Myocardium

∆t1 ∆t2

Figure 1. Schematic illustration of the specific cardiac system
for the generation and conduction of excitations and the shape of
the action potential in the respective tissues. Dt1 : delay for the
excitation spreading from the SA-Node to the AV-Node. Dt2 : delay
for the excitation conduction from the AV-Node to the PURKINJE

fibers in the apex.
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node is about 0.8 s, resulting in a heart rate of 72 bpm in
human adults under resting conditions, the AV node-
controlled heart rate is only about 50 bpm.

The SA node is a cellular network with an area of about
2.5 � 0.5 cm2 near the entrance of the superior vena cava
into the right atrium and consists of some thousands of
cells with fibers of connective tissue between them (Fig. 1).
The number of excitable cells in the SA node decreases
with age and is reduced on average to approximately 20%
at the age of 75 years. The AV node is another cellular
network with an area of 2.2 � 1.0 cm2 at the lower region
of the atrial septum, which means that the AV node is at
the border between the atria and the ventricles, in the
neighborhood of the coronary sinus (i.e., the venous out-
flow of myocardial circulation). The number of cells in the
AV node, too, decreases during aging, with about 50% still
operating in the age of 75 years. The complete tissue layer
between the atria and the ventricles consists of nonexci-
table connective tissue with the exception of the HIS

bundle. The HIS bundle begins with the AV node and is
the only pathway for excitations to propagate from the
atria to the ventricles. After the entrance into the ven-
tricular septum, the specialized conductance system splits
into the bundle branches and finally ends in the network
of PURKINJE fibers, which supply the excitation to the fibers
of the working myocardium, primarily to its endocardial
layer.

Cardiac myocytes are much smaller than skeletal
muscle cells. They have a length of 100 mm and a diameter
of 25 mm. Cardiac muscle fibers consist of a serial arrange-
ment of many cells. However, the cells also have connec-
tions to neighboring fibers. Actually, cardiac muscle cells
are electrically connected to others by so-called gap junc-
tions and mechanically in such a way that they form a 3-D
network of fibers. As a consequence, the excitation propa-
gates from one excited cell to all cells that are electrically
connected with that cell, if they are not in the refractory
state. Therefore, the excitation finally spreads across all
excitable cells. With regard to this behavior, the cardiac
muscle is a functional syncytium. This property is the
most important mechanism that is used for stimulation by
pacemakers.

Another difference compared with skeletal muscle cells
is that cardiac muscle cells have only minor intercellular
storage capacities for calcium ions, which are responsible
for the excitation-contraction coupling. In the heart mus-
cle, most of the calcium ions are released after each
contraction into the extracellular space. For this reason,
the contraction of cardiac muscle cells depends on the
uptake of calcium ions from the extracellular space into
the intracellular space. This uptake during the action
potential determines the shape and the duration of the
myocardial action potential, which are significantly differ-
ent from those of the action potentials in skeletal muscle
cells. The action potential of cells of the working myocar-
dium shows a characteristic plateau subsequent to the
initial rapid depolarization. This plateau is caused by the
intracellular uptake of calcium ions. The duration of the
action potential of cardiac cells is about 250ms as com-
pared with 2ms for skeletal muscle cells.

The heart, as an organ, additionally contains cells of
the coronary vasculature, including smooth vascular mus-
cles, and fibers of the autonomous nervous system (ANS).
The ANS is comprised of afferent fibers that originate from
intracardiac receptors (e.g., mechanoreceptors) and effer-
ent fibers. The ANS activity transmitted by the efferent
fibers only modulates the behavior of the heart muscle,
which is autonomous with regard to its spontaneous
excitation and contraction. The ANS consists of two
branches, the sympathetic and the parasympathetic
branch. It affects the three modalities of the heart:

– chronotropy: a measure of the heart rate that is
determined by the steepness of the spontaneous
slow depolarization in the SA node.

– inotropy: a measure of the contractile force that is
determined by the uptake of calcium ions.

– dromotropy: a measure of the delay of the excitation
propagation in the AV node.

The impact of the sympathetic branch is ‘‘positive’’ (i.e.,
it increases the heart rate, augments the contractile force
and shortens the AV delay), whereas the impact of the
parasympathetic branch is ‘‘negative’’ (i.e., opposite to
that of the sympathetic branch). Both branches are co-
operating so that an increase in sympathetic activity in
general is supported by a decrease in parasympathetic
activity. The main function of the ANS is the adjustment
of cardiac performance to challenges like physical exer-
cise, orthostatic loads, emotional stress, and environmen-
tal temperature. These challenges are combined with
changes in the total peripheral vascular resistance and
the requirement to match the cardiac output.

2.2. Excitation Conduction and Spreading

The heart consists of four chambers, the two atria and the
two ventricles. The two atria and the two ventricles form a
functional syncytium. The atrial syncytium, however, is
electrically isolated from the ventricular syncytium by a
layer of connective tissue, the annulus fibrosus. This layer
also contains the four heart valves. The only pathway for
excitations through this layer is the AV node with the HIS

bundle. It is possible that more pathways for excitations
between the atria and the ventricles exist under patholo-
gical conditions. These so-called accessory pathways may
cause disturbances in the regular course of excitation
conduction and lead to arrhythmias.

Under regular conditions, the excitations are generated
spontaneously in the SA node and spread across the
myocardium of both atria with a propagation velocity of
about 0.7m/s. Some evidence exists that the atrial myo-
cardium contains preferred pathways from the SA node to
the AV node in which the propagation velocity is slightly
faster than in the other atrial tissue. As the SA node is
part of the right atrium, this atrium will become excited
and start to contract sooner than the left atrium. This
inter-atrial delay, however, is short and usually not con-
sidered to be relevant.

The excitations that originate from the SA node arrive
in the AV node before its own spontaneous slow depolar-
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ization has reached the threshold at which the excitation
starts with the fast depolarization. Therefore, the AV node
is triggered by the SA node. Along the AV node, the
excitation is propagating very slowly (i.e., it is delayed
by about 120ms against its start in the SA node) before it
arrives in the ventricular conductance system. The delay
is necessary for the atria to contract before the ventricles
begin to contract. The preceding atrial contraction en-
larges the ventricular end-diastolic filling volume and
thus the stroke volume.

The specialized ventricular conductance system begins
with the HIS bundle, which splits into the two bundle
branches at its entrance into the ventricles. These two
bundle branches run down on both sides of the intraven-
tricular septum to the apex. They split into more fascicles
and finally into numerous PURKINJE fibers. The PURKINJE

fibers transmit the excitation to the fibers of the ventri-
cular working myocardium. The propagation velocity in
the ventricular conductance system is about 2m/s and
significantly faster than in the ventricular syncytium with
about 0.7m/s. For this reason, the excitation arrives first
in the endocardial layer of the apex. From there, the
excitation spreads to the epicardium as well as along the
free walls upward to the layer of connective tissue be-
tween the atria and ventricles. As a consequence, the
contraction also starts in the apex and propels the intra-
ventricular blood toward the ventricular outlet valves. By
this temporal sequence, the efficiency of the myocardial
contraction with regard to the ejection of blood is augmen-
ted.

2.3. Failures of Regular Generation, Conductance, and
Spreading of Excitations

Only failures concerned with the regular generation,
conductance, and spreading of excitations will be dis-
cussed here. No other failures like cardiomyopathies,
valvular insufficiencies, or deficits in the coronary circula-
tion are considered if those failures are not relevant for
pacemaker therapy.

The most typical failures for which pacemaker therapy
may be effective are:

1. if the SA node is temporarily or permanently incap-
able of generating either spontaneous excitations at
all (chronotropic incompetence), or spontaneous ex-
citations with sufficiently high rate (bradycardia). In
these cases, the artificial pacemaker is used to
generate impulses with the appropriate rate for
the atrial stimulation. In the early years of pace-
maker technology, the device had been used for
direct stimulation of the ventricle instead of via
the atria in such cases because life sustenance had
been the primary objective.

2. if the AV node is temporarily or permanently incap-
able of conducting excitations from the atrial to the
ventricular side at all, or excitations from the atrial
to the ventricular side with appropriate AV delay
that should be not too long. In these cases, the
artificial pacemaker is used to conduct the excita-
tions from the atrial to the ventricular side with

adequate AV delay, however, in synchrony with the
SA excitations. The pacemaker is actually an elec-
trical shunt with delay function from the atrial to
the ventricular side. Only in the early years of
pacemaker technology had the device been used in
such cases to stimulate the ventricle without taking
into account appropriately spontaneous atrial exci-
tations. This procedure is now called asynchronous
stimulation and is no longer employed.

3. if the HIS bundle is incapable of conducting excita-
tions properly. The artificial pacemaker is used to
conduct the excitations from the atrial to the ven-
tricular side with proper AV delay. Basically, this
situation is comparable with that of AV node failure.

Blockage of one of the two bundle branches, one of the
fascicles, or of lower parts of the ventricular conductance
system does not require pacemaker therapy for life suste-
nance because the ventricles form a functional syncytium.
The hemodynamic impairment that is caused by such a
blockage with its impact on the temporal sequence of the
contraction is considered to be of minor relevance.

Myocardial infarction leads to the dysfunction of the
concerned area with regard to both excitation spreading
and contraction. As a consequence, the hemodynamic
efficiency is diminished. However, this field is not for
pacemaker therapy.

Extrasystoles (i.e., ectopic beats, premature beats) can
have different origins: the atria, the high ventricular
conductance system (i.e., the AV node), the HIS bundle,
one of the bundle branches, or even the ventricular
myocardium. Those extrasystoles originating from the
ventricular myocardium are the most risky events with
regard to both their impact on the hemodynamics and the
risk for ventricular fibrillation. Although extrasystoles are
not treated by pacemakers, they have to be considered in
the timing control of pacemakers and therefore must be
recognized by appropriate signal processing.

Additionally, pacemakers may be employed for the
following advanced applications:

– shortening of the AV delay in order to provoke fusion
beats for the therapy of certain forms of obstructive
ventricular cardiomyopathy;

– multisite pacing (e.g., biatrial or biventricular pa-
cing) in order to improve the synchrony of the con-
traction between the two respective chambers.

Defibrillators are employed for the termination of high-
frequency and irregular arrhythmias (i.e., fibrillation and
flutter), which are caused by circulating (or ‘‘self-main-
tained’’) excitations. These arrhythmias may either be
only transitory or persistent for longer time intervals.
They may be restricted to the atria or the ventricles, or
they can comprise both the atria and the ventricles (e.g.,
by involvement of accessory pathways and retrograde
excitation conductance).
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3. ARTIFICIAL STIMULATION OF THE HEART

This section provides a brief survey on the fundamentals
of electrical stimulation with special regard to the heart
muscle as a functional syncytium.

Excitable cells (e.g., cardiac muscle cells, skeletal mus-
cle cells, or nerve cells) have the property to respond to a
stimulus of sufficient strength (or power) with a short
change in the membrane potential from about �80mV to
about þ 20mV. This change in the membrane potential is
called the action potential. It is caused by transmembra-
neous ion fluxes, mainly sodium ions and chloride ions
that flow into the cell and potassium ions that flow out of
the cell. The stimulus can have a mechanical, a thermal, a
chemical, or an electrical quality. The most adequate
quality is the electrical stimulus. Mechanical stimulation
has long been considered and is now again in discussion
for an external PM that uses ultrasound for stimulation.
In order to generate an action potential, the membrane of
the cell must be depolarized from its resting potential of
� 80mV to the threshold potential of about �40mV. If
the membrane potential surpasses this threshold, the
further process leading to the action potential becomes
autonomous and independent of the actual strength of the
stimulus.

The strength of such an electrical stimulus depends on
the following parameters:

– the amplitude of the current density;
– the duration of the current flow;
– the slope or time derivative of the current pulse; and
– the polarity (i.e., whether the membrane is consid-
ered beneath the cathode or anode).

With regard to the ‘‘amplitude,’’ some discussion still
occurs about whether the exchanged charge, the electrical
field gradient, the voltage, the current, or the current
density determines the strength of the electrical stimulus.
For instrumentation aspects, mainly the current and the
current density are of interest. If the active area of the two
electrodes is significantly different, the excitation always
originates from the smaller electrode (i.e., from the elec-
trode with the higher current density), although the
current that flows through both electrodes is the same.
For cardiac stimulation, this effect is intentionally used in
the unipolar mode when one electrode (‘‘active’’ electrode)
is significantly smaller than the other electrode, which is
usually formed by the metallic case of the pacemaker or its
nonisolated parts.

If the stimulus is a pulse with rectangular shape, the
slope as a third parameter can be neglected. The relation
between the amplitude and the duration for a pulse with
sufficient strength is described by the strength–duration
relationship (sometimes also called the WEISS–LAPICQUE

curve), which is actually a rectangular hyperbola with
the rheobase and the chronaxie as characteristic values.
This relation states that the two variables, amplitude and
duration, are equivalent with regard to the depolarizing
efficiency. Neither the strength of the stimulus nor the
shape of the stimulated action potential will be changed by

the diminution of one parameter if it is compensated by a
corresponding augmentation of the other parameter. How-
ever, the amplitude must always be greater than the
rheobase. Thus, the rheobase is a critical threshold. It is
one of the two asymptotes to the hyperbola. The chronaxie
is the duration of a pulse with twice the rheobase as
amplitude that reaches the threshold for stimulation.

For technical reasons (i.e., for simplicity of the em-
ployed circuitry), stimulation with the pacemaker is based
on voltage instead of current density. The relation be-
tween feeding voltage and current is constant if the total
resistance between the feeding electrodes remains con-
stant. The relation between feeding voltage and current
density is also constant if the spatial resistivity condition
between the feeding electrodes remains constant. Typical
values for direct heart stimulation via contacting electro-
des are 0.5V to 4.5V and 0.15ms to 1.50ms. Usually, the
stimulus is realized by discharging a capacitor during a
set time interval (i.e., using truncated discharge).
Although the shape of that stimulus is not exactly rectan-
gular, the depolarizing effect can approximately be de-
scribed by the above-mentioned strength–duration
relation as long as the resistance between the two electro-
des is rather high. The frequency content of electrical
stimuli for cardiac pacemakers is in such a low range that
the impedance can sufficiently be taken into account by its
resistive part only. The following effects, however, have to
be considered:

1. The resistance between the electrode surface and
the tissue and, hence, the total resistance between
the two electrodes changes with time; an approxi-
mate figure is 500O.

2. The resistance between the electrode surface and
the tissue changes during stimulation as a conse-
quence of current flow.

3. A fibrotic capsule is growing around the electrode
after it has been brought in contact with the tissue
because of mechanical-chemical interactions, and
the conductivity of fibrotic tissue is different from
the conductivity of the original cardiac tissue.

This fibrotic capsule consists of nonexcitable tissue.
The growing of this capsule causes not only an increase
in the resistance between the electrodes, but also an
enlargement of the boundary area between the fibrotic
and the regular cardiac tissue and, as a consequence, a
diminution of the current density across that area. Actu-
ally, the interface between the fibrotic capsule and the
surrounding cardiac myocardium can be considered to be
a ‘‘virtual electrode.’’ Therefore, the voltage of the stimu-
lus must be great enough to provide the required current
density in the first layer of excitable tissue beyond that
fibrotic capsule. Usually, and for safety reasons, the power
of the applied stimulus is set at least twice the value of the
critical threshold. That stimulus strength above the
threshold increases the volume of capture (i.e., that
volume that is directly stimulated).

Stimulation of an excitation requires the depolarization
of the membrane to the threshold potential. With the
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onset of the stimulus, depolarization is achieved beneath
the cathode, whereas the anode causes hyperpolarization.
For this reason, the cathode is usually the ‘‘active’’ elec-
trode, from which the excitation is originating and spread-
ing. The anode can also be used as an active electrode
either because ‘‘virtual’’ cathodes result in the deeper
tissue beneath the anode or as a consequence of the
depolarizing effect when the stimulus is switched off. For
the anode as an active electrode, however, the strength of
the stimulus must be increased significantly. In the uni-
polar mode, the tip of the electrode is used as active
electrode, and the case of the pacemaker as ‘‘passive’’
electrode. In the bipolar mode, the active electrode is
formed by the tip of the electrode, whereas the passive
electrode is formed by a ring in the distance of some
millimeters (10–20mm) behind the tip with an area that
is larger than the area of the cathode (Fig. 2). Typical
values for pacemaker electrodes are 1–6mm2 for the tip
and about 40mm2 for the ring. Both modes of stimulation
yield different current fields in the tissue. Although the
bipolar mode requires higher power for stimulation (i.e.,
causes more battery discharge), its risk is less to stimulate
other muscles additionally (e.g., thoracic muscles, or the
phrenic nerve and thereby the diaphragm).

As the heart muscle is a ‘‘functional’’ syncytium, it is
sufficient to stimulate an excitation elsewhere in that
tissue. As a result, the excitation will spread over the
whole heart. It will even propagate from the atria to the
ventricles (and inverse or retrograde) if the AV conduction
system is functioning properly. It must be taken into
account, however, that the wave of contraction follows
the wave of excitation (i.e., a nonphysiological temporal
pattern for excitation spreading will result in a nonphy-
siological temporal pattern for contraction). A nonphysio-
logical temporal pattern for the contraction may cause a
diminution in the hemodynamic efficiency.

Another property of excitable tissue is refractoriness.
During the action potential and a short interval after it,
the membrane is not at all excitable (absolutely refrac-
tory) or only with increased strength (relatively refrac-
tory) by another stimulus. For cardiac cells, the refractory
period is only slightly longer than the action potential,
which in total is about 250ms, however, depending on the
heart rate. Refractoriness is the main reason why two
excitations will extinguish each other if and where they
meet (i.e., they are not able to continue their propagation
by ‘‘overrunning’’ each other). This meeting of two excita-

tion wavefronts is called ‘‘fusion.’’ Fusion beats can have
significant hemodynamic consequences.

4. BASIC CONCEPTS OF IMPLANTABLE CARDIAC
PACEMAKERS

This section describes the principles, basic concepts, and
fundamental features of cardiac pacemakers. The require-
ments and challenges with regard to technology, function-
ality, safety, and quality are higher for implantable
pacemakers than for nonimplantable or external pace-
makers. Although most of the following explanations are
valid for both types of pacemakers, they are primarily
concerned with the implantable devices. In contrast, the
principles, concepts, and features of defibrillators are
significantly different, especially with regard to signal
processing (i.e., arrhythmia detection) and stimulation
(i.e., high-voltage shocking).

4.1. Principle of Sensing and Controlled Stimulation

The failure of excitation generating and spreading may be
permanent or temporary. In case of temporary failure, the
pacemaker must be able not only to stimulate, but also to
recognize whether a spontaneous action takes place or
not. This task of recognition is called ‘‘sensing.’’ The signal
that is recorded by sensing is actually the electrocardio-
gram (i.e., the summing potential composed of the action
potentials of many individual myocardial cells at the site
of the sensing electrode). If this potential is recorded
directly from the heart (e.g., with the electrode in epimyo-
cardial or intraventricular position), the signal is called an
intramyocardial electrogram (IEGM). Terms that are
more specifying with regard to the site of recording may
be, for example, ventricular electrogram (acquired from
one of the ventricles), atrial electrogram (acquired from
one of the atria), endocardial or intracardiac electrogram
(acquired from the endocardial layer), and epicardial
electrogram (acquired from the epicardial layer). Sensing
is achieved by electrodes comparable with those that are
used for stimulation, and frequently the same electrode is
employed for sensing and stimulating.

If the failure is permanent, sensing is not required at
the site where stimulation is applied. Atrial sensing is not
required for permanent SA node failure, but for temporal
failure that must be detected in order to apply atrial
stimulation. Ventricular sensing is not required for per-
manent AV conduction failure, but for temporary failure

(a) (b)

PM

Electrode

Tip

Ring

Electric Field

Heart

PM

Electrode

TipElectric Field

Heart

Figure 2. Schematic illustration of the different
modes for stimulation. (a) Unipolar mode, (b)
bipolar mode.
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that must be detected in order to apply ventricular
stimulation. However, for temporary as well as for perma-
nent failure of AV conduction, atrial sensing is useful. In
case of temporary and permanent failure, the atrial signal
is used to achieve synchronization of the ventricular with
the atrial contraction. For such IPMs, the term ‘‘synchro-
nous’’ or even ‘‘rate responsive’’ devices has been intro-
duced because the ventricular heart rate is synchronized
with and also determined by the spontaneous SA node
rate under the influence of the ANS. In case of temporary
failure, the atrial signal can additionally be employed to
start the interval during which the arrival of the excita-
tion in the ventricles inhibits the ventricular stimulation.
In both cases, atrial sensing renders possible matching of
the AV delay with the actual sinus rate because the AV
delay becomes shorter with higher heart rate.

The most essential units of a PM are (Fig. 3):

– one or more sensing channels (i.e., signal amplifiers
with appropriate transmission characteristics);

– one or more stimulating channels (i.e., pulse shapers
with output amplifiers);

– a microprocessor for signal processing and timing
control together with a clock, usually quartz-con-
trolled, and memories (RAM, ROM);

– a power unit (i.e., a battery with voltage converter,
together with an ‘‘end-of-life’’ indicator);
a bidirectional telemetry unit for the communica-

tion with an external (i.e., extracorporeal) transmit-
ter-receiver unit in order to check the actual
operational parameters and to use the flexible pro-
gramming capability; and

– one or more electrodes [i.e., leads that connect the
PM directly or, in case of external PM, indirectly
(e.g., transcutaneously, transthoracically, or transe-
sophageally) with the heart for sensing and stimula-
tion].

Sensing of intracardiac electrograms can be performed
in the unipolar as well as in the bipolar mode. The voltage
amplitude of sensed signals is about 5mV to 20mV (i.e.,
much smaller than the voltage amplitude that is applied
for stimulation with about 0.5V to 4.5V). The amplitude of
the sensed signal usually declines during the first days to
weeks following lead implantation before it increases
again to a value that is slightly lower than the initial
value recorded immediately after implantation (17). The
monitored frequency range of sensed signals is about
10Hz to 50Hz. The morphology of sensed signals from
the atria is slightly different from those sensed from the
ventricles. Figure 4 shows typical shapes of intramyocar-
dial electrograms from the spontaneously beating heart
(Fig. 4a) and the paced heart (Fig. 4b) both recorded with a
telemetric IPM and a fractally coated electrode in the
unipolar mode and in comparison with the respective
surface recordings. Fig. 4c and 4d illustrate the power
spectral densities of these two intramyocardial electro-
grams.

The morphology of the sensed signals additionally
depends on such factors like the material, the frequency-
dependent transfer characteristics and the position of the
sensing electrode, the geometric shape of the heart mus-
cle, and the sensing mode. Usually, the unipolar mode is
less sensitive against disturbances or interferences like
action potentials from the skeletal muscle (e.g., thoracic
muscles) and external electromagnetic fields that may be
caused by safety controls on airports, antitheft controls in
shopping centers, and similar devices.

Controlled stimulation means primarily synchronous
stimulation (i.e., that the sequence of atrial and ventricu-
lar excitation and contraction is in accordance with the
physiological sequence). This requirement is not met in
the asynchronous mode. In that mode, the stimulation of
the ventricles does not depend on the atrial excitation and
is not synchronized with it. The asynchronous mode has

TIMER

Microprocessor
- Timing Control
- Signal Processing
- Stimulus Generation
  and Shaping

Stimulation
Channel

Telemetry
-Encoding
-Decoding

Sensing
Channel

Battery
+

Battery Check

Figure 3. Simplified schematic diagram with
the basic functional units of a remotely pro-
grammable PM.
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formerly been used in case of AV conduction failure, both
temporarily and permanently, in older devices that still
may be working in patients, but now it is no longer used.
In the asynchronous mode, the ventricular contraction can
precede the atrial contraction (i.e., the atrial contraction
does not contribute to the ventricular stroke volume), and
the AV valves are stressed by the high ventricular pres-
sure versus the low atrial pressure. Newer devices use
only the synchronous mode (i.e., the ventricular stimula-
tion follows the atrial excitation with adequate AV delay).
This mode requires a two-chamber IPM with a sensing
(and possibly stimulating) electrode in the atria and a
sensing and stimulating electrode in the ventricle.

Controlled stimulation means additionally that the
stimulation rate is in accordance with the physiological
rate which that respective individual would have under
the given conditions. If the SA node generates excitations
and only the AV conduction fails temporarily or perma-
nently, the SA signals are used to stimulate the ventricles

synchronously. In this case, the synchronous ventricular
stimulation is nearly physiological because it is via the SA
node controlled by the ANS activity with its quasi-period-
ical oscillations (e.g., dependent on ventilation and fluc-
tuations of the peripheral vascular resistance). If the SA
node fails to generate spontaneously excitations, atrial
stimulation can be executed either in the fixed rate or in
the rate-adaptive mode. Fixed-rate stimulation is nonphy-
siological because it does neither consider the quasi-
periodical oscillations nor the dependence of the heart
rate on both physical exercise and psychological-emotional
stress. The fixed rate must at least meet the hemodynamic
and metabolic needs for the resting condition. An increase
in cardiac output is possible only by the enhancement of
stroke volume. In the rate-adaptive mode, different ap-
proaches can be employed to monitor variable quantities
that represent either the physical exercise alone or also
other impacts like emotion and orthostasis and can be
used to match the heart rate. However, because of the long
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Figure 4. Signal features of intramyocardial electrograms. (a) Comparison of the spontaneous
intramyocardial electrogram with the external ECG. (b) Comparison of the paced intramyocardial
electrogram (VER) with the external ECG. (c) Power spectral density of the spontaneous
intromyocardial electrogram in (a). (d) Power spectral density of the paced intramyocardial
electrogram (VER) in (b).

CARDIAC PACEMAKERS 9



time constants for the signal processing (e.g., caused by
procedures like averaging employed for the improvement
of poor signal quality), it was not possible until now to
consider properly the quasi-periodical oscillations, espe-
cially those of the peripheral resistance that reflect the
ANS activity on the vasomotoric state.

The basic timing flowchart for an IPMwith sensing and
stimulation channels both for the atria and the ventricle is

depicted in Fig. 5. For didactic reasons, this flowchart
illustrates the situation for a VAT device, although this
device is no longer used. The atrial channel waits during
the set atrial interval for the spontaneous atrial event. If
no atrial signal is sensed until the end of the set atrial
interval, the atrium will be paced. Both the spontaneous
atrial event and the atrial stimulus will start the atrio-
ventricular interval. Now the ventricular channel waits
during the set atrioventricular interval for the arrival of
the ventricular event. If no ventricular signal is sensed
until the end of the set atrioventricular interval, the
ventricle will be paced. Both the sensed ventricular event
and the ventricular stimulus will again start the atrial
interval. The sensed event as well as the stimulus start
the respective refractory periods and blanking intervals,
which will be discussed later.

Controlled stimulation is based on sensing, proper
signal processing, and process timing. Two different
ways for timing are ‘‘triggering’’ and ‘‘inhibiting.’’ Trigger-
ing means that a second event (e.g., stimulation) is
triggered by a first one (e.g., a sensed excitation), and
inhibiting means that a second event is inhibited (i.e., no
stimulation is executed) if the first event occurs. Both
timing procedures can be employed in a patient with
temporary failure of AV conduction. In case of AV conduc-
tion failure, the ventricles need to be stimulated, whereas
no stimulation is required if the AV conduction is function-
ing properly. Synchronous stimulation requires that the
atrial signal is available whether it is caused by a sponta-
neous SA excitation or, in case of SA node failure, by
stimulation. As the site of atrial stimulation is different
from the SA node, the time for excitation spreading to the
AV node is also different and should be considered for
setting the AV interval. In the triggering mode, each atrial
excitation leads to a stimulus in the ventricle either
immediately after it has been sensed by a ventricular
sensing electrode (i.e., immediate triggering in the same
chamber) or at the end of the set AV interval (i.e., delayed
triggering in the other chamber). In the latter case, no
ventricular sensing electrode and channel is required. If
the atrial excitation is spontaneously conducted to the
ventricles, the triggered ventricular pacing is ineffective
because it is applied during the refractory period of the
ventricular tissue. The ventricular pacing is effective only
if the atrial excitation is not spontaneously conducted to
the ventricles. In the inhibiting mode, a ventricular sen-
sing electrode is required in order to check whether the
atrial excitation is spontaneously conducted to the ven-
tricles. The ventricles are stimulated only if the excitation
is not conducted spontaneously (i.e., if it is not sensed
within the set AV interval). If the excitation, however, is
transmitted, the sensed signal inhibits the ventricular
stimulating channel. Triggering means a waste of power
in case of abundant stimulation. However, immediate
triggering can be used for some diagnosing purposes
(e.g., to recognize spontaneously atrial excitations). An
advantage of triggering is the lower sensitivity against
artifacts (e.g., skeletal muscle action potentials or external
noise), because such signals may inhibit the stimulation in
the inhibiting mode if recognized erroneously as ‘‘excita-
tions.’’
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Figure 5. Flow chart for the timing control in a DDD mode
pacemaker.
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However, controlled stimulation means additionally
that the ventricular contraction is not delayed too much
versus the atrial contraction (i.e., that the AV delay is kept
in the physiological range). It must be taken into account
that the AV delay is not a constant interval but will vary
under the impact of the dromotropic ANS activity and
become shorter with higher heart rate (i.e., with shorter
intervals between SA excitations). The situation shall
again be discussed for patients with temporary AV con-
duction failure. In the triggering mode, the PM waits for
the end of the set AV interval before the stimulus is
applied. This stimulation, however, may occur when the
spontaneously conducted excitation has already reached
some regions of the ventricular myocardium, but not all
regions including the site of the electrode. Therefore, the
PM can stimulate those nonexcited regions, and the result
is a fusion beat with a changed sequence of contraction. In
order to avoid undesired fusion beats, the AV interval is
set longer than the expected longest AV interval. In the
inhibiting mode, the situation is only slightly different.
The ventricular sensing electrode checks whether the
atrial excitation arrives in the ventricles during the set
AV interval, which also is set longer than the expected
longest interval. However, in the inhibiting mode, newer
IPMs have the property to shorten the AV delay to another
set value if the spontaneous AV conduction fails for some
consecutive heartbeats. That feature is one of different
‘‘hysteresis’’ features. It must be taken into account,
however, that the shortening of the AV delay may yield
in missing spontaneously conducted excitations if sponta-
neous AV conduction returns with an AV delay slightly
longer than the set shortened value. However, also in the
inhibiting mode, fusion beats cannot be excluded comple-
tely because the sensing electrode does not ‘‘see’’ sponta-
neously conducted excitations at the moment of their
entrance into the ventricles.

4.2. Generic Coding

A first ‘‘generic’’ code for IPMs was proposed in 1974.
However, only after it had been adopted by the North
American Society of Pacing and Electrophysiology
(NASPE) and the British Pacing and Electrophysiology
Group (BPEG) in 1987 and after some revisions because
technological progress did it become the most commonly
used antibradycardia pacing mode code, today known as
the NASPE/BPEG Generic Code or sometimes also the
NBG Code (6). A similarly structured code was proposed
by the NASPE/BPEG group in 1993 for ICDs, known as
the NBD Code (7). In 2002, the NBG Code was updated
with special consideration of the evolving pacemaker
technology and increasing interest in multisite pacing
(8). In the revised and most recent version of the NBG
Code, it was recognized

– that all modern IPMs are capable of extensive bidir-
ectional communication with an external program-
ming device;

– that the code basically shall provide essential infor-
mation about the location of multisite pacing; and

– that it was no longer necessary to address the pre-
sence or absence of antitachycardia features in view
of the extensive antibradycardia pacing capabilities
common in modern ICDs and the availability of the
NASPE/BPEG NBD Code.

The original NBG Code had been a letter-based five-
position code, although frequently only the first three
positions had been used for the classification of the IPM.
The fourth position had been reserved for ‘‘programmabi-
lity’’ (and dependent on the number of programmable
parameters), but is no longer used because all modern
PMs are ‘‘multiprogrammable,’’ and the fifth position was
used to identify special antitachycardia functions, which
today are primarily realized in ICDs and expressed in the
NBD Code. The revised NBG Code is also a letter-based
five-position code of which the first three positions are
identical with the older version, whereas positions IV and
V have a changed significance (Table 1) (8). Position I
indicates in which chamber (i.e., atrium or ventricle)
pacing is executed. The meaning of the employed letters
is: O¼None (i.e., no pacing), A¼Atrium, V¼Ventricle,
and D¼Dual (i.e., includes both AþV). Position II indi-
cates in which chamber sensing is performed. The mean-
ing of the employed letters is the same as in position I [i.e.,
O¼None, A¼Atrium, V¼Ventricle, D¼Dual (i.e., Aþ
V)]. Position III informs about the response to sensing: O
¼None, T¼Triggered, I¼ Inhibited, D¼Dual (i.e., in-
cludes both Tþ I). Position IV presents information about
rate modulation: O¼None, R¼Rate Modulation. Position
V supplies information about multisite pacing: O¼None,
A¼Atrium, V¼Ventricle, D¼Dual (i.e., AþV). Triggered
should be understood as either immediate triggering in
the same chamber or delayed triggering in the other
chamber. Table 1 shows the schematics of the revised
NBG Code:

The NBG Code shall be explained by some examples:

A. AAI (old version), AAIOO (revised version): Atrial
pacing (pos. I) inhibited (pos. III) by a sensed spontaneous
atrial excitation (pos. II), no rate modulation (pos. IV), no
multisite pacing (pos. V). Typical application is in elderly
patients with temporary failure of the spontaneous SA
activity.

B. VVIOV (revised version): Ventricular pacing (pos. I)
inhibited (pos. III) by a sensed ventricular event (pos. II),
no rate modulation (pos. IV), with multisite ventricular
pacing (i.e., biventricular pacing or more than one pacing
site in one ventricle) (pos. V). Asynchronous application is
in patients with temporary failure of AV conduction or too
long AV delay and too long intraventricular conduction
delay.

C. DVI (old version), DVIRO (revised version): Stimu-
lation in both chambers (pos. I), sensing only in the
ventricle (pos. II), inhibited (pos. III), rate-modulation
(pos. IV), no multisite pacing (pos. V). This mode is
typically used in patients with permanent SA node failure
and temporary failure of AV conduction. Inhibiting means
that no ventricular stimulation is applied if AV conduction
via the AV node is recognized by the ventricular sensing
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electrode. The letter ‘‘R’’ in position IV for rate modulation
neither identifies the methodological approach nor the
recorded state variable for rate adaptation or other de-
tails. DVI is nearly completely substituted by DDD types.

D. VDT (old version), VDTOV (revised version): Multi-
site stimulation in the ventricles (pos. I and pos. V),
sensing in both chambers (pos. II), triggered (pos. III),
no rate modulation (pos. IV). Typical synchronous applica-
tion is in patients with temporary failure of AV conduc-
tion; however, with multisite ventricular pacing. The
letter ‘‘V’’ in position V does not identify whether two or
more electrodes are employed for multisite pacing and
where the electrodes are positioned (e.g., it may be biven-
tricular pacing with two electrodes and one electrode for
each ventricle). Triggering can be immediately in the same
chamber or delayed in the other chamber. VDT is nearly
completely substituted by VDD types.

E. DDD (old version), DDDOO (revised version): Dual-
chamber pacing (pos. I), normally inhibited (pos. III) by an
atrial or a ventricular sensed event (pos. II) during the
alert portion of the VA interval or by a ventricular sensed
event (pos. II) during the alert portion of the AV interval,
and with ventricular pacing (pos. I) triggered (pos. III)
after the programmed interval by an atrial sensed event
(pos. II) during the alert portion of the VA interval; no rate
modulation (pos. IV), no multisite pacing (pos. V).

F. DDDRD (revised version): Dual-chamber pacing
(pos. I), dual-chamber sensing (pos. II), normally inhibited
by a sensed event in the respective chamber, but triggered
in case of demand (pos. III) with rate modulation (pos. IV)
and multisite pacing both in the atrium (i.e., biatrial
pacing, pacing in more than one site in one atrium, or
both features) and the ventricle (i.e., biventricular pacing,
pacing in more than one site in one ventricle, or both
features) (pos. V).

Several clinical studies exist that recommend which
pacemaker type should be used for which cardiac failure.
The most comprehensive review is provided by the re-
cently updated version of the ACC/AHA/NASPE 2002
Guideline (18).

The NBG Code describes the highest level of capability
that is supported by the respective IPM. Programmability
renders it possible to reduce this highest level to a lower
level. For example, a PM with the DDDRD level can be
reduced to the level AAIOO. Such a reduction to a lower
level can be executed either online by means of the
external programming device [e.g., during certain exam-
ination procedures (asynchronous modes like VOO and
DOO are frequently used for battery check by assessing
the pacing rate)], or can automatically be activated in case
of demand [e.g., the sensing (pos. II) can be switched by
the microprocessor to O in case of seriously corrupted
sensed signals (this is a frequently employed safety func-
tion)]. In fact, the DDDRD level comprises all other levels
(i.e., all other levels are submodes of DDDRD). It depends
on the actual state of the patient which submode of the
DDDRD is really activated and used.

4.3. Timing and Control

The heart rate is never perfectly constant, even during
complete rest. The basic rhythm is superposed by several
other oscillations with lower frequency. This behavior can
be compared with the phase modulation of a periodical
signal by several signals with lower and variable frequen-
cies. In IPM patients with functioning SA node, the
intrinsic basic rhythm is employed for the timing manage-
ment (with the exception of an asynchronous mode, for
example, the VVI mode). For the timing management in
IPMs for patients with SA node failure, the heart rate or
its reciprocal value, the basic cycle length (BCL) or basic
period, has to be set, eventually subdivided into the ‘‘atrial
interval’’ (correct: ‘‘ventrico-atrial interval’’) and the ‘‘at-
rio-ventricular interval.’’ The BCL determines the lowest
pacing rate if no spontaneous events occur before the
expiration of that set interval. The timing management
is based on different timing parameters and supervised by
a microprocessor. Some of the timing parameters are
strictly related with the BCL, whereas others are either
triggered by selected events or need a triggering event
within the set triggering interval in relation with the
BCL. All timing parameters are controlled by a clock.
The frequency of that clock is stabilized by a quartz.
Whereas some timing parameters are generally accepted
by most companies, others are only used by few companies
for their own products.

Different approaches are used for the start of the BCL
or subparts of it (e.g., the atrial event or the ventricular
event). Starting events can be either recognized sponta-
neous events or applied stimuli.

In older IPMs with one channel only for pacing or for
both pacing and sensing, either atrial or ventricular (e.g.,
type coding AOO, AAI, VOO, or VVI), the BCL is initiated
with the respective spontaneous or pacing event. In the
AOO and VOO mode, respectively, the next pacing im-
pulse is applied at the end of the set BCL. If in the AAI and
VVI mode, respectively, a spontaneous excitation is recog-
nized during the set BCL, then pacing is inhibited. If no
spontaneous excitation is recognized, then pacing is exe-
cuted at the end of the set BCL. In two-channel devices,
the BCL can be determined by the atrial (or ventrico-
atrial) interval, which is started by the ventricular event,
and the atrio-ventricular interval, which is started by the
atrial event (Fig. 5).

In all IPMs that are used in patients with temporary
SA node failure, the BCL is set slightly longer than the
expected mean physiological BCL in order not to miss a
spontaneous event with a short delay because of the
superposed frequency oscillations. If the SA node failure
persists for consecutive BCLs, the BCL is shortened to a
value that corresponds with the expected mean physiolo-
gical value. This behavior is one of several hysteresis
features.

Limitation of the heart rate via the BCL to an indivi-
dually set maximal value is one of several safety features
in IPMs (sometimes called run-away limit or, with regard
to the damage that may be caused to the patient by
surpassing that limit, run-away protection). Two different
approaches exist to how this limitation is realized:
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A. When the upper limit is reached, the pacing rate is
reduced with the ratio 2:1. This reduction is critical in
cases in which the heart rate oscillates around the upper
limit. Those oscillations lead to a frequent switching of the
pacing rate between the upper and the 2:1 lowered value.

B. The WENCKEBACH behavior is based on a slow exten-
sion of the atrio-ventricular interval by each following
excitation. As a consequence, one out of a number of
arriving atrial events is suppressed because it arrives in
the refractory state of the ventricular myocardial cells.
The result is a smooth transition to the maximal value,
which is an absolute upper limit. The rate transition by
the WENCKEBACH behavior starts at a heart rate that is set
below the maximal value.

Other important timing parameters are:

1. The Atrio-ventricular Interval (AVI): On principle,
the AVI is the interval between the entrance of the
excitation into the specific AV conduction system on
the atrial side and its arrival on the ventricular side.
Usually, however, it is used for the time that is
needed by the excitation to propagate from its site
of origin to the ventricular side. If the site of origin is
the SA node, the AVI includes additionally the time
required for the spreading of the excitation from the
SA node to the entrance into the specific AV conduc-
tion system. For paced events, the site of origin is the
electrode, and the AVI depends on the position of the
electrode within the atria. The AVI is started either
by the spontaneous excitation (i.e., when it is de-
tected by the sensing electrode, which also may
depend on the position of this electrode) or by the
atrial pacing impulse. If an excitation arrives on the
ventricular side (and is detected by the ventricular
sensing electrode), ventricular pacing is inhibited
(in the inhibiting mode) or triggered (in the trigger-
ing mode). If no ventricular excitation is detected
within the AVI, then ventricular pacing is executed
at the end of the AVI. It must be considered that the
AVI is not constant because:

A. it can fluctuate in duration because of sponta-
neous dromotropic ANS impacts or other effects
even under resting conditions. In order not to
miss spontaneously conducted events with an
extended AVI, the AVI is set slightly longer
than the expected mean AVI.

B. it depends on physical exercise and psychologi-
cal-emotional stress, which should be considered
in IPMs in case of spontaneous SA node excita-
tions and also in rate-adaptive devices.

2. Refractory periods: During the refractory period, a
sensing channel is insensitive or blocked, after an
event has been recognized via this sensing channel.
The purpose is to avoid another initiation of the BCL
when the process is not yet finished that has been
started by the recognized event. All refractory per-
iods are preset timing parameters and triggered by
the recognized selected event.

A. Atrial refractory period (ARP) and ventricular
refractory period (VRP): The beginning of these
refractory periods is triggered by a recognized
atrial or ventricular event, respectively.

B. Postventricular atrial refractory period (PVARP):
This refractory period of the atrial sensing chan-
nel is triggered by a recognized ventricular
event. During the PVARP, the atrial channel is
blocked and prevents far-field recognition of the
ventricular excitation, as it would immediately
restart the BCL. PVARP can be extended so that
the sensing of the ventricular repolarization
(sometimes called the T-wave sensing) is avoided.
A too long PVARP, however, can limit the upper
pacing rate.

C. Total atrial refractory period (TARP): The atrial
channel is already refractory by its own ARP
before PVARP is started within this ARP. The
actual duration of ARP depends on the time that
is needed by the atrial excitation to arrive in the
ventricles (i.e., the time for the atrial excitation
to propagate from the SA node (for spontaneous
excitations) or from the electrode (for paced
events) to the entrance into the AV conduction
system). TARP is the sum of this actual ARP and
PVARP.

3. Blanking periods: Blanking is another method to
inhibit the recognition of signals by a sensing chan-
nel. Blanking is primarily employed to prevent a
stimulus from being erroneously recognized by a
sensing channel. In the atrial as well as in the
ventricular channel, the same electrode can be
used for sensing and stimulation. In that case, the
output of the stimulus amplifier is directly con-
nected with the input of the sensing amplifier.
Stimulation is accomplished with an impulse of
some volts, whereas the sensed signal is in the range
of only some millivolts. Hence, the stimulus would
be recognized as sensed events and, even worse,
overdrive the input amplifier. Afterpotentials of the
ventricular event may be recognized as sensing
events by the atrial channel. Furthermore, stimula-
tion of one chamber can be recognized in the sensing
channel of the other chamber because both electro-
des are connected by blood and myocardial tissue,
which have a rather low electrical resistance. This
phenomenon is called far-field recognition. For that
reason, the blanking of sensing channels must be set
so that recognition of all erroneous signals including
far-field recognition is avoided.

4. Autoshorting interval: The stimulus is a truncated
impulse that is generated by discharging a capaci-
tor. This capacitor together with the HELMHOLTZ

capacitance of the electrode and, if present, the
output coupling capacitor forms a capacitive net-
work that still contains a considerable charge after
the termination of the discharging process. The
residual charge can cause problems for the next
sensing process. Therefore, discharging should be
completed before the next event shall be sensed.
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This residual charge is short-circuited during the
autoshorting interval following the truncation.

5. Others: Other timing parameters are used for the
telemetry (e.g., for the realization of remote pro-
gramming by the transmission of changed program-
mable parameters). These changed programmable
parameters become effective only by transfer to the
working memory when the processing of a running
BCL is completed and before the next BCL is
started.

Problems can develop when ventricular extrasystoles
(premature beats, ectopic beats) occur. The first sponta-
neous SA excitation after such a ventricular extrasystole
usually arrives in the ventricles when the ventricular cells
are still in the refractory state, resulting in the extended
post-extrasystolic pause. Therefore, this SA excitation is
not recognized, and it does not terminate the AVI. As a
consequence, a ventricular stimulus would be applied at
the end of the set AVI. This ventricular stimulus might
also be applied in the refractory state of the ventricular
myocardium and, therefore, remain ineffective. However,
it might fall in the period of incomplete repolarization (i.e.,
the vulnerable period during the T-wave) and cause
serious arrhythmias. Additionally, the stimulus would
trigger the related timing parameters (e.g., the blanking
period of the atrial sensing channel) and thereby make the
atrial channel insensitive for the next spontaneous SA
excitation. Hence, it is necessary to recognize ventricular
extrasystoles by adequate signal processing in order to
start another tailored timing program. Usually, a recog-
nized ventricular extrasystole that precedes the atrial
excitation resets the AVI without stimulating the ventri-
cle.

4.4. Programmability

Modern IPMs are multiprogrammable. The demand for
controllability based on programmability has existed
nearly from the beginning of pacemaker history
(9,12,13). Programmability is realized by remote control
(i.e., using data transmission by inductive coupling be-
tween an external device and the IPM). The first step is
the activation of the telemetry circuit in the IPM by
closing a reed switch in the IPM by means of a permanent
magnet in the external device. In a second step, the IPM is
interrogated by the external device in order to identify it
and its actual operational mode and parameter setting.
This procedure is also a check that the external device and
the IPM are correctly communicating. If changes or
adjustments are necessary, a complete set of data includ-
ing the IPM identification code in the heading is trans-
mitted to the IPM. This data file is stored in a RAM of the
IPM and verified. After successful verification and after
the completion of the running BCL, however, before the
next BCL is started, the changed data file is transferred to
the working memory. The former data file is stored so that
it can be reactivated immediately and completely via the
external device by pushing a special button, which is
another safety feature in case the changed data file causes
problems to the patient. Some specific programmable

states are used for tests (e.g., the operational modes
AOO, VOO, or DOO are frequently used for monitoring
the residual charge of the battery).

Typical programmable state variables are:

– the operational mode (e.g., VOOOO or VVIOO). Rate-
adaptive pacing and multisite pacing can be realized
only if the required sensors for rate-adaptive pacing
and multiple electrodes for multisite pacing are
available, even if the IPM contains that capability.

– the sensing and stimulation mode (i.e., unipolar or
bipolar). The bipolar mode can be realized only if the
electrode is of the tip-ring type.

– the amplitude and duration of the stimulus (i.e., the
power of the stimulus) in the atrial as well as in the
ventricular channel. It depends on the number of
steps and the total range of these two variables how
many bits are required for the adjustment.

– the sensitivity of the input amplifier in the atrial as
well as in the ventricular sensing channel. The
number of required bits depends on the range and
number of increments.

– the timing parameters (e.g., BCL, AVI, ARP, VRP,
TARP, PVARP including hysteresis parameters). The
number of required bits depends for all parameters
on the range and number of increments.

– the blanking periods and the autoshorting interval.
The number of required bits depends, in all cases, on
the range and number of increments.

Some companies may use more programmable para-
meters. Usually, the data are transmitted in a sequential
file in which the position identifies the respective meaning
or parameter. A complete data file including the heading
can consist of more than 100 bits. The most employed
modulation procedure is the frequency shift keying. As the
carrier frequency for inductive coupling is usually rather
low (10kHz to 40kHz, in some cases up to 500kHz), the
time for the transmission of a complete file can take
several seconds.

Disturbance or changes of the stored working program
by external signals or noise can be excluded, since such
disturbance is possible only if:

– the internal reed switch has been closed by an
external permanent magnetic field;

– the IPM is addressed by its identification code; and
– the data file is transmitted with the correct coding
and frequency.

The companies use specific codings and carrier frequen-
cies. Therefore, the hospitals must have external program-
ming devices of all companies from which IPMs have been
implanted.

4.5. Pacemaker Surveillance

IPMs are primarily life-sustaining devices that cannot be
repaired after implantation in case of failures. Under
limited circumstances, it may be possible by reduction in
functional capability to maintain operation on a lower
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level. Reduction in functional capability can generally be
accomplished by using automated self-check procedures.
The implementation of automated self-check procedures
may create other safety problems in IPMs if they result in
diminished functionality and, hence, such procedures are
seldom realized. With regard to the strict limitation in
available space and energy, no redundant circuitry is
usually employed. As a consequence, individual surveil-
lance of IPMs is necessary. However, individual IPM
surveillance is also required for clinical reasons. The state
of the disease at the moment of implantation may change
over time. Sometimes that state can get better (it may
even happen that no IPM is needed anymore), but usually
it will get worse, and then the IPM has to be adjusted to
the impaired situation. If adjustment is not possible,
another IPM has to be implanted. In most cases, the
lifetime of the IPM is determined by the battery. The
discharge of battery depends on different factors that
cannot be calculated exactly (e.g., the rate of stimulation
in the demand mode, i.e., temporary failure of SA excita-
tion generation or AV conduction) and the strength of the
applied stimulus). Basically, the discharge current is
composed of three factors: (1) the leakage current (or
self-discharge) in the battery, (2) the mean current for
the regular operation of the IPM without pacing, and (3)
the mean current required for the application of stimuli
with sufficient strength.

Individual IPM surveillance is executed by hospitals or
practicing medical specialists. This process is frequently
called follow-up monitoring. Such surveillance requires
company-specific equipment for the data exchange be-
tween the IPM and the doctor. Usually, the patient has
to visit the hospital, but transtelephonic surveillance has
been used for more than three decades (11) and is still
under consideration. In the future, other communication
technologies (GSM, Bluetooth, WLAN, Internet, etc.) may
be added. Surveillance is employed to check whether the
actual parameter setting matches with the actual state of
disease as well as to check the proper functioning of the
device. The most critical failures that may occur are (1)
depletion of the battery and (2) electrode problems (e.g.,
dislodgements from its contact with the myocardial tissue,
break of the lead, and disconnection between lead and
electronic circuitry). The first FDA-approved commercial
system is available for home monitoring that uses active
telemetry once per night to transmit technical and med-
ical data (e.g., battery state, electrode impedance, heart
rate, arrhythmias) to an external receiver that forwards
these data either via a wireless phone or Internet connec-
tion to a service center. Another option is to use event-
related transmission, for example, for risk telemonitoring.
A procedure that is frequently used for checking the
residual battery charge uses the dependence of the stimu-
lation rate from the battery voltage. This check is accom-
plished in the asynchronous mode by switching the IPM in
the AOO, VOO, or DOOmode. The residual battery charge
is reflected in the difference between the actual and the set
stimulation rate. Other procedures are based on directly
monitoring the battery voltage and its relation with the
residual charge.

IPMs as life-sustaining medical devices have to un-
dergo thorough consideration of all relevant quality as-
pects during development and production. The authorities
in different countries have issued directives for medical
devices with special regard to active implantable medical
devices. IPMs are the most prominent types of active
implantable medical devices. The European Union issued,
in 1990, a Council Directive for active implantable medical
devices under the coding 90/385/EEC (19). The most
important definitions and regulations are listed below.

–Medical device means any instrument, apparatus,
appliance, material, or other article, whether used
alone or in combination, together with any acces-
sories or software for its proper functioning, in-
tended by the manufacturer to be used for human
beings in the (1) diagnosis, prevention, monitoring,
treatment, or alleviation of disease or injury; (2)
investigation, replacement, or modification of the
anatomy or of a physiological process; (3) control of
conception that does not achieve its principal in-
tended action by pharmacological, chemical, immu-
nological, or metabolic means, but may be assisted
in its function by such means.

–Active medical devices means any medical device
relying for its functioning on a source of electrical
energy or any source of power other than that
directly generated by the human body or gravity.

–Active implantable medical device means any active
medical device that is intended to be totally or
partially introduced, surgically or medically, into
the human body or by medical intervention into a
natural orifice, and that is intended to remain after
the procedure.

The devices must be designed and manufactured in
such a way as to remove or minimize as much as possible
(1) the risk of physical injury in connection with their
physical, including dimensional, features; (2) risks con-
nected with the use of energy sources with particular
reference, where electricity is used, to insulation, leakage
currents, and overheating of the devices; (3) risks con-
nected with reasonably foreseeable environmental condi-
tions such as magnetic fields, external electrical
influences, electrostatic discharge, pressure or variations
in pressure, and acceleration; (4) risks connected with
medical treatment, in particular those resulting from the
use of defibrillators or high-frequency surgical equipment;
(5) risks connected with ionizing radiation from radio-
active substances included in the device; and (6) risks that
may develop where maintenance and calibration are im-
possible, including excessive increase of leakage of cur-
rents, aging of the material used, excess heat generation
by the device, and decreased accuracy of any measuring or
control mechanism.

Particular attention must be paid to (1) the choice of
materials used, particularly with regard to toxicity as-
pects; (2) mutual compatibility between the materials
used and biological tissues, cells, and body fluids, with
account being taken of the anticipated use of the device;
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(3) compatibility of the devices with the substances they
are intended to administer; (4) the quality of the connec-
tions, particularly in respect to safety; (5) the reliability of
the source of energy; and (6) proper functioning of the
programming and control systems, including software.

Within the member states of the European Union,
medical devices are permitted only to be brought into
the market if they meet those requirements. Several ways
exist that this Declaration of Conformity can be reached
(e.g., the company has a certified quality assurance sys-
tem, or the conformity is checked and certified by an
independent Notified Body).

The CE mark is a premarket procedure that has been
supplemented since 1998 by an in-market medical devices
vigilance system (or postmarketing surveillance system).
The guidelines describe a system for the notification and
evaluation of adverse incidents, primarily the action to be
taken once the manufacturer or a competent authority
receives information concerning an incident. They cover
the activities of (1) the Commission of the European
Union, (2) competent authorities in the member states,
(3) manufacturers including their authorized representa-
tives, and (4) users and others concerned with the con-
tinuing safety of medical devices.

Although the procedures for approval of medical de-
vices including active implantable medical devices are
different in the United States, Japan, and the European
Union, they are acknowledged by procedures for mutual
recognition.

5. SPECIAL FEATURES AND OPTIONS

Modern IPMs are using advanced and complex technolo-
gies with regard to (1) hardware (e.g., microelectronics in
integrated or hybrid circuitry or mechanical components
like the lead that must withstand up to more than 35
millions of flexure loads per year), (2) software that
renders possible intelligent functions for signal processing
and the event-dependent control of functions, (3) quality
assessment with the aim to augment the Time-To-Failure
and provide safe operation for more than 10 years, and (4)
electrochemistry that is still improving the performance
and lifetime of the batteries. In this section, some special
features will be briefly discussed.

5.1. Rate-Adaptive Pacing

IPMs originally had only been life-sustaining devices
using fixed-rate stimulation. However, the earliest efforts
to develop artificial sensors in order to adjust the rate of
IPMs date back to 1966 (20). Adjustment of the pacing rate
to the metabolic needs had been a subject of discussion
since the mid-1970s (21,22). With progress in that field,
IPMs are increasingly implanted for the improvement of
life quality. The aim is that a patient with an IPM must
not be aware of this device, but can behave under daily
routine activities like a healthy person. The most serious
challenge in this regard is the adaptation of the stimula-
tion rate to the physiological demands, which requires
maintenance of the arterial blood pressure in order to
supply sufficient blood (i.e., oxygen and other nutritive

components) to the different organs. The most relevant
stimuli to heart rate adaptation are (1) physical exercise,
(2) emotional-psychological stress, (3) environmental heat
load, and (4) orthostatic load (i.e., impacts that affect the
peripheral resistance and, thereby, the peripheral circula-
tion). Under physiological conditions, the maintenance of
arterial blood pressure is accomplished by a closed-loop
control system with the heart as the controlled unit and
the autonomous nervous system (ANS) as the controlling
unit. The output variables of the ANS are heart rate,
stroke volume, and the AV-interval. In patients with SA
failure, the connection between the ANS and the heart
rate via the SA is interrupted.

Three different strategies are employed for heart rate
adaptation:

1. Monitoring of a variable that indirectly reflects the
impact on the heart rate. In fact, this approach is
only applicable to monitor physical exercise, primar-
ily in combination with walking and similar physical
exercises (23). Walking is monitored by means of
acceleration sensors, pressure sensors, or compar-
able activity sensors that are enclosed in the hous-
ing of the IPM. These sensors record the
acceleration either in the vertical direction or in
the sagittal direction (i.e., usually only in one dimen-
sion). The acceleration is used to determine the
stepping rate or the walking speed. The relation
between the recorded signal and the stimulation
rate needs individual adjustment. Special considera-
tion is required for the maximum stimulation rate
and the elimination of disturbances. Stepping down
stairs should not increase the heart rate more than
stepping up the same stairs in comparable time.
Acceleration is an external variable (i.e., it is not
related with an internal state variable of the com-
plex control circuit for arterial blood pressure).
Therefore, this approach is actually a feed-forward
or open-loop control and does not restore the inter-
rupted physiological control pathway. Furthermore,
it does not match the pacing rate to other challenges.
Until now, however, it is the most frequently applied
method primarily for the simple mechanical design
and construction, high technical reliability, small
size, and low power consumption of the sensor. The
sensors are usually of the piezoelectric, piezoresis-
tive, or capacitive type.

2. Monitoring of internal state variables that reflect
the arterial blood pressure as the controlled vari-
able. Those state variables may be temperature,
oxygen saturation, carbon dioxide, or the pH value
in the mixed venous blood (24,25). They are related
with tissue metabolism and reflect the peripheral
blood flow that is dependent on the arterial blood
pressure. Other state variables are ventilatory vari-
ables (e.g., breathing rate, tidal volume, and minute
volume) (26) and systolic cardiac parameters like
the QT interval and the pre-ejection period (27–29).
The relation between the recorded state variable
and heart rate is expressed by more or less complex
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functions. Different principles are employed for the
sensors. Regrettably, some of the sensors do not
meet high standards for long-term stability and
low power consumption or show dependence from
other variables (e.g., sensors for carbon dioxide can
show dependence from temperature). Combinations
of some variables have been discussed in order to
achieve better results (30,31). Directly recording the
arterial blood flow has not been proven to be suc-
cessful until now. The use of internal state variables
aims at the restoration of the closed-loop control
system. The feedback relation between the heart
rate and the internal state variable, however, is
weak. Therefore, this approach is not really a
closed-loop control.

3. Monitoring of internal state variables that reflect
the activity of the ANS. Although the connection
between the ANS and the heart rate (i.e., the
chronotropic pathway) is interrupted in case of SA
failure, the ANS activity is still available in the
heart through its inotropic pathway (i.e., the con-
tractility of the myocardial muscle and the stroke
volume) as well as through its dromotropic pathway
(i.e., the AV delay). Direct monitoring of the stroke
volume (e.g., by means of an intraventricular cathe-
ter using the impedance method) has not been
successful. The right ventricle with its complex
shape cannot be represented by a simple geometrical
model as required, and the left ventricle is not easily
accessible via the right heart, the usual access for
pacemaker leads. A different approach uses the
intraventricular electrode that is employed for sen-
sing and stimulation additionally for monitoring the
ventricular contractility (ventricular inotropic para-
meter, VIP) by the measurement of the impedance
between the electrode and the pacemaker case dur-
ing a short time interval when the heart is contract-
ing isovolumetrically (15,32). A more recent
approach has been published that employs the AV
delay for extracting the ANS activity (33). Another
recent approach uses an accelerometer that is con-
tained in the tip of the electrode in order to deter-
mine mechanically the contractility of the
myocardium (peak endocardial acceleration, PEA).
All approaches that use the recording of a parameter
related with the ANS activity as the controlling
variable aim at the restoration of the real physiolo-
gical closed-loop control.

Several studies compare the different sensors, control
algorithms, and strategies (34–40). These results provide
clear evidence that closed-loop stimulation is superior to
other approaches, especially with regard to proper con-
sideration of mental-psychological challenges, and may
even contribute to an increase in patient’s life quality (41).

5.2. Telemetry

Telemetry means the exchange of data or other informa-
tion between the implanted pacemaker and an external
device (42,43). The exchanged information is usually

concerned with (1) the identification of the IPM and its
actual operational state, and (2) the adjustment of the
operational state and parameter setting (e.g., to changed
conditions in the patient’s health state or for test pur-
poses). This bidirectional telemetry was introduced in
1978. Telemetry was quickly used to monitor the residual
battery voltage and the lead impedance, especially in
order to detect disconnection failures. More recent fea-
tures include (1) the information about certain events
(e.g., the number of extrasystoles or the actual mode of
operation, which is especially relevant for the DDD-type
IPM), (2) the measurement and transmission of actual
parameters (e.g., the amplitude of the stimulus), (3) the
capability to transfer single events or complete sequences
of the recorded intramyocardial ECG for external proces-
sing, and (4) for the transmission of risk factors that are
internally calculated from this ECG to an external recei-
ver that may directly forward that information to a
hospital.

Telemetry is usually based on inductive coupling (i.e.,
one inductive coil is positioned in the case of the IPM and
another inductive coil in the transmitter head of the
external device). For providing sufficient coupling between
these two coils, the head must be placed as exactly as
possible above the IPM. Some devices are capable of
indicating whether coupling is appropriate for safe data
transmission. The transmission pathway must be closed
by activating a reed switch in the IPM with a strong
permanent magnet. It must be guaranteed that this reed
switch is open again after the intended and supervised
data transmission is finished.

Telemetry occurs primarily in digitized form by employ-
ment of the frequency shift keying modulation that uses
the bit to switch the frequency of a sinusoidal carrier
between two values. This carrier frequency is usually
rather low (e.g., 10 kHz to 40kHz). Details like the fre-
quency of the carrier and the frequency shift are company-
specific. The information is encoded in a file that can
consist of more than 100 bits depending on the number
of freely programmable parameters and their resolution.
Also, this encoding is company-specific. Therefore, a hos-
pital has to employ the suitable external programming
device by the same company that has produced the IPMs.
In order to identify an IPM, the manufacturing company
must be known (e.g., by the IPM card of the patient). If
that card is not available, identification is possible if the
IPM has an x-ray code that can be seen on a standard
chest x-ray.

The transmission of such a long file may require many
milliseconds to seconds, and no disturbance should occur
during this transmission (e.g., by loss of inductive cou-
pling). Redundant bits may help to restore minor distur-
bances in the received data or to recognize disturbances
with the request to repeat the transmission. Transmission
from the IPM to the external device can be realized in
active mode (i.e., the IPM is an active transmitter that
uses its battery for that transmission) or in passive mode
(i.e., using resonance tuning in the IPM that requires only
low power consumption).

Analog modulation (e.g., modulation of the amplitude
or frequency of a carrier) is rarely used because of its
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sensitivity against noise and other disturbances. An ad-
vantage of analog modulation is its superiority for the
real-time transmission of high-frequency signals (e.g., of
the intramyocardial electrograms).

5.3. Quality Aspects

The request for high quality with regard to IPMs means
primarily that the Mean Time-To-Failure (MTTF) shall be
as long as possible because (1) IPMs are life-sustaining
devices, and (2) repairing after implantation is possible
only in very few cases. The MTTF represents the mean
drop-out probability of an ensemble or cohort, but it
neither informs which individual will be the first to drop
out nor when this drop out will actually happen. Hence,
the MTTF is a representative indicator for each individual
of an ensemble only if all individuals are nearly identical
in their features, behavior, and technical data with special
regard to long-term stability. Those requests can be taken
into account by appropriate measures: (1) the employed
technology (e.g., welding versus wire-wrapping for con-
tacts), monolithic versus hybrid circuitry; (2) standardized
and automatized production processes (e.g., the computer-
controlled welding of the encapsulation); (3) standardized
and automated measurement of the components before
delivery to processing and assembling, of subsystems
along the whole production chain, and of the final product
at the end of the production process chain whereby
evaluation must be based on narrow tolerance limits; (4)
appropriate consideration of impacts with deterministic
effects like changes in temperature and aging processes
both for all components and the complete system; and (5)
detailed documentation of all quality-relevant information
for each component, process, measurement, and so on.
Other very important aspects are the qualification (e.g.,
training, motivation) of the workers and the used equip-
ment including the working spaces (e.g., cleanness, room
temperature, humidity). Appropriate consideration and
improvement of reliability has been one of the biggest
engineering challenges for the acceptance of IPMs as long-
term implants (44).

Quality-related measurement should be executed on all
members of an ensemble, which is not possible if the
measured system is destroyed by the measurement. In
that case the number of involved systems must be large
enough to be representative for the whole ensemble.
Special statistical methods are available for the evalua-
tion including the assessment of the trustworthiness of
the results, expressed by the confidence level.

Each single component of a complex system, including
not only solid parts but also connections and contacts, can
be characterized by a reliability coefficient. A usual relia-
bility factor is expressed in the unit FIT (Failure-in-Time).
1 FIT means 1 failure in 109 hours. The larger the FIT
value, the shorter the time before the failure will occur (or
may be expected to occur with a certain trustworthiness).
If the specific FIT values of all components are known, the
resulting FIT value of the whole system can be calculated.
IPMs with greater complexity and functionality may have
a greater FIT value if they consist of more components,

even if those components are the same as in the simpler
IPM.

Experimental verification of the calculated total FIT
value is possible by aging acceleration tests under the
impact of temperature in accordance with the ARRHE-
NIUS equation. The acceleration coefficient of each com-
ponent is dependent on its material-specific temperature
coefficient. Acceleration tests are usually started after the
end of the burn-in period (i.e., the period with a high and
steadily decreasing drop-out rate, so-called infant mortal-
ity period). This burn-in period is finished when the drop-
out rate becomes stable on a low level. The drop-out rate
increases again when the end-of-life period begins.

The most critical single component with regard to drop-
out is the battery. The actual discharge of the battery
depends on the actual operational conditions (i.e., the
strength of the stimulus and the pacing rate). The actual
residual charge of a battery can be monitored by using the
characteristic relationships between charge and battery
voltage, either monitored telemetrically or by evaluating
the pacing rate in the asynchronous mode.

Another critical component is the electrode with its
lead. The lead has to withstand about 36 million bending
loads per year because of its fixation to the heart, assum-
ing a mean heart rate of 70 bpm.

Some quality measures with the aim to extend the
MTTF cannot be realized in IPMs because of constraints
like battery power or volume (e.g., redundant circuitry).
Self-check procedures are useful only if a system can
respond to a detected problem with an adequate reaction
(e.g., by recalibration). Self-check procedures are usually
not applicable in IPMs. Fail-safe mechanisms aim at the
recognition of risk situations with subsequent transition
into a safe state. Such a safe state is, in principle, a state
with reduced functional performance. In devices that
contain a so-called watchdog timer (i.e., primarily a watch-
dog for the proper execution of the program), the detection
of a major failure shall yield a state that is safe for the
patient, although it might be nonfunctional. Reduced
functional performance of the IPM can be accepted only
in few cases and for short intervals (e.g., when the
functional state is changed into a mode without sensing).
Such a state may be A00, and it should be employed only if
and as long as sensing is severely disturbed.

5.4. Arrhythmia Control

Arrhythmia (synonym: dysrhythmia) basically describes
that the heart rate is either irregular and nonphysiologi-
cally low (i.e., bradycardia or bradyarrhythmia if the
aspect of arrhythmia shall be emphasized) or irregular
and nonphysiologically high (i.e., tachycardia or tachyar-
rhythmia, which is frequently subdivided into flutter and
fibrillation). Whereas bradycardia in all its forms is the
classic field for pacemaker employment, it is not so clear
how pacemakers can be used for tachyarrhythmia. For
some decades, the pacemaker had been equipped with
special functions that were considered to be useful for the
termination of tachyarrhythmic episodes, although the
basic mechanism about the effectiveness has not been
revealed completely. In general, the antitachycardia func-

18 CARDIAC PACEMAKERS



tion consisted of a sequence of rather high-frequent, low-
voltage pulses, a so-called burst. Special burst types have
been scanning burst, shifting burst, ramp pacing, chan-
ging ramps, and so on. The frequency of those pulses could
be up to 20 per second with a total duration for the burst of
some seconds, and even higher in the ultrarapid train
stimulation (100 per second). The pulses can have differ-
ent shape. One of the claims for therapeutic effectiveness
is that the burst causes the release of hormones that
control the subsequent return to the balanced relation
between the sympathetic and the parasympathetic activ-
ity of the ANS. This treatment was called ‘‘overdrive.’’ At
that time, and in the original version of the NASPE/BPEG
coding, the fifth letter was related with antitachyarrhyth-
mia functions. Those antitachyarrhythmia functions may
still be available in older implanted IPMs.

Today, the field of arrhythmia control is the classic field
for defibrillator employment if drug therapy is not suc-
cessful, aside from the different approaches for ablation,
which are minimally invasive procedures. Defibrillation
means the application of a high-voltage shock (i.e., a high-
energy shock). In case of external devices, this energy can
reach up to 400 J depending on body weight. A reference
value for external defibrillators is 3 J per kg of body
weight for adults with a minimum current of 20 A for
5ms to 20ms. In implanted devices with the electrodes
contacting the heart directly, the required energy is sig-
nificantly lower, approximately 15 J. As high current may
result in a serious damage of the tissue through which the
current flows, it should be raised only to the value that is
really required. One of the main concerns is to improve the
efficiency of the shock treatment, especially with regard to
lowering the battery discharge of ICDs. Therefore, differ-
ent waveforms are examined (e.g., biphasic or even tri-
phasic waveforms). Whereas the first implanted systems
required active cooperation by the patient to start the
antitachicardia function, the present systems use highly
sophisticated signal processing and intelligent control
algorithms in order to avoid erroneous shocking.

6. LEADS AND ELECTRODES

Input and output of pacemakers must electrically be
connected with the heart for sensing and stimulation.
Part of that connecting pathway may be conductive biolo-
gical tissue [e.g., in case of transcutaneous (or transthor-
acic) and transesophageal stimulation], but a certain part
of the connecting pathway is always a technical device.
This connecting technical appliance is usually called the
lead, but sometimes it is also called the electrode. For
clarity here, the following terms shall be used:

The complete technical appliance is called ‘‘lead.’’ The
lead consists of three main components: (1) the connector
that connects the lead with the input/output circuits of the
pacemaker; (2) the electrode that forms the interface
between the technical appliance and the biological tissue;
and (3) the cable that connects the connector with the
electrode. The situation is discussed for IPMs that are
directly connected to the heart via one or more leads.
State-of-the-art is the transvenous access into the endo-

cardial tissue of the right heart. However, more access
options are available (e.g., access to the epimyocardial
tissue in patients with transplanted hearts or in small
children and, particularly, in babies). The epimyocardial
access may become more attractive if it is more effectively
supported by minimally invasive surgery.

The connector must fit into the corresponding counter-
part on the side of the pacemaker. The lead-side connector
is usually standardized and of male type. Each pin be-
comes fixed in its counterpart by a screw. All pin connec-
tions have to be protected against the entrance of
conductive body fluids. The screws can be removed in
order to disconnect the lead in case of generator exchange
or to replace it by another lead (e.g., if the wire in the cable
is broken).

The cable consists primarily of an insulated metallic
conductor between the pacemaker and the heart, usually a
thin wire or a bundle of twisted thin wires. Different
metals, alloys, insulation materials, and different designs
have been evaluated for that appliance in order to opti-
mally meet the different requirements, including (1) low
electric resistance in order to minimize the voltage drop
along the wire and the thereby resulting loss in energy
(typical dc resistance values are several tens of ohms); (2)
high mechanical fatigue resistance because the cable with
the wire is bent by each heart contraction and has to
withstand approximately 36 million flexure loads per
year; (3) the cable shall be as soft as possible in order to
follow the heart contraction without mechanically affect-
ing the valves through which it is running and without
becoming displaced by the cardiac contractions; (4) during
the introduction, the cable shall be stiff enough in order to
allow its insertion into and its movement through the
venous pathway on to the right atrium or ventricle; (5) the
cable shall be pre-deformable in order to reach certain
regions in the heart (e.g., the region near to the outlet of
the right ventricle)—a typical pre-deformation is the J-
shaping; and (6) the outer sheath of the insulating mate-
rial must be slippery and have excellent biocompatibility
with special regard to blood biocompatibility. The most
used insulating materials are silicon rubber and polymers
(e.g., polyurethanes).

The design that was introduced in 1964 (45) is a helical
design in the form of a spring coil; in cases of bipolar leads,
a bifilar coil is used with both wire bundles carefully
isolated against each other. Parasitic capacitance cannot
be avoided completely. The spring coil design allows the
employment of a temporary stylet (i.e., a stiff fine wire).
The stylet is introduced full length into the lumen of the
spring coil and used as a tool for the guidance of the
electrode tip to the suitable place onto the endocardial
wall. The stylet can be pre-deformed in order to support
access to places that cannot be reached without this pre-
deformation. Stainless steel and platinum have not been
proven successful, mainly because of their corrosion ten-
dency. The most used cable materials consist of alloys
based on cobalt, nickel, chromium, or molybdenum. The
cable is represented by an ohmic resistor for each wire
bundle, but also by different minor parasitic components
(e.g., a serial inductance and a parallel capacitance),
especially in the bipolar design.
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The electrode is actually the interface between the
biological tissue and the technical system. It transmits
the current from the one side to the other. Hence, the
electrode must be capable of transforming an electron-
carried current in an ion-carried current and vice versa.
Such an interface can be considered to be an electro-
chemical half-cell. The consequence of the tendency of
ions to leave the metal and to enter into the electrolytic
fluid leads to a polarization effect. The polarization voltage
depends on the material of the electrode. The simplified
equivalent circuit for such an interface consists of (1) a
capacitor (i.e., the HELMHOLTZ capacitance formed by the
double layer that is built by the charges on the metallic
side and in the electrolyte), (2) the FARADAY resistor that
has to be passed by charges in order to move from one side
of the capacitor to the other side, and (3) the voltage that is
caused by the polarization effect. The two layers of the
HELMHOLTZ capacitance are separated only by a few nan-
ometers. If current flows (i.e., if charges are exchanged
between the metal and the electrolyte), the reached equi-
librium becomes disturbed and needs some time to reach
equilibrium again. Such disturbances happen during sen-
sing and stimulation. Electrodes therefore should meet
the following requirements: (1) low polarization potential,
(2) short time constant for reaching again the equilibrium
after a transient disturbance, and (3) excellent biocompat-
ibility because the electrode is in direct contact with the
biological tissue (e.g., the endocardial tissue or blood). As a
consequence of that contact with a foreign material, the
neighboring tissue becomes transformed into fibrotic tis-
sue (i.e., in electrically conductive, however, nonexcitable
tissue). As small offset voltages can never be completely
avoided in the output of pulse generators, the result would
be a leakage current that permanently flows across the
electrode and can cause corrosion. For this and other
reasons, the lead is separated from the output circuitry
by an isolating coupling capacitor.

The effectiveness of the electrode both for stimulation
and for sensing is a complex function of its shape (e.g.,
planar, spherical), surface structure (e.g., polished, micro-
porous, sputtered, fractally coated) and chemical composi-
tion (e.g., platinum, activated carbon, compounds of
titanium, tantalum, niobium, or zirconium in the form of
oxides, carbides or nitrides), deposition of large molecules
like proteins on the surface, size, and location, but also on
its mode of fixation (e.g., active or passive), and its
‘‘foreign-body-effect’’ that causes the formation of a fibrotic
capsule around the electrode.

Special surface structures are reached by mechanical
or chemical processes (e.g., by polishing, sintering, sput-
tering, coating, and different modes of vapor deposition).
An approach that has proven to be successful has been the
enlargement of the actual surface in a relation up to
1:1000 to the geometric surface (e.g., by porous or fractally
coated surfaces) (46,47). The main effect of such a surface
seems to be the reduction of the current density across the
HELMHOLTZ double layer (i.e., within a few nanometers),
whereas the current density across the boundary between
the fibrotic capsule and the regular tissue remains un-
affected. The challenge is to optimize both effectiveness
and biocompatibility. The surface may contain steroids in

order to improve the biocompatibility (i.e., to avoid or
delay the forming of the fibrotic capsule with its impact
on the thresholds for stimulation and sensing). The total
electrical load that is provided by the two leads (in the
bipolar mode) and the tissue between the electrodes,
including the fibrotic capsules, can be estimated to about
500O, but depends significantly on the electrode-tissue
interface. Usually, the value is lower in the unipolar mode
with the pacemaker case as a counter electrode.

Fixation of the electrodes in the contacted tissue can be
accomplished: (1) by passive fixation (i.e., primarily by
pressure)—for passive fixation, the head of the lead is
equipped with soft tines that support the grow-in into the
trabecular network without damaging the endocardial
layer; (2) by active fixation (i.e., by suturing on the
epimyocardial surface, or by mechanical means like
‘‘fish-hooks’’ and spiralic screws, all resulting in some
damage of the concerned tissue). Today, tined leads are
the most popular method for lead fixation, particularly in
the right ventricle. Such tines are extensions of the
insulation material and designed such that entrapment
within the trabeculae is supported. Sensing of atrial
electrograms with ‘‘floating’’ electrodes (i.e., with electro-
des that are affixed only in the ventricle, but not in the
atria) has been suggested in Ref. 48. The first studies were
concerned with stimulation by floating electrodes. Float-
ing electrodes are connected with the myocardial tissue
via the blood, and hence the formation of fibrotic tissue
may be prevented. The interface is between the metal and
blood.

If small electrodes are employed for stimulation, atten-
tion shall be paid, however, that the current density is not
too large in order to avoid heating of the surrounding
tissue. The risk of overheating at the tip of electrodes may
particularly happen when examination of patients with a
pacemaker are executed with high-TESLA NMR imaging
machines (49,50).

7. BATTERIES

Batteries are used for the power supply of most PM, and
today all IPMs are powered by batteries. Batteries trans-
form energy that is stored in chemical form into the
electrically usable form (i.e., into a voltage that is avail-
able at the anode–cathode pair and controls the current
flow through the external load). The chemical reaction is a
redox reaction that is combined with electron transfer. As
the reserve of chemical energy in the battery is limited,
the electrical power in the battery may become exhausted.
In primary batteries, the transformation is possible only
from chemical into electrical energy, whereas in secondary
batteries, the transformation of chemical into electrical
energy can be reversed by the subsequent transformation
of external electrical into chemical energy. For that rea-
son, these batteries are sometimes called ‘‘rechargeable.’’
Today, IPMs and ICDs are exclusively powered by primary
batteries. Secondary batteries or other options (e.g., ther-
mal energy sources and nuclear energy sources) have not
been proven successful with regard to performance, relia-
bility, and other problems. However, rechargeable bat-
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teries are frequently used in external medical devices
(e.g., external defibrillators and external pacemakers).

Most of the early IPMs had been powered by primary
batteries of the zinc/mercuric oxide type. This battery type
provided acceptable energy density and reliability; how-
ever, it was subject to significant internal self-discharge,
particularly at body temperature. The battery lifetime
was below 4 years and was the limiting factor in IPM
longevity. Furthermore, these batteries had a low source
voltage of only approximately 1V. Therefore, several cells
had to be connected in series in order to reach the required
higher voltage. The electrochemical process during dis-
charge was combined with the generation of hydrogen gas.
This gas, with its toxic effect, must be released in the
surrounding tissue in order to keep the pressure in the
battery low. For that reason, the hermetic encapsulation of
the electronic circuitry in a metallic case was not possible.
Hermetic encapsulation would have prevented the en-
trance of fluid in the electronic circuitry with the possible
consequence of leakage currents, and it would additionally
have provided better shielding against electromagnetic
interference.

The invention and introduction of the lithium-based
primary battery in IPMs was a milestone in IPM technol-
ogy and resulted in the wide acceptance of cardiac pacing
(51,52). The invention of lithium-based cells for IPMs by
W. Greatbatch was named, in 1985 by the U.S. National
Society of Professional Engineers, one of the 10 greatest
engineering contributions to society of the last 50 years.
On principle, the cell consists of a lithium anode and a
cathode that is comprised of iodine and polyvinylpyridine.
It is based on a self-forming lithium iodide electrolyte and
does not generate gas during discharge. Lithium as an
anode material provides a rather high charge density of
about 2.0Ah/cm3. The available charge is sometimes
called ‘‘capacity.’’ For batteries suitable in size for IPMs,
this capacity is about 2Ah. Lithium can be combined with
different chemical compounds, and most of those combina-
tions result in fairly stable power sources with voltages
between 3V and 4V. However, for most semiconductor
circuitry and particularly for the stimulus amplitude, this
voltage is not sufficient, and a voltage converter based on
the charge pumping principle has to be used in order to
avoid the serial connection of several cells. The self-
discharge of Li-batteries is very small. As during the
discharge process no gas is generated, hermetic encapsu-
lation in metallic cases became possible. The discharge of
lithium-based batteries results in an increase of the inter-
nal impedance (i.e., a gradual decrease in the source
voltage under load). This decrease in the source voltage
allows one to monitor the residual capacity and to predict
the end-of-life period (i.e., it renders possible planned IPM
replacement instead of emergency replacement). The so-
called elective replacement indicator (ERI) indicates that
some months of service can still be expected, whereas the
end of service (EOS) indicates that replacement is re-
quired at the first opportunity.

Despite the complex functionality of the electronic
circuitry in IPMs that is comparable with some hundreds
of thousands of transistor functions, the idling current
drain by the whole circuitry is only some 5mA to 7 mA,

resulting in about 25mW. This low current is reached by
using the high-impedance CMOS-FET technology with
channel lengths of only 1.75mm and special circuitry like
the switched-capacitor filter technology. Depending on the
frequency and the strength of stimulation, the mean
current of an IPM in DDD mode with atrial and ventri-
cular pacing at a frequency of 60 bpm is 30 mA, thus
providing a useful lifetime of about 8 years with a 2.5Ah
Li-battery.

Other power sources, for example, biogalvanic cells,
bioenergy sources using the mechanical energy of the
aorta or the diaphragm, and nuclear power sources, which
have been carefully investigated for years, are only of
historical interest.

A recent multicenter clinical study has shown that the
employment of fractally coated high-impedance pacing
electrodes with very small geometric dimensions may
help to reduce the stimulation voltage, and hence the
current, even more. Mean acute threshold values have
been 0.35V at 0.5ms, corresponding to a long-term resis-
tance of about 1000O without loss in sensing sensitivity
with about 13mV for the R-wave (53).

8. COMPLICATIONS, FAILURES, AND DISTURBANCES

A short survey will be provided about problems that may
occur if PMs and especially IPMs are applied.

Despite distinct progress in the technologies used,
those problems that can be understood primarily as
technical failures are still (1) insufficient quality assur-
ance during the production, (2) battery problems leading
to early depletion (e.g., caused by leakage currents), (3)
lead problems (e.g., caused by damaged insulation of the
wires either during the introduction or resulting from the
flexure stress), (4) electrode dislodgements, and (5) pro-
blems with the electronic circuitry including electromag-
netic interference (EMI). However, thanks to the progress
in these technologies, the total number of technical fail-
ures has been reduced significantly. EMI is today only a
minor problem (e.g., caused by devices with strong low-
frequent electromagnetic emission, which may be recog-
nized as a spontaneous event and thus initiates all
programmed actions like the inhibition of stimulation
and the start of consecutive time intervals), although still
under consideration (54,55). In contrast to the past and
thanks to the advanced encoding of the transmitted pro-
grammable parameters, the unintentional change in the
actual parameter constellation or the disturbance of the
IPM actions during a running BCL is nearly excluded.
Problems may occur in IPM patients if they undergo NMR
examinations or high-frequency surgery, which may in-
duce high current density at the electrode. With the
introduction of 7.5 Tesla NMR machines, these problems
may become more relevant again. Reduction of technical
failures by innovations and improved technology is an
ongoing engineering challenge.

Most of the present problems are medical problems
(e.g., caused by insufficient medical care and follow-up
monitoring). Infection that may be related with the im-
plantation of an IPM is not a technical problem. Problems
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developing from corrupted signals in the bipolar sensing
mode and the undesired stimulation of other muscles or
nerves in the unipolar stimulation mode are not IPM-
specific technical problems. Loss of capture and problems
with sensing, whether it is undersensing or oversensing,
which may result from the growth of the fibrotic capsule,
are not technical problems if they can be compensated by
proper parameter settings. The pacemaker syndrome is
best defined as a constellation of signs and symptoms
resulting from the selection of a suboptimal pacing mode
or the programming of inappropriate pacing parameters.
It may occur in a patient being paced in the AAI mode who
develops progressive AV conduction delay resulting in
times greater than 200ms. The symptoms and signs
associated with the pacemaker syndrome are multiple,
subtle, and frequently nonspecific. Formerly, the occur-
rence of the pacemaker syndrome has been understood as
a general problem called pacemaker intolerance. Today,
pacemaker intolerance is not a real subject of discussion
for engineers. The avoidance of the pacemaker syndrome
is a major challenge for medical doctors.

Different studies of explanted IPMs (e.g., as a conse-
quence of battery depletion or after the death of the
patient) have revealed that a considerable percentage
(about 30%) of those devices have been operating all the
time without being reprogrammed (i.e., they worked with
that configuration and parameter setting that had been
provided by the manufacturer at the time of delivery to
the hospital). This basic configuration with its parameter
setting seems to be an optimal adjustment that works
satisfactorily in many patients. The potential of complex
functionality in modern IPMs, however, renders possible
optimal use by individual adjustment to each patient.
Taking this fact into account, engineers are challenged
to provide adequate measures and equipment that sup-
port the medical doctor in the individual IPM adjustment.
Such individual adjustment is of special relevance for
rate-adaptive IPMs. Another request is to adjust continu-
ously and automatically the strength of the stimulus to
the real requirements in order to reduce the battery
discharge as well as the sensitivity of the sensing channel
in order to avoid disturbance by corrupted signals (i.e.,
interference with other signals). Engineers may develop
strategies and methods for self-adjustment. PMs began as
simple appliances, but technology and medical expertise
are now available to make them fully-automated ma-
chines.

Problems occuring during the implantation (e.g., that
the electrode cannot be moved to the required position) are
not technical problems. Such complications can occur with
preshaped electrodes that are intended for multisite pa-
cing. Although these problems primarily depend on the
skill, training, and expertise of the medical doctors, appro-
priate technical equipment might be helpful to avoid
them. It has been proposed to use external magnetic or
other fields to guide the tip of the electrode to the desired
position.

In overweight patients, the telemetric data exchange
between the external device and the implant might be
difficult because of insufficient inductive coupling. An-
other problem is the transvenous access and the intravas-

cular moving of the leads in patients with small vessels
(e.g., children). Minimally invasive surgery with the af-
fixation of epimyocardial electrodes may become a promis-
ing option, but needs more engineering support. An
increasing problem is the removal of ingrown leads (e.g.,
when the IPM has to be replaced). Frequently, the leads
are only cut and left in place, although the introduction of
more electrodes becomes complicated.

9. OUTLOOK

Today’s pacemakers can be considered to be ‘‘matured’’
devices. However, it does not exclude the challenging
potential for further improvements. Besides the tradi-
tional technical challenges for ongoing improvement, par-
ticularly concerning reliability, safety, signal processing,
intelligent functions, higher complexity, lower power con-
sumption, and so on, many medical challenges and de-
mands need technical innovations and support.

Increasing evidence exists that IPMs can be used for
therapy management in patients with cardiac failures like
hypertrophic cardiomyopathy and dilated cardiomyopathy
(56), which until now could not effectively be treated with
drugs. This new therapeutic approach is sometimes called
cardiac remodeling, but is more frequently described as
cardiac resynchronization therapy (CRT). This approach
is mainly based on multisite pacing, which started about
10 years ago (57). The first promising results have been
confirmed in the meantime by a multicenter clinical study
about biventricular pacing: the MUSTIC study (Multisite
Stimulation in Cardiomyopathies) (58–60). These results
reveal an improvement in exercise capacity and walking
performance, combined with a reduction in left ventricu-
lar cavity size and increased oxygen uptake. Other main
outcomes are improved quality of life for the patients and
a reduction in the number of hospitalizations. The cost per
additional QALY gained from using CRT is estimated to be
about $22,000. Those results are confirmed by more recent
studies with special regard to chronic heart failure and
patients with end-stage heart failure, but also with left
bundle branch block (61–65).

Other studies discuss the employment of pacemakers
in patients that are prone to atrial fibrillation [e.g., the
application of permanent pacing (66) or biventricular
pacing after nodal ablation in those patients (67)].

In the meantime, an ICD for atrial stimulation with the
integrated pacemaker function for closed-loop control is
commercially available. A recent clinical study has com-
bined the ICD function with biventricular pacing (68).

10. SUMMARY

Fifty years after the implantation of the first IPM, the
technology has significantly advanced. Modern pace-
makers are no longer simple generators, but complex
technical systems with high functionality, flexibility, and
remote programmability, and quality-of-life providing fea-
tures. Their most essential properties are sophisticated
signal processing, intelligent information processing, elec-
tronic circuitry based on integrated microtechnology, out-
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standing reliability of all employed components, excellent
biocompatibility, and device longevity of nearly a decade.
The progress during the last 50 years has been achieved
by interdisciplinary collaboration, extension of the knowl-
edge in cardiac electrophysiology, and impressive innova-
tions in all fields.

However, today’s pacemakers are still far off from being
ideal devices. Many patients are still aware that their life
depends on the proper function of a technical device. They
need more or less frequent follow-up monitoring examina-
tions. Their quality-of-life is diminished as compared with
a healthy peer group. The fixed-rate stimulation in cases
of SA node failure is nonphysiological because it does not
simulate the periodical oscillations. PMs are therapeutic
devices in the real sense of therapy only in a few cases.
Usually they have to be employed permanently and life-
long without real improvement in the patient’s cardiac
health state. Preliminary studies have revealed some real
therapeutic potential of IPMs (e.g., for certain forms of
cardiomyopathy). Advanced forms of multisite pacing
might be suited to improve sustainable hemodynamic
insufficiency of the heart. Heart transplantation may be
avoidable by appropriate PM therapy. Cardiac disease
management including risk monitoring (e.g., applying
new communication technologies) is still a problem of
great socio-economic relevance for the future and requires
further development of PM technology.
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Lüderitz, D. W. Reynolds, M. H. Schoenfeld, and R. Sutton,
NASPE position statement: the revised NASPE/BPEG gen-
eric code for antibradycardia, adapative-rate, and multisite
pacing. PACE 2002; 25:260–264.

9. A. Kantrowitz, R. Cohen, H. Raillard, J. Schmidt, and D.
Feldman, The treatment of complete heart block with an

implanted controllable pacemaker. Surg. Gynecol. Obstet.

1962; 115:41.

10. H. Lagergren and L. Johansson, Intracardiac stimulation for
complete heart block. Acta Chir. Scand. 1963; 125:562.

11. S. Furman, B. Parker, and D. J. W. Escher, Transtelephone
pacemaker clinic. J. Thor. Cardiovasc. Surg. 1971; 61:827.

12. R. Terry and L. G. Davies, Implantable cardiac pacer having
adjustable operating parameters. U.S. Patent 3,805,796, April
23, 1974.

13. V. Parsonnet, T. E. Cuddy, D. J. W. Escher, S. Furman, D.
Morse, L. Gilbert and I. R. Zucker, A permanent pacemaker
capable of external non-invasive programming. Trans. Am.

Soc. Artif. Int. Organs 1973; 18:224–228.

14. W. Irnich and J. M. T. de Bakker, Konzept eines Optimal-
Schrittachers. Biomed.Technik. 1975; 20(Suppl. 89/90):1975.

15. M. Schaldach and H. Hutten, A physiological approach to
different concepts of rate-adaptive pacing. Med. Prog. Tech-

nol. 1990; 16:235–246.

16. S. Cazeau, P. Ritter, A. Lazarus, et al., Multisite pacing for
end-stage heart failure: early experience. PACE 1996;
19(II):1748.

17. G. H. Myers, Y. M. Kresh, and V. Parsonnet, Characteristics of
intracardiac electrograms. PACE 1978; 1:90–103.

18. G. Gregoratos, J. Abrams, A. E. Epstein, R. A. Freedman, D.
L. Hayes, M. A. Hlatky, R. E. Kerber, G. V. Naccarelli, M. H.
Schoenfeld, M. J. Silka, and S. L. Winters, ACC/AHA/NASPE
2002 guideline update for implantation of cardiac pacemakers
and antiarrhythmia devices: summary article: a report of the
American College of Cardiology / American Heart Association
Task Force on Practice Guidelines (ACC/AHA/NASPE Com-
mittee to Update the 1998Pacemakers Guidelines). Circula-
tion 2002; 106:2145–2161.

19. Available: http://www.ce-marking.org/directive-90385eec-AI-
MD.html.

20. J. L. Krasner, P. C. Voukidis, and P. C. Nardella, A physiolo-
gically controlled cardiac pacemaker. JAAMI 1966; 1:476.

21. H. Funke, Ein Herzschrittmacher mit belastungsabhängiger
Frequenzregulation. Biomed. Tech. 1975; 20:225.

22. L. Cammilli, L. Alcidi, and G. Papeschi, A new pacemaker
autoregulating the rate of pacing in relation to metabolic
needs. In: Y. Watanabe, ed., Proc. 5th Int. Symp., Amsterdam,
Excerpta Medica, 1976: 414–419.

23. K. Andersen, D. Humen, G. Klein, D. Brumwell, and S.
Huntley, A rate-variable pacemaker which automatically
adjusts for physical activity. PACE 1983; 6(3II):A12.

24. A. Wirtzfeld, L. Goedel-Meinen, T. Bock, R. Heinze, H. D.
Liess, and J. Munteanu, Central venous oxygen saturation for
the control of automatic rate-responsive pacing. Circulation
1981; 64(IV):299.

25. J. C. Griffin, K. R. Jutzy, J. P. Claude, and J. W. Knutti,
Central body temperature as a guide to optimal heart rate.
PACE 1983; 6:498–501.

26. P. Rossi, G. Plicchi, G. Canducci, et al., Respiratory rate as
determinant of optimal pacing rate. PACE 1983; 6:502.

27. A. F. Rickards and J. Norman, Relation between QT interval
and heart rate: new design of physiologically adaptive cardiac
pacemaker. Br. Heart J. 1981; 45:56.

28. R. Donaldson and A. Rickards, Rate responsive pacing using
the evoked QT principle. PACE 1983; 6:1344.

29. R. Chirife, The pre-ejection period: an ideal physiologic vari-
able for closed-loop rate-responsive pacing. PACE 1987;
10:425.

CARDIAC PACEMAKERS 23



30. K. Stangl, A. Wirtzfeld, R. Heinze, M. Laule, K. Seitz, and G.
Goebl, A newmultisensor pacing system using stroke volume,
respiratory rate, mixed venous oxygen saturation, and tem-
perature, right atrial pressure, right ventricular pressure,
and dP/dt. PACE 1988; 11:712–724.

31. E. Alt, H. Theres, M. Heinz, M. Matula, R. Thilo and sensors.
PACE 1988; 11:712–724.

32. M. Schaldach and H. Hutten, Intracardiac impedance to
determine sympathetic activity in rate responsive pacing.
PACE 1992; 15:1778–1786.

33. M. Hexamer, C. Drewes, M. Meine, A. Kloppe, J. Weckmüller,
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GLOSSARY

Arrhythmia. Abnormal heart rhythm that may be caused
by single events [e.g., extrasystoles (i.e., ectopic beats or
premature beats)] or by longer-lasting sequences of irre-
gular cardiac actions (e.g., flutter or fibrillation).

ASCHOFF-TAWARA node. Synonym for AV node.

Asynchrony. Loss of coordination or timing between the
atria and the ventricles.

AV delay:. As the propagation velocity for excitations in the
AV node is very slow, a considerable delay of about 80ms
exists under resting conditions between the entrance of
excitations on the atrial side into the AV node and its
arrival on the ventricular side. However, different defini-
tions for the AV delay are used. The most usual definition
is the time interval between the start of the excitation in
the SA node and the arrival of that excitation in the
ventricular conductance system because that time inter-
val can easily be evaluated from external ECG records
from the beginning of the P-wave to the beginning of the
Q-wave. This interval, however, is significantly longer
than the real AV delay, because it comprises more inter-
vals like the propagation time from the SA node to the AV
node.

Asystole. No detectable cardiac activity, no heartbeats.

Biocompatibility. Materials that are contained in techni-
cal implants and in direct contact with biological tissue
should not, neither directly nor through the release of
their materials, constituents, or corrosion particles, pro-
duce adverse local or systemic effects, be carcinogenic or
in another way toxic, or produce adverse reproductive or
developmental effects. Biocompatibility shall additionally
ensure that the technical implant is capable to fulfill its
intended purpose in the given biological environment
without any diminution in functionality and without
suffering by corrosion or electrochemical destruction
that is caused by the given biological environment in-
cluding the natural defense mechanisms of biological
systems.

Blanking. Controlled blockage of a sensing channel in the
PM for any signals when a stimulus is applied with the
consequence that no signal will be sensed and trans-
mitted to the processing unit in the PM.

Block. Interruption of the excitation transmission in the
specialized conduction system (e.g., in the HIS-bundle or
one of the branch bundles). Differentiation of AV block:
Grade I¼The velocity of excitation propagation in the AV-
node or the HIS bundle is lowered. Grade II¼Single
events are not transmitted from the atria to the ventri-
cles. Grade III ¼ Complete transmission blockage from
the atria to the ventricles.

Bradycardia. A ‘‘too slow’’ heart rate whereby ‘‘too slow’’
refers to the individual’s age and physical condition. A
reference value for ‘‘too slow’’ in adults is less than 60
beats per minute under resting conditions.

Capture. It means usually that, in case of stimulation, the
strength of the stimulus is sufficient to reach beyond the
fibrotic capsule and to stimulate excitable tissue, but
sometimes in the case of sensing that the recorded
electrogram signal is sufficient to reach beyond the fibro-
tic capsule so that it is sensed by the IPM.

Chronotropic Incompetence. Failure of the SA node to
produce spontaneous excitations with the appropriate
rate for the respective workload.

Defibrillator. A generator that applies a strong electrical
impulse (i.e., shock wave) in order to stop fibrillation and
restore normal cardiac activity. Defibrillators can be used
for external (or transcutaneous or transthoracic) defibril-
lation or via electrodes that are fixed to the heart for
direct defibrillation. Automated external defibrillators
are using intelligent signal processing and processor-
supported shocking. Implantable defibrillators are bat-
tery-powered generators with sensing capability for the
spontaneous activity of the heart and automated shocking
in case of flutter or fibrillation.
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Extrasystole (synonyms: ectopic beat, premature
beat). A contraction of the heart prior to the time when
normal contraction would be expected. The origin of such
excitations is usually not the SA node but can be the atrial
myocardium (type I), the specialized conduction system
(type II) or the ventricular myocardium (type III). The
pre-extrasystolic RR-interval is shortened in all extra-
systoles, the post-extrasystolic RR-intervall is prolonged
in type II and III if the next heartbeat is a normal beat,
and the R-wave and T-wave signal morphology is signifi-
cantly changed in type III.

Failure (medical synonym: dysfunction). The incap-
ability to fulfill the required function, which can be
caused by reduced performance or by total loss of perfor-
mance.

Fibrillation. Irregular excitation waves in the atria or
ventricles causing noncoordinated contractions that do
not result in effective blood pumping. The frequency is not
synchronized and higher than for flutter. Ventricular
fibrillation is life-threatening within minutes and must
be interrupted as fast as possible by defibrillation.

Fibrotic capsule. Electrically conductive, however, nonex-
citable tissue that forms around the physical electrode in
response to the presence of a foreign body and separates
the physical electrode from the excitable tissue. The
interface between the fibrotic capsule and the excitable
tissue is sometimes called the ‘‘virtual’’ electrode in con-
trast to the real or physical electrode. It is primarily the
diameter of the slowly growing fibrotic capsule that
determines the thresholds for stimulation and sensing.

Flutter. More or less irregular excitation waves in the atria
or ventricles causing poorly coordinated contractions with
reduced blood pumping efficiency (i.e., reduced cardiac
output). The dominating frequencies are about 220–350
per minute.

Fusion Beats. Fusion beats are the result if excitations
meet that are originating from more than one site in a
functional syncytium within their spreading period. A
typical fusion beat results if the pacemaker stimulates
the ventricle too soon as a consequence of an under-
estimated AV delay for the spontaneous excitation.

Heart Rate Variability. Even under resting conditions the
heart rate is not perfectly constant but oscillates more or
less rhythmically around its mean value.

HIS-bundle. The only physiological pathway for the trans-
mission of the excitation from the atria to the ventricles.
Additional pathologic strands are called accessory path-
ways.

Hysteresis. In physics, hysteresis is the phenomenon that
the characteristic curve y¼ f(x) with increasing x is
different from that with decreasing x. The same word is
used in PM technology for the control of a timing interval
(i.e., the expectation interval for the next spontaneous
heartbeat). During spontaneous heart activity, the PM-
controlled expectation interval is longer than the regular
RR interval in order not to miss a spontaneous beat with a
slightly prolonged RR interval. This longer interval be-
tween a spontaneous excitation and the first paced event
is frequently called RV interval (V for ventricular stimu-
lation). During the next pacing events, however, the
pacing interval VV between two subsequent ventricular
stimulations is shortened in order to match with the
regular RR interval before the onset of pacing.

KEITH-FLACK node. Synonym for SA node.

Pacemaker. A generator that applies an electrical pulse to
cause muscle contraction. The cardiac pacemaker is a
therapeutic device that compensates for arrhythmic or
other disturbances of the occurrence and spreading of
normal cardiac excitation. Cardiac pacemakers can be
used for external (or transcutaneous or transthoracic, but
also for transesophageal) stimulation or for stimulation
via electrodes that are fixed to the heart for direct
stimulation. Implantable cardiac pacemakers are bat-
tery-powered generators with sensing capability for the
spontaneous activity of the heart and intelligent signal
processing.

Refractory period. A short period of absolute nonexcit-
ability during the action potential or reduced excitability
during the repolarization phase. ‘‘Refractory’’ is a char-
acteristic property of excitable biological membranes. The
same word is used in PMs to describe a short period after
a sensed event has been recognized and during which the
PM is inhibited to sense and subsequently to deliver
another stimulus.

Tachycardia. A ‘‘too fast’’ heart rate whereby ‘‘too fast’’
refers to the individual’s age and physical condition. A
reference value for ‘‘too fast’’ in adults is more than 100
beats per minute under resting conditions.

WENCKEBACH behavior. The AV conduction delay increases
from beat to beat (AV block grade I) until one single event
is totally blocked (AV block grade II). This behavior is
simulated in PMs in order to realize a ‘‘soft approach’’ to
the upper heart rate limit instead of a 2:1 rate reduction.
This PM behavior is also given the name ‘‘WENCKEBACH

behavior.’’
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1. DE MOTU CORDIS

William Harvey (1578–1657), born in Kent, England,
studied arts and medicine at Cambridge University. He
then went to the Padua University in Italy, the leading
European medical school, for his doctorate. He returned to
England and took up practice in medicine. In 1607, he was
elected a Fellow of the Royal College of Physicians and was
appointed as Royal Physician to King James I, a position
he continued to serve under King Charles I.

He seems to have got on well with King Charles I, who
took great interest in Harvey’s scientific research in blood
circulation. The king allowed Harvey to dissect deer from
his own herds. In 1628, Harvey published his most famous
work, Exercitatio Anatomica de Motu Cordis et Sanguinis
in Animalibus, with an English version in 1653. The title
translates as ‘‘Anatomical Exercises on the Motion of the
Heart and Blood in Animals.’’ This work is sometimes
known as the ‘‘Circulation of Blood.’’ William Harvey’s
pioneering research works established the foundation of
modern circulatory physiology.

2. THE HEART AND HEART VALVES

Harvey’s work describes the mammalian heart as a pair of
synchronized muscle pumps, each exhibiting the cyclic
actions of contraction, relaxation, and refill. The heart
takes blood in from the veins and expels it into the
arteries. The visible motion of the heart is that it rises
and shortens and then sinks and lengthens. When the
heart rises and shortens, the muscles are in contraction,
and the volume of their atria and ventricles diminishes,
thus expelling blood from the heart. When the heart sinks
and lengthens, the blood returns from the veins to fill the
heart cavities. On each side of the heart, there are one
receiving chamber called the atrium, and one pumping
chamber called the ventricle. Altogether, there are four
chambers in a mammalian heart: two receiving chambers
(the left and right atria) and two pumping chambers (the
left and right ventricles).

To elicit unidirectional flows, there are two valves each
in the left and right sides of the heart. The mitral valve
sits between the left atrium and left ventricle; and the
aortic valve is located at the exit of the left ventricle
immediately before the aorta. While on the right side,
the tricuspid valve is located between the right atrium and
the right ventricle; and the pulmonic valve is situated at
the exit of the right ventricle and the pulmonary trunk. In
1983, Frank Netter made a detailed artistic depiction of
all the four heart valves, as shown in Fig. 1.

At the normal heart rate of 70 beats per minute (bpm),
each valve opens and closes approximately 2.6 billion

times in the heart of a 70–year-old man without any
interruption or resting. Unfortunately, like all natural
organs in our body, heart valves can be damaged or
diseased.

3. HEART VALVE PROSTHESES

Physically, a heart valve is a simple check valve that opens
and closes passively according to pressure gradients.
Under a positive pressure gradient, it opens to allow blood
flow to pass through; it closes under a reversed pressure
gradient to shut off the flow. A set of schematic pressure-
and-flow curves for one typical heartbeat is shown in
Fig. 2, which also explains the functions for each of the
heart valves.

When a natural heart valve becomes diseased or da-
maged, it stops functioning properly. In many cases,
damaged heart valves can be surgically repaired. How-
ever, when a heart valve is damaged beyond repair,
surgical replacement with a prosthetic heart valve would
be the only option for saving the patient’s life. Currently,
three basic types of heart valve prostheses are available as
clinical replacements. These are the mechanical pros-
theses, the biological prostheses, and the autologous tissue
valves.

3.1. Mechanical Heart Valve Prostheses (MHVs)

In 1951, Charles Hufnagel (1) introduced the first me-
chanical heart valve (MHV) for clinical use—the Hufnagel
Aortic Ball Valve. This early valve prosthesis was simply a
methacrylate ball contained in a methacrylate tube. The
valve was first implanted clinically in a patient with aortic
regurgitation in October 1952. Since then, various designs
of MHVs have been developed for both aortic and mitral
implantations.

Today, almost of the clinical MHVs are essentially
leaflet-type designs. There are three basic types of leaflet
MHVs: (a) the single leaflet (or tilting disc) types. Popular
commercial products of this type include the Medtronic
Hall MHV and the Bjork-Shiley MHVs; (b) the bileaflet
designs including the St. Jude Medical MHV, the On-X
MHVs, the ATS MHV, and the Medtronic Advantage
MHVs; (c) the trileaflet design include the recently devel-
oped Triflos MHV, which is at present ready for clinical
trials. Figure 3 shows an example of each type of the
leaflet MHVs.

In 1965, Jack Bokros (2) introduced pyrolitic carbon
(PyC) to the heart valve industry. This material has the
advantages of extreme hardness (second only to diamond),
unsuppressed wearability, and excellent blood compatibil-
ity. PyC was quickly adopted as the industrial standard
material for practically all modern MHVs. Figure 4 shows
a typical cross section of a pyrolitic carbon coated MHV
disc.

Today, commercial replacement mechanical heart
valves are manufactured with extremely high quality
and reliability. Surgical implantation of MHV has become
a routine clinical procedure with less than 5% operative
mortality, despite the fact that valve replacement is being
performed in increasingly older patients. In 2005, Bijl and
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van den Brink (3) reported the successful implantation of
four St. Jude Medical PyC bileaflet MHVs into a 67-year-
old woman to replace all of her four dysfunctional native
heart valves. The patient had an uneventful recovery, and
her symptoms improved from New York Association class

IV to class I. The patient continues to do well at one-year
post-implantation.

In spite of these clinical successes, today’s MHVs are
still far from ideal clinical replacements. MHV recipients
still face the risks of thromboembolic blood clots, blood cell
damage, and sudden material failure of the device (4).
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Classified as class III clinically implantable devices,
regulatory agents such as the U.S. FDA posted stringent
regulations on prosthetic heart valves. For a newly devel-

oped MHV, the U.S. FDA requires bench-top testing data
of 600 million cycles before pre-market approval can be
considered (5). The testing experiment must be conducted
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Figure 3. (a) Metronic Hall monoleaflet MHV; (b) St. Jude Medical bileaflet MHV; (c) Triflo three
leaflet MHV.
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in continuous operation under physiologic pressure with
the test valves open-and-close completely at each cycle.
The 600 million cycles is equivalent to that of 15 years of
continual usage in a human at the average heart rate of 70
beats per minute.

To expedite this testing process, MHV manufacturers
applied accelerated testing rigs of various designs to
shorten the bench-top testing period. Most of these accel-
erated bench-top experiments were carried out without
thorough consideration of engineering dynamic similarity,
which led to the disastrous Edwards Duromedics incident.

In 1982, the Edward Duromedics bileaflet MHV was
introduced to the market. The valve had to be withdrawn
in 1988 due to a number of leaflet fractures, which
resulted in broken fragments in recipient patient’s body
(6). Scanning electron microscopy of the explanted broken
valves revealed confined areas of pitting and erosion on
the leaflet PyC surfaces (7). This type of surface erosion
resembled the damage caused by cavitation, a common
problem often been observed in ship propellers and im-
pellers.

Applying a more physiological flow simulator and
computational fluid dynamic scheme, Hwang and his
colleagues (8–10) demonstrated that the high-speed
squeeze flow generated between the leaflet and valve
housing can create the conditions that characterize cavi-
tation. Using high-speed photography, several investiga-
tors later confirmed the squeeze flow cavitation
phenomenon along the leaflet/housing gap as seen clearly
in Fig. 5. Based on these studies, the 1994 Replacement
Heart Valve Guidelines of the U.S. FDA now requires an
evaluation of potential cavitation damage of MHV.

Short of a manufacturing defect, it is now generally
accepted that cavitation erosion of the PyC surface during
valve closure is the primary factor that causes cyclic wear
of an MHV. An accelerated MHV testing method based on
a stochastic process model was recently proposed (11) for
the manufacturers to evaluate their newly developed
MHV.

3.2. Bioprosthetic Heart Valves (BHVs)

Diseased or damaged natural heart valves can also be
replaced by heart valve prostheses manufactured from
modified biological tissue such as porcine aortic valve
leaflets or bovine pericardial membranes.

Upon sacrificing the donor animal, the harvested tis-
sues are first sterilized and cross-linked with a chemical
agent such as glutaraldehyde. The treated tissue mem-
branes are then sewed to a frame consisting of three stents
and a connecting sewing ring. Three different designs of
BHVs are shown in Fig. 6.

Anatomically, BHVs have the best resemblance with
the natural human aortic valve. The specific advantages of
BHV over MHV counterparts are low thrombogenicity and
less hemolytic central flow. However, these chemically
cross-linked BHVs have relatively limited durability.
BHVs are subjected to progressive deterioration due pri-
marily to intrinsic or extrinsic calcification, eventually
resulting in structural failure.

In general, BHVs are preferred for elderly patients who
are less likely to react to the chemically cross-linked BHV
material in the body, and a shorter life expectancy, say of
less than 10 to 15 years.

Today, tissue calcification is identified as the factor that
severely limits the durability of BHVs. Researchers in the

Figure 4. PyC coated leaflet cross section.

Figure 5. Cavitation bubbles at MHV closing.
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BHV industry and in several academic research labs have
been trying to search for another cross-linking agent that
can replace glutaraldehyde. However, even the most re-
cent attempts at this goal have been met with only limited
real success (11–14).

Through these emphatic research and concentrated
clinical observations, BHV researchers have found that
calcification of biological membranes is also directly re-
lated to the stress distribution in the membrane (15,16).
Prevailed upon this knowledge, a recently developed
bovine pericardium BHV known as the Arbors Aortic
Valve (see Fig. 6) was developed. The valve is designed
with each leaflet individually mounted on a separate
support for improved leaflet kinematics and improved
stress distributions. This valve is currently under clinical
evaluation.

In 1988, Carlos Duran proposed a homologous pericar-
dial aortic valve molded from a patient’s own pericardial
membrane during open-heart surgery. With a recently
improved mold design, the surgical procedure has been
significantly simplified. This proposed technique is cur-
rently in animal trials.

3.3. Emerging Technologies in Prosthetic Heart Valves

Tissue engineering (TE) may provide an alternative for
the development of the next-generation prosthetic heart
valves. Over the past decade, TE has become a rapidly
developing field in biotechnology, which offers the poten-
tial to create replacement tissues with the ability to grow
and remodel. The technology requires controlled growth of
seed cells derived from a patient’s own bone marrow on
biocompatible, biodegradable scaffolds. The development
of an engineered autologous tissue valve replacement has
only recently been reported, and the prototypes are under
investigation using various animal in vivo models (17,18).

4. SUMMARY

As a routine clinical procedure, heart valve replacement
surgery has a low operative mortality rate (less than 5%),
and most recipients survive more than 10 years without
major complications. At present, more than 250,000 re-
placement valves are implanted in patients each year
worldwide (18).

Despite the large number, manmade heart valve pros-
theses are still far from ideal replacements for natural
human heart valves. MHV recipients need to take daily
anticoagulation drugs to prevent thromboembolic blood
clots, while BHV recipients continue to worry about
valvular tissue deterioration that limits the long-term
durability, just to name a few of the problems faced by
patients receiving manmade heart valves.

Continued efforts in research and development on the
next generation of replacement heart valve prostheses will
rely on the close collaborations between the clinicians and
engineers of future generations.
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ABSTRACT

The article covers some historical investigation of
mammalian heart. The basic anatomy and natural func-
tion of heart valves, heart valve disease, and its treatment
with replacement prostheses are described. The FDA
regulatory requirements of mechanical heart valves, bio-
logical prosthetic heart valves, and tissue-engineered
replacements are discussed.
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1. INTRODUCTION

According to the National Science Board, the most recent
occupational projections from the Bureau of Labor Statis-
tics (BLS) predict that the employment in science and en-
gineering occupations will increase about three times
faster than the overall growth rate for all occupations.

The Bureau of Labor Statistics (BLS) Occupation Out-
look Handbook 2004–2005 presents that, by 2012, the fu-
ture job growth will be in (1) health care and social
assistance (increase by 32.4%) and (2) biomedical, biotech-
nology, and bioengineering (increase by 21–35%). Thus,
promising career and job opportunities exist for biomedi-
cal engineers.

BLS presents that employment in professional, scien-
tific, and technical services will increase 27.8% and add
1.9 million new jobs by 2012. Rapid growth of persons 65
years of age and older exists, and this growth results in
services and programs required by an elderly population.
As the health care and social assistance grows by 32.4%
and adds 4.4 million jobs by 2012, according to BLS, en-
gineers are surely a part of the job explosion in that sector.
Biomedical engineering (BME), biotechnology, and bioen-
gineering jobs are expected to increase by 21–35% by 2012
when compared with all occupations. In 2002, according to
BLS, biomedical engineers held 7,600 jobs. Manufacturing
industries employed 38% of biomedical engineers, primar-
ily in pharmaceutical and medicine manufacturing and
medical instruments and supplies industries. Many other
biomedical engineers worked for hospitals, government
services, and independent consultants for contracts.

BLS Occupation Outlook Handbook 2004–2005 pre-
dicts that by 2012 future job growth will be in

1. Health care and social assistance;

2. Biomedical, biotechnology, and bioengineering;

3. Nanotechnology;

4. Security and defense.

BME is becoming one of the popular undergraduate
degree programs in the United States. Based on the En-

gineering Workforce Commission (EWC) and American
Associations for Engineering Societies (AAES) 5-Year
Trend Analysis (1995–2000), although BME undergradu-
ate enrollment was only 1.6% of the overall undergraduate
engineering enrollment, the BME undergraduate enroll-
ment increased by 37.4%, whereas overall undergraduate
engineering enrollment decreased by 6.4%. During 1995–
2000, the graduate BME enrollment was 2.7% of overall
graduate engineering enrollment and the graduate BME
enrollment increased by 7.8%, whereas overall graduate
engineering decreased by 2.0%.

Table 1 presents the undergraduate and graduate en-
rollment with the percentages of women, international,
and underrepresented students in BME and overall engi-
neering.

BME attracts female students and the students of the
underrepresented groups for undergraduate and graduate
studies. Based on the American Society of Engineering
Education (ASEE) Profiles of Engineering and Engineer-
ing Technology Colleges (1,2), the percentages of BME
bachelor’s, master’s, and doctoral degrees awarded to
women are among the highest. The bachelor’s degrees
awarded to women in engineering was 19.9% (2001) and
20.4% (2003). Female bachelor’s degree recipients in BME
were 40% in 2001 followed by chemical engineering (35%)
and 40.4% in 2003 following environmental engineering
(42.1%). The master’s degrees awarded to women in engi-
neering was 22.1% in 2001 and 22.3% in 2003. Female
master’s degree recipients in BME were 38% in 2001 fol-
lowed by agricultural engineering (35%) and chemical en-
gineering (28%). In 2003, female master’s degree
recipients in BME were 38.3% following environmental
engineering (42.2%) and agricultural engineering (40.9%).
The doctoral degrees awarded to women in engineering
was 16.9% in 2001 and 17.4% in 2003. The female doctoral
recipients in BME were 30% in 2001 followed by chemical
engineering (24%) and industrial engineering (23%). In
2003, the female doctoral recipients in BME were 31.6%
following engineering management (33.3%) and computer
science (32.7%).

Women tenure/tenure-track faculty members in engi-
neering was 8.9% in 2001, and 9.9% in 2003: 4.4% (2001)
and 5.2% (2003) at the full professor, 11.1% (2001) and
12.3% (2003) at the associate professor level, and 17.5%
(2001) and 17.4 (2003) at assistant professor levels. The
highest percentages of women tenure/tenure-track teach-
ing faculty were in BME (15.8% in 2001 and 16.6% in
2003).

Table 1. Undergraduate and Graduate BME and Engineering Enrollment 1995–2000

Undergraduate BME Students (increased by 37.4%, 1995–2000) Undergraduate Engineering Students (decreased by 6.4%, 1995–2000)
* Women 37%
* International 4%
* Underrepresented 30%

* Women 19%
* International 6.1%
* Underrepresented 26%

Graduate BME Students (increased by 7.8%, 1995–2000) Graduate Engineering Students (decreased by 2.0%, 1995–2000)
* Women 29%
* International 29%
* Underrepresented 15%

* Women 18%
* International 45%
* Underrepresented 12%
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BME is the engineering discipline that has the highest
percentage of female tenure/tenure-track teaching faculty
and a very high percentage of female degree recipients (3–
6). A great potential exists for role models and for a men-
toring environment for women during their BME careers
in academia, industry, government, or independent con-
sultancy (3–6).

These numbers and percentages from undergraduate and
graduate BME enrollment are promising for the pipeline
and the diversity of engineers that will enter BME careers.

2. BIOMEDICAL ENGINEERING CAREERS

BME is an interdisciplinary field that applies engineering
and physical sciences into medicine to understand the
medical problems and to develop new medical technolo-
gies. BME consists of the basic and clinical applications of
biology, chemistry, physics, mathematics, and engineering
in medical sciences and life sciences to understand living
systems and to provide development of diagnoses, treat-
ment methods, and technologies for medical problems.
People with BS, MS, PhD and MD degrees in biology,
chemistry, physics, mathematics, engineering, and medi-
cal sciences can be employed for jobs in BME. These jobs
can be in basic or applied BME fields. The goals of the
BME jobs are to improve and maintain human health and
to positively impact the heath-care field. The accomplish-
ments of the biomedical engineers definitely impact soci-
ety by advancing health, prosperity, and welfare.

BME jobs and careers can be in traditional areas,
emerging areas, and priority areas. The emerging and
priority areas are time-sensitive, after a while, they may
become traditional areas. BME career opportunities can
be in academia, industry, government, and independent
consultancy or contracts. Thus, BME provides paths to
careers in many different economic sectors and areas.

Academic BME careers can be in teaching, research,
service, outreach, and administration. The government
BME careers can be in public service, administration, and
policy making.

The industry careers can be in:

* health care services;
* health care devices, products, and implant;
* medicine, dentistry, physical therapy, and medicine;
* bioprocessed materials and tissue engineering;
* pharmaceuticals;
* manufacturing, research and development; and
* assistive technologies.

BME jobs and careers require basic and fundamental
knowledge of physics, mathematics, chemistry, biology, in-
strumentation, and measurement, analysis, and process-
ing of biosignals. The biomedical engineers must integrate
knowledge of different disciplines and must collaborate for
the complex problems that require complimentary exper-
tise.

More BME jobs are appearing in key and emerging ar-
eas and technologies, including:

* Assistive technologies
* Brain-computer interfaces and human-machine in-

terfaces
* Biomarkers
* Biomedical informatics
* Biometrics
* Computational biology and bioinformatics
* Drug delivery and gene delivery
* Device miniaturizations
* High-performance computing
* Imaging
* Information-driven, telecommunications-driven, and

cyberspace-driven medicine and biotechnologies
* Medical data storage and software development
* Minimally or noninvasive methods and technologies
* Micro- and nano-sciences and technologies in medi-

cine and life sciences
* Sensors and signal processing
* Technology development for alternative medicine

BME career opportunities continue in the fields of:

* Accessibility, assistive technology, and rehabilitation
engineering

* Instrumentation and measurements in medicine
* Artificial devices, artificial organs, biomaterials, im-

plants, and tissue engineering
* Biochemical and optical devices
* Bioinformatics, biocomputing, and computational bi-

ology
* Biomechanics, orthopedic engineering, and neuro-

muscular systems
* Biomedical information technology
* Biosignal processing
* Biostatistics
* Biosensors and chemical sensors
* Biochemical engineering
* BioMems
* Biotechnology and nanobiotechnology
* Cardiovascular systems and devices
* Clinical engineering and health care delivery
* Computational neuroscience
* Molecular and cellular engineering and tissue engi-

neering
* Electrophysiology and bioelectricity
* Information technology in medicine
* Mathematical modeling in biology
* Medical imaging and image processing
* Micro and nanotechnologies in medicine
* Neural systems and engineering, neuroengineering,

neuroscience, and brain and neural networks
* Orthopedic biomechanics
* Physiological control systems and biocontrols
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* Proteomics
* Radiology
* Robotics and microrobotics in surgery
* Respiratory systems
* Telemedicine
* Virtual reality

3. BIOMEDICAL ENGINEERS: WHO ARE THEY?

As the new biomedical engineers start their BME careers,
they should be ready to develop diverse technical knowl-
edge and skills; to integrate knowledge of life sciences and
engineering for the medical problems, questions, issues,
devices, treatments, diseases, and diagnosis; to collaborate
and be able to transfer methods and techniques into new
problems. A biomedical engineer should be aware of the
BME industry and recent technologies and be ready to
have multiple careers in his professional BME lifetime.

BME is multidisciplinary and BME careers require col-
laborations and partnerships. BME education has many
open-ended problems. These open-ended problems can be
challenging and can be solved better with groups of people
from different disciplines who have different perspectives.

The biomedical engineers should have strong technical
knowledge and skills as well as soft or personal skills to
work in complex BME problems. As the biomedical engi-
neers integrate knowledge at different levels, they must
think critically and question to be excellent analyzers and
designers.

In addition to strong technical knowledge, BME careers
require a basic understanding of human and social dy-
namics with issues that focus on diversity, adaptability
and flexibility, and strengths, weakness, opportunities,
and threats of situations.

Biomedical engineers should further focus on profes-
sional development and interpersonal ‘‘soft’’ skill develop-
ment, especially development in the following areas,
which are critical for the BME workforce:

* Teamwork, conflict resolution, negotiation tech-
niques

* Effective written and oral communication and pre-
sentation skills

* Ethics and understanding of conflicts of interest
* Fundamental knowledge of economy and business
* Engineering business etiquette
* Public policy making
* Continuing engineering education
* Systematic engineering methods
* Partnerships between universities, academe-indus-

try and academe-government
* Diversity

BME careers can also provide leaders of engineering and
life sciences. These leaders must be decision makers and
problem solvers and should take risks for high returns.
Leaders in BME careers must also possess experience

with higher-level operational and supervisory control
and administration, implementation of needed outsourc-
ing, and detailed knowledge of strengths, weakness, op-
portunities, and threats in globalization.

BME careers motivate engineers and life scientists to
be life-long learners, to integrate technical knowledge of
different disciplines, to explore and challenge their poten-
tial, and to be entrepreneurs. A biomedical engineer can
have several different careers in his professional lifetime.
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CARTILAGE SCAFFOLDS
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1. INTRODUCTION

Perhaps due to its complex structure and composition, ar-
ticular cartilage has been known to be one of the most
common sources of pain and suffering in the human body.
For example, over 1 million surgeries to repair damaged
soft-tissue components of the knee occurred in the year
2000 alone (1). Moreover, over 150,000 total knee replace-
ment procedures were performed per year in the United
States alone (1). Many types of mechanical trauma as well
as diseases, including osteoarthritis, can lead to degrada-
tion of cartilage. Further complicating matters, the ability
of cartilage to regenerate or ‘‘heal’’ itself decreases with
age. This is because with age, chondrocyte (or cartilage
synthesizing cells) count decreases, cartilage structural
organization becomes altered, and a well-defined calcified
zone arises. In addition, collagen fibers in cartilage gen-
erally have thin diameters (0.5 nm) but become thicker
(however, still in the nanometer regime) with age and dis-
ease (2). Due to such altered cartilage structural organi-
zation, even low-impact stresses placed on the joint can
cause cartilage damage in older people. Therefore, under-
standing the structural and functional physiology of the
articular cartilage and implementing it into the treatment
process will improve the efficacy of articular cartilage re-
pair.

2. TYPES OF CARTILAGE TISSUES

All cartilages are not created equal. The cartilages of the
ear, nose, throat, sternum, distal femur, and meniscus are
all different in morphology as well as in some of their mo-
lecular constituents (3). Three types of cartilage are ex-
hibited in body: articular cartilage, fibrocartilage, and
elastic cartilage. Articular or hyaline cartilage forms the
load bearing surfaces of joints in the body. They are also
present in tissues of the larynx, tracheal tube rings, rib
and costral cartilage, nasal septum, and in the growth
plates of long bones. Fibrocartilage contains greater
amounts of collagen, less water, and less proteoglycan
compared with articular cartilage. They are mainly found
in meniscus of the knee joint, the annulus fibrosus of the
intervertebral disk, and the temperomandibular joint.
Elastic cartilage is more elastic and resilient than the
other two. Lower collagen content and elastin fibers are
present in the elastic cartilage. It can be found in the epi-
glottis, external ear structures, and eustachian tube (2).
Tailored tissue engineering is required to provide site-spe-
cific tissue repair.

3. COMPOSITION AND PROPERTIES OF HEALTHY
ARTICULAR CARTILAGE

In a joint (for example, the shoulder, the knee, the ankle,
etc.) where a wide range of motion is required, the artic-
ulating bone is covered with a thin (1 to 4 mm) dense white
connective tissue called hyaline articular cartilage. Artic-
ular cartilage, consisting of an extracellular matrix (com-
posed mainly of collagen type II, proteoglycans (such as
decorin and aggrecan) and water) and chondrocytes, pro-
vides wear resistance, low friction, and shear resistance.
Under normal conditions, it acts as a viscoelastic solid due
to viscous drag properties of the fluid permeating through
the tissue and the extracellular matrix (2). Articular car-
tilage displays a very low coefficient of friction (mE0.02;
(4,5)). In healthy cartilage, shock absorption allows artic-
ular cartilage to transfer mechanical loads to the under-
lying bone structures. Such behavior is a direct
consequence of the physiology of cartilage, which will be
described in the sections that follow.

3.1. Mechanical Properties of Articular Cartilage

The articular cartilage tissue is widely accepted as a
biphasic tissue, with collagen and proteoglycans forming
the solid matrix and water the aqueous portion. Due to
repetitive, cyclic, high compressive pressure loads (0–
18 MPa) applied to the cartilage tissue over many years,
the tissue has to withstand all types of forces (6). The lin-
ear Young’s modulus of articular cartilage is approxi-
mately 5–10 MPa (7). Articular cartilage behaves as a
biphasic viscoelastic material due to interstitial fluid
flow in compression (8), and due to motion of long poly-
mer chains such as proteoglycans and collagens in shear
(9). The magnitude of shear modulus in situ is on the order
of 10 Pa (9).

The articular cartilage tissue maintains or remodels its
matrix by responding to various stimuli. It is for this rea-
son that several studies have correlated mechanical stim-
uli to enhance synthesis and organization of molecules in
cartilage (10–13). Not only does the mechanical-stimuli
response-mechanism occur at the tissue level, but it also
occurs at the cellular level. Chondrocytes respond to these
stimuli through enhanced proliferation and deposition of
extracellular matrix proteins (such as proteoglycans and
collagen type II) among others. Specifically, mechanical
stimuli (such as hydrostatic pressures of 5–15 MPa, low-
frequency loading of 0.01–0.5 MPa, etc.) have been shown
to affect the synthesis of proteoglycans (14),
glycosaminoglycans, and other cartilaginous components
(15–17). Some have demonstrated that at high pressures
of 30 MPa or above, heat shock proteins were released by
chondrocytes, leading to articular cartilage damage.

3.2. Layers of Articular Cartilage

Articular cartilage is categorized into four zones: superfi-
cial, middle, deep, and calcified zones. At the bottom of the
deep zone is a calcified cartilage layer that interfaces sub-
chondral bone. Each zone contains a slightly different
structure, distribution, and content (Table 1).
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Furthermore, the collagen type II matrix is organized
differently in each layer; the top layer has a parallel align-
ment with the articulating surface (called superficial tan-
gential zone, STZ), the middle layer is composed of a
random distribution of the collagen fibrils, and the deep
zone contains a vertical alignment of collagen. Such an
organization of collagen accounts for a high shear modulus
(on the order of 10 Pa), thus providing resistance at the
articulating surface layer.

Collagen structure differences within each zone are ap-
parent as shown in Fig. 1.

3.3. Composition and Functions of Articular Cartilage
Extracellular Matrix

The extracellular matrix (ECM), which composes most of
the articular cartilage consists of water (65–80 wet wt. %),
collagen (type II, 10–20 wet wt. %), proteoglycans (aggre-
can, 4–7 wet wt. %), and other molecules such as hyalu-
ronate (o5%). Figure 2 illustrates the structural
arrangement of these components within the articular
cartilage ECM. In addition, a comprehensive list of all
ECM components specific to articular cartilage is provided
(Table 2).

Collagen type II accounts for 50% of the dry weight of
articular cartilage (22). The function of collagen is to pro-
vide tensile strength and to interact with proteoglycans in
the matrix. Collagen fibers tend to be thinner [25–200 nm
in diameter, (23)] in articular cartilage compared with
bone or tendon. Although other types of collagen are pres-
ent only in small amounts in cartilage, the presence of

these proteins is crucial to properties of articular carti-
lage. For example, collagen type IX (which is a more
branched collagen network) is crosslinked to collagen
type II in articular cartilage to enhance the insolubility
of the collagen matrix.

Proteoglycans in articular cartilage have two major
components: a hyaluronan backbone with attached aggre-
cans (22). Aggrecans (which are the large, aggregating
type of proteoglycan) compose 80–90% of all proteoglycans
in cartilage. Many aggrecans bind to the hyaluronate
chain, a long and unbranched glycosaminoglycan that is
not sulfated, forming a strong binding complex. This com-
plex can hold up to 200 aggrecans (22). Also, hyaluronate
is not bound to a protein core; therefore, it is not part of
the proteoglycan. Biglycan, decorin, and fibromodulin are
small proteoglycans that play a major role. Although these
small proteoglycans (30–65 kD) do not account for much in
weight, there are as many small molecules in cartilage as
the larger proteoglycans. Decorin and biglycan are ex-
pressed in the same tissue; however, decorin and biglycan
have different functions and locations. Decorin is most
abundant in the matrix and has been shown to delay col-
lagen fibril formation in vitro (24). In contrast, biglycan is
mainly pericellular and does not affect collagen fibril for-
mation. Fibromodulin also binds to fibrillar collagen (25),
which suggests that it may be complementing decorin in
matrix organization.

Metabolism of articular cartilage occurs mainly in two
ECM components: proteoglycans and collagens. A sche-
matic representation of proteoglycan metabolism is in Fig.

Table 1. Zonal Differences in Articular Cartilage [reprinted with permission from LeBaron et al. (18)]

Zone Composition Properties

Superficial Only a few chondrocytes are present Determines load-bearing ability and provides for a
gliding surface

Flat chondrocytes and collagen fibers aligned along
the surface—high tensile strength and stiffness
[Roth et al. (19)]

Proteoglycans scarce
Sheet of small fibrils with little polysaccharide

content at the top surface [Buckwalter et al. (20)]
Collagen fibers are present
Largest water content

Middle More chondrocytes are present than in the
superficial layer

Negatively charged proteoglycans create
intramolecular and intermolecular charge
repulsive forcesChondrocytes are spherical

Abundant proteoglycans
Collagen fibers are randomly distributed
Lower concentration of water than in the superficial

layer [Buckwalter et al. (20)]
Deep Clusters of larger chondrocytes are present

Chondrocytes have cuboidal shape and are aligned
in the vertical direction

Proteoglycans are present
Collagen fibers are present
Collagens are perpendicularly aligned to the

subchondral bone
Calcified Few cells are present Connects the deep zone of uncalcified cartilage to

the subchondral boneGreatest proteoglycan content
Abundance of calcium salts
Smallest water content
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3. Chondrocytes synthesize and release aggrecan, link
protein, and hyaluronate, which form a functional aggre-
gate. These aggregates are then broken down by proteases
secreted by the cells. These aggregate fragments are re-
leased into the synovial fluid, where the lymphatic system
carries them to the blood circulation (22).

Proteoglycan metabolism occurs as a physiological
event in the maintenance of normal tissue, and it can
happen as part of a repair or remodeling process. Pro-
teoglycan synthesis and catalysis occur rapidly (days to
weeks). Collagen, on the other hand, is much more stable
(years to decades) than proteoglycans.

3.4. Chondrocytes

Chondrocytes, the only cell line present in articular car-
tilage, maintain the cartilage structure by synthesizing,
assembling, and secreting matrix components that direct
the distribution of the synthesized matrix within the tis-
sue. The cells stabilize the matrix by responding to soluble
and insoluble mediators (such as cytokines and growth
factors), mechanical stimuli, hydrostatic pressure differ-
entials, and electric fields (i.e., the matrix component
changes). Chondrocytes only require a low amount of ox-

Zones

Superficial tangential (10–20%)

Articular surface

Tide mark
Subchondral bone

Cancelous bone

(STZ)

Middle (40–60%)

Deep (30%)

Calcified cartilage

STZ

Middle zone

Deep zone

(a)

(b)

(c)

Figure 1. Diagram of collagen ultrastructure pattern throughout the articular cartilage [Adapted
and redrawn with permission from Mow et al. (21)]. The superficial layer (STZ) (a) of the collagen
matrix is oriented parallel to the surface, and the bottom layer (or deep zone) (c) is aligned ver-
tically to the underlying bone surface. Collagens in the middle zone (b), however, are randomly
distributed.

Collagen type II fibril

Water

Attached aggrecan

Aggrecan
Hyaluronan

40 nm

Figure 2. Biochemical interaction network between collagen and
proteoglycans in the ECM [Adapted and redrawn with permission
from Mow et al. (21)].

Table 2. Composition of the ECMComponents of Articular
Cartilage [reprinted with permission from Mankin et al.
(22)]

Articular cartilage ECM component

Major components Water (65–80 wet wt. %)
Collagen type II (10–20 wet wt. %)
Aggrecan (4–7 wet wt. %)

Minor components Proteoglycans
(o5 wet wt. %) biglycan

decorin
fibromodulin

Collagens
type V
type VI
type IX
type X
type XI

Link protein
Hyaluronate
Fibronectin
Lipids
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ygen and nutrients to survive. As no vasculature or nerves
are present in articular cartilage, chondrocytes solely de-
pend on diffusive transport of nutrients for their mode of
survival. Diffusion transport is mainly facilitated by the
charged proteoglycan molecules attracting water and nu-
trients into the ECM and is enhanced by dynamic loading,
which displaces fluid from the tissue, allowing it to mix
with fresh nutrients in the synovial fluid, before it is re-
absorbed.

Chondrocytes generally have a rounded shape; how-
ever, as mentioned, the distribution and morphology of
chondrocytes vary depending on the zones in which they
reside. In the superficial layer, chondrocytes have a flat,
elongated shape, conforming to the matrix orientation. In
the middle zone, cells are more spherical, whereas in the
deep zone, cells tend to vertically align themselves. How-
ever, these cells are not in contact with each other, which
prevents them from direct communication via cell-to-cell
contact. For this reason, chondrocytes communicate vari-
ous mechanical, biochemical, and electrical stimuli via in-
soluble and soluble chemicals [e.g., Bone Morphogenic
Proteins (BMPs) 2 and 4 (26), Interleukin-1 (IL-1) (27)].
Because of their sensitivity to the matrix environment,
chondrocytes tend to dedifferentiate into a fibroblast-like

phenotype when cultured on two-dimensional surfaces for
long periods of time. They can, however, differentiate back
into their original chondrocyte phenotype when cultured
in three-dimensional matrix conditions. Brown and Benya
(28) have proposed that the correlation between the cell
shape and the chondrocyte phenotype is indirect, and that
actin and cytoskeleton rearrangement may indeed dictate
the phenotypical behavior of chondrocytes.

3.5. Synovial Cells

From fetal development to adult life, synovial cells and
chondrocytes have been found to originate from a common
precursor as well as having a close functional relationship.
Although chondroprogenitor cells of synovial origin have
not been studied for articular cartilage repair applica-
tions, some in vivo studies with adult rabbits and pigs
have demonstrated some indirect involvement of synovial
cells for repair of small partial-thickness defects (29).

3.6. Bone Cells

Articular cartilage covers the joint interface; therefore,
subchondral bone is located underneath the articular car-
tilage. Bone cells (specifically, osteoblasts, osteoclasts, and

Lymph
node

Lymph

?

Capillary

Synovial fluid
production
and turnover

Synovial
fluid

Protease

Protease

Chondrocyte

Golgi

Nucleus

Degradation

Fragments

Synovial
tissue

Blood
circulation

Liver

Kidney

Figure 3. Schematic of proteoglycan metabolic
pathways [included with permission from Mankin
et al. (22)].
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osteocytes) are the governing cells in bone. Osteoblasts
deposit new bone matrix, whereas osteoclasts resorb the
calcified matrix. Osteocytes are embedded within the bone
matrix and communicate with each other to maintain the
structure and functionality of the bone. In contrast to the
articular cartilage tissue, bone contains vasculature to
constantly supply cells of the bone tissue with a source of
oxygen, nutrients, and metabolite transport. Osteoblasts
and osteoclasts are constantly at work, depositing and re-
sorbing bone matrix, respectively, to heal fractured bones
and/or remodel bone. In some cases, mechanical stimuli to
bone activates certain molecules, such as growth factors
(e.g., transforming growth factor-b 1; TGF-b), which may
influence cell functions. Although the role of growth fac-
tors in cartilage repair has not been defined clearly at
present (22), due to close proximity, growth factors re-
leased by bone cells may influence chondrocyte function.

4. PROPERTIES OF DISEASED ARTICULAR CARTILAGE

Due to the diverse mechanical environment and chemical
mediators cartilage is exposed to, damage does occur. Ge-
netic disorder, inflammatory acute or chronic diseases,
chemical or nutritional diseases, and traumatic injuries
are some ways articular cartilage can be damaged. Rep-
resentative images of diseased articular cartilage are
shown below (Figs. 4 and 5). Figure 4 shows a full thick-
ness defect that reached the subchondral bone, as evi-
denced by the stain of blood on the surface. If the bone
underneath the articular cartilage, called the subchondral
bone, becomes affected, then hemorrhage, fibrin clot for-
mation, and inflammation can take place. A focal (a small
area but deep) defect in the articular cartilage is demon-
strated in Fig. 5, as indicated by the arrows.

As mentioned, articular cartilage has a limited capacity
for repair when the tissue is damaged or diseased. Under
normal circumstances, chondrocytes maintain the carti-
lage matrix by a constant synthesis and degradation pro-
cess (31). The main reason for the metabolism mechanism
is due to a lack of vasculature, a main source of oxygen and
nutrients in other tissues. The articular cartilage at-

tempts to repair itself by synthesizing more proteoglycans
and collagens as described, without success, only forming
fibrous tissue that does not provide sufficient properties
required for proper functioning. In full-thickness defects
(osteochondral defects), fibrocartilage may form, which is
closely related to hyaline articular cartilage embryonically
and histologically but is different in mechanical and bio-
chemical properties (21). This repair is made possible
through the penetration of the vascular supplies, fibro-
blasts, and progenitor cells into the cartilage from the un-
derlying bone. However, it can never completely heal, and
thus, the hyaline matrix deteriorates.

5. CURRENT TECHNOLOGIES FOR ARTICULAR
CARTILAGE REPAIR

Because articular cartilage has such a limited self-repair
mechanism and due to the lack of vasculature in the syno-
vial pocket, many treatment methods have been explored
to either regenerate the articular cartilage by surgical or
pharmacological means or to implant natural or synthetic
materials into the joint. It is important to note that all
have seen limited success; however, currently no widely
accepted treatment exists for the sufficient repair of all
cartilage defects.

5.1. Nonoperative Treatments

At early stages of cartilage defects, nonoperative methods
are usually applied to relieve pain and damage. Initial
steps are to lighten loads from the joint, via weight reduc-
tion, physical therapy, or use of braces for support. Phar-
macological substances have been coherently or
consequently administered to relieve pain or reduce in-
flammation.

The effectiveness of corticosteriod injections lasts sev-
eral months. Other pharmacological agents that stimulate
the growth of chondrocytes and deposition of matrix have
been explored; some of these substrates include growth
factors such as TGF b. TGF b has been shown to stimulate
proteoglycan synthesis (32). Insulin-like growth factor-1
(IGF-1) and Bone Morphogenic Protein-7 (BMP-7) have
also enhanced cartilage matrix synthesis (33). Pharmaco-

Figure 4. Image of deep osteochondral defect. Courtesy of Ches-
ter Knee Clinic. Arrows indicate the osteochondral defect.

Figure 5. Image of articular cartilage defect [reprinted with per-
mission from Laprade et al. (30)]. Arrows indicate focal defect in
articular cartilage.
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logical treatment methods still require further study as
the results are ambiguous and side effects can be delete-
rious to the patient.

5.2. Surgical Methods

When medications and physical therapy do not suffice,
surgical treatment of articular cartilage defects come into
play. One method is to penetrate the subchondral bone by
drilling, so that mesenchymal stem cells can migrate and
differentiate into chondrocytes to secrete an appropriate
ECM. However, fibrocartilage formed from this process
does not exhibit the required mechanical properties that
hyaline cartilage possesses, and eventually it fails (34).
Tissue grafts have been commonly used, such as autograft
(patient’s own tissue) and allograft (another person’s tis-
sue). For autologous tissue transplantation, perichondrial
grafts are commonly used, which can be detached from the
graft site but lead to incomplete restoration. Allogenic
osteochondral and chondral grafts do not attempt to in-
duce cartilage repair processes, but they replace the failed
tissue with healthy articular cartilage. These methods are
successful in some cases; however, there is limited supply
of autograft material in a patient’s body, and the immune
response may arise in allografts. For this reason, research-
ers have focused on synthetic or natural ex vivo materials
to repair articular cartilage.

Autologous Chondrocyte Implantation (Carticel) is an-
other method available for traumatic cartilaginous de-
fects, not suitable for osteoarthritic patients. Less
invasive in nature compared with other surgical methods,
Carticel is a promising cell-based therapy. Side effects in-
clude hypertrophic tissue at the repair site, intra-articular
adhesions, superficial wound infection, hypertrophic syno-
vitis, and postoperative hematoma.

5.3. Scaffolding Materials

Another promising method for the repair of cartilage is to
use tissue engineering scaffolds (with or without cells)
that allow eventual material resorption after implantation
as the tissue regenerates. Many natural scaffolds are in
commercial use today, beginning with derivatives of allo-
grafts and xenografts. Detailed descriptions and current
research activities will be discussed in the following sec-
tion.

6. SCAFFOLDS

A scaffold is a structural template that provides anchorage
for cell attachment and growth, leading to the natural tis-
sue development. Scaffolds of various mechanical and
chemical properties have been explored for cartilage ap-
plications.

6.1. Design Criteria

An ideal porous scaffold for regenerating the cartilage tis-
sues mentioned in the previous section should have these
characteristics (35,36):

* A highly porous three-dimensional interconnected
network of pores for cell infiltration and subsequent
tissue ingrowth

* Biodegradable or bioresorbable in a controllable man-
ner with a rate that matches that of tissue growth

* Appropriate surface chemistry to promote desirable
cell adhesion, proliferation, and differentiation

* Permeable for transporting sufficient amount of nu-
trients and metabolic waste to and from the cells

* Mechanical properties that match that of the tissues
surrounding the biomaterial in situ

* Ease of processibility for various desired shapes and
sizes

Several studies have confirmed that the scaffold pore size,
interconnectivity, and permeability (among other proper-
ties) play a crucial role in tissue repair (37–39). Specifi-
cally, in the following sections, porosity, permeability, and
mechanical as well as surface properties important for the
success of porous biomaterials are elaborated.

6.2. Material Surface Properties that Influence Chondrocyte
Function

Bio- and cyto-compatibility is a goal of any implantable
device. To achieve such compatibility, material surface in-
teractions with physiological molecules and cells play a
crucial role. Surface properties of the material do not nec-
essarily correlate to the bulk property of the material;
therefore, specific attention should be given to each factor
contributing to the cell–material interface reaction. The
complete list of factors contributing to cell–material inter-
action has not been well understood; however, several ma-
terial surface properties have been implicated to influence
the functions of chondrocytes: surface roughness, wett-
ability, chemical composition, and porosity (40–42). Al-
though it is not well known which property predominates
in the cell–scaffold interaction, each of these factors influ-
ences chondrocyte functions to a certain extent.

Specifically, several studies have shown that surface
roughness affects adhesion, proliferation, and subsequent
functions of various cell lines (43–45). Compared with the
conventional surface roughness, micron and nanometer
roughness of a material surface has been shown to en-
hance cellular functions. Nanometer roughness was
achieved through NaOH treatment on a poly(lactic-co-gly-
colic acid) (PLGA) surface and gained promising results.
Miller et al. and Thapa et al. then studied the topography
effect by eliminating the chemistry changes that occurred
when treating two-dimensional PLGA films with NaOH.
Specifically, a cast molding method was used for this pur-
pose, and the cast PLGA film enhanced vascular smooth
muscle cell numbers and bladder smooth muscle cell num-
bers over smooth PLGA.

Wettability and chemical composition affects how cells
interact with the material surface. A hydrophilic or hy-
drophobic surface may attract or repel certain types of
adhesive proteins, which are the molecules to first interact
with a surface in vitro or in vivo. Cells then adhere to the
surface where favorable proteins attached. The degree of
hydrophilicity can be dictated by the chemical composition
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of the surface. When charged ions are exposed on the sur-
face rather than being buried in the bulk of the material,
the surface exhibits greater hydrophilicity, whereas non-
polar molecules on the surface would cause hydrophobi-
city.

6.3. Chondrocyte Adhesion on Material Surfaces

As mentioned, proteins adhere to the surface almost im-
mediately after the material is in contact with a biological
fluid. This protein layer on the material surface influences
how cells will attach, grow, migrate, and differentiate into
a functional tissue (46). Conformation of the protein layer
and orientation of these proteins when adsorbed onto the
surface may dictate how cells will interact with the sur-
face (47).

After the adsorption of proteins onto the material sur-
face, cells attach to these proteins via integrins that act as
the cell surface receptors (Fig. 6). These receptors then
communicate binding to protein epitopes to the cytoskel-
eton in the cell, acting as mediators of signaling pathways
for the chondrocytes to react to its environment (48).

Several adhesion molecules in chondrocytes have been
identified and explored. Examples of these are integrin
receptors a1, a2, a3, and a5 of b1; intercellular adhesion
molecule-1 (ICAM-1); syndecan-3; and CD44H (51). The
ECM proteins that have been reported to be adhesive to
chondrocytes include fibronectin, vitronectin, several col-
lagen types (like II, V, VI, IX, X, and XI), osteopontin, la-
minin, and perlecan, among others (48,52,53).

6.4. The Role of Porosity, Pore Size, and Interconnectivity

Porosity can also influence how cells behave in a scaffold.
Open pore structure is desirable in most tissue engineer-
ing applications, providing enhanced cell seeding, cell at-
tachment, proliferation, ECM production, and tissue
ingrowth. Both in vitro and in vivo studies have shown

osteoblast proliferation and differentiation in PLGA foams
(54,55). A study by Sherwood et al. (56) reported that
osteochondral composite scaffolds with 90% porosity (op-
timal for cartilage) at the cartilage portion allowed full
incorporation of the chondrocytes into the scaffold.

Permeability, or high interconnectivity of the pores, is a
crucial property in a porous scaffold material due to its
influence on cellular communication (36), adaptation to
mechanical stimulation (57), and prevention of the accu-
mulation of acidic degradation byproducts (58,59). It also
allows for uniform cell seeding and distribution, as well as
proper diffusion of nutrients and metabolic wastes. Inter-
connectivity of the pores is highly correlated to the pore
geometry and size. Figures 7 and 8 show fibrous and foam
scaffold structures. Li et al. (Fig. 7; (60)) have used elect-
rospinning to create a nanostructured fibrous mesh to in-
crease porosity and the pore interconnectivity. The fiber

Surface properties affecting protein conformation/bioactivity:

Wettability; topography; etc.

Cell membrane

Adhesive peptide sequence of protein

(for example arginine-glycine-
aspartic acid (RGD))

Integrin receptors

(for example: vitronectin,
fibronectin, collagen, etc.)

Integrin

Fibronectin

Ca2+�

�

Cytoskeleton

RGD

Cell

Proteins

Substrate

Figure 6. Cell surface adhesion mechanism. Adapted and redrawn with permission from
Schakenraad (49) [Webster et al. (50)].

Figure 7. Scanning electron micrograph of a fibrous scaffold
structure. Bar¼10mm. Reprinted with permission from Li et al.
(60).
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dimensions also attempt to mimic the collagen network in
the physiological cartilage matrix. Pores need to have di-
ameters greater than 50 mm to allow penetration of the
cells in the matrix. A study by Levesque et al. (61) has
shown that a macroporous structure and high intercon-
nectivity enhanced cell penetration and nutrient diffusion.

6.5. Natural Scaffolding Materials

Numerous biodegradable natural materials have been
studied to date, including hyaluronic acid-based materi-
als (62) and collagen sponges and gels (63). These mate-
rials exist in the ECM of most parts of the body. They show
potential as cartilage scaffolds, demonstrating successful
growth of cartilage matrix (62,63). For example, one study
by Solchaga et al. investigated the treatment of osteochon-
dral defects on femoral condyles of rabbits by implanting
hyaluronan-based polymers (64). Experiments were car-
ried out for 4 and 12 weeks. At 4 weeks, most of the im-
plantation area was filled with bone and the surface layer
was composed of undifferentiated fibrous tissue, pure hy-
aline cartilage, and various stages of tissue regeneration
in-between. At 12 weeks, more hyaline cartilage was ob-
served on defects with hyaluronan-based implants com-
pared with untreated defects; however, cracks and fissures
were observed in the biomaterial that will clearly influ-
ence its mechanical properties and eventual performance.

Furthermore, these materials have low chemical sta-
bility and therefore require modification to last long
enough for the desired tissue to form (65). In that modi-
fication process, cross-linking agents or other chemicals
incorporated into these materials may be cytotoxic, thus
decreasing the potential of the materials for implant ap-
plications. In addition, there is difficulty in finding natu-
rally derived materials in great enough quantities to
satisfy the vast number of surgeries performed each
year. Lastly, uncertainty of pathogen removal from these
natural tissues remains difficult and is a source of con-
stant concern of patients.

6.6. Synthetic Scaffolding Materials

To accommodate concerns associated with naturally de-
rived materials, synthetic materials have also been ex-
plored. They can easily be customized for specific
applications and can be mass produced. Many research-
ers have studied various materials for articular cartilage
repair, specifically by growing isolated chondrocytes on
polymeric scaffolds (63,66–68). Some of the nondegradable
synthetic materials investigated for this purpose include
silicon rubber (69), polyethylene terephthalate (Dacron)
(70,71), and polyurethanes (72). According to an in vivo
study that implanted Dacron into the femoral condyles of
rabbits for 6 and 12 months to repair osteochondral de-
fects, some deposition of collagen type II was witnessed
(70). These results were compared with ungrafted defects
and periosteal grafting. However, debris formation from
the polymer degradation and initial occurrence of synovi-
tis prevented achievement of normal cartilage morphology
and mechanical properties.

Synthetic as well as natural hydrogels have received
tremendous attention for a wide range of biomedical ap-
plications due to their water retaining capability. Exam-
ples of synthetic hydrogels include poly(vinyl alcohol)
(PVA), poly(ethylene glycol) (PEG), and poly(ethylene ox-
ide) (PEO). These hydrogels possess similar water content
to articular cartilage and can be injected into the defect
site, requiring a minimally invasive treatment method.
However, mechanical properties of these hydrogels, with-
out any modification, do not match the harsh physiological
mechanical conditions. Recent research has focused on
improving mechanical properties via chemically (e.g.,
cross linking or creating composites; (73–75)) or physically
(e.g., freeze–thaw processing; (76)) modifying the hydro-
gels. Other synthetic biodegradable materials such as
poly(lactic-co-glycolic acid) (PLGA) copolymers (77), are
known to be biocompatible (78–80); they have also been
investigated to serve as cartilage prostheses. Chondro-
cytes have been shown to proliferate and produce a matrix
after 12 weeks of implantation of poly(glycoic acid) (PGA),
according to Ma et al.

Biodegradable polymers are crucial to completely re-
constructing articular cartilage from synthetic scaffolds.
PLGA is also one of few synthetic materials that has been
used in products approved by the Food and Drug Admin-
istration for clinical applications. However, conventional
PLGA, in the form as used today, does not mimic the
nanometer topographical features that collagen and other
ECM proteins create in situ. Alternatively, synthetic bio-
materials that simulate the zonal characteristics of the
physiological tissues may provide a novel solution for car-
tilage regeneration (81).

7. FUTURE DIRECTIONS AND CONCLUSIONS

7.1. Identification and Use of Appropriate Cell Types

Most studies have concentrated on adult chondrocytes,
which are easy to isolate and study through enzymatic
digestion from the mature articular cartilage. Progenitor
cells from periosteum and bone marrow can be differenti-

Figure 8. Scanning electron micrograph of a PLGA foam scaffold
structure. Bar¼1 mm.
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ated into both chondrocytes and osteoblasts according to
Wakitani et al. (82). Other progenitor cells also have the
potential to differentiate into these cells, given the appro-
priate culture conditions. The use of such cells compen-
sates for a limited supply of autologous chondrocytes, loss
of phenotype with expansion, or chondrocytes of a dis-
eased state in osteoarthritic joints; thus, cartilage repair
can be more promising.

7.2. Bioreactors

As the physiology of the articular cartilage dictates, an
appropriate biomechanical environment is crucial to
chondrogenesis and proper matrix production. Fluid shear
stress is a low but significant mechanical stimulus that
affects chondrocytes, which can be provided by bioreactors
instead of a static cell culture environment. Besides such
mechanical stimulations, bioreactors may function in the
following ways:

* Facilitate spatial distribution of the cells within the
scaffolds

* Control culture medium conditions such as pH, tem-
perature, oxygen level, nutrients, etc.

* Provide physical signals appropriate for the target
tissue (e.g., shear, pressure, compression)

* Support mass transfer between cells and the culture
environment (83)

Various types of bioreactors have been developed and
used: spinner flasks, microcarriers, perfusions culture,
and rotating-well bioreactors. Specifically, a spinner flask
would fasten chondrocytes on a scaffold with needles at-
tached to the stopper of the flask, and a magnetic stirring
bar would constantly mix the medium. Microcarriers can
culture individual cells in suspension by constantly stir-
ring media similar to the spinner flask method. Perfusion
culture systems allow for elimination of unwanted shear
gradients that can be created by mechanical mixing,
through the use of a peristaltic pump, delivering a con-
stant flow of media to the scaffold containing chamber.
Another promising bioreactor design is the rotating-wall
vessel reactor that uses two concentric cylinders. Perme-
able inner cylinders remain stationary, providing gas ex-
change, whereas the nonpermeable outer cylinders rotate.
Perfusion of media is maintained in the space between the
two cylinders. This method better accommodates the con-
ditions for tissue formation from the scaffolds compared
with the perfusion culture system. Optimizing the biore-
actor parameters may further enhance cartilage repair.

7.3. Surface Modification of Scaffolds

As mentioned, the surface properties of the scaffold mate-
rial greatly influence protein/cell/material interactions.
Initially, the surface topography of the scaffold should
mimic that of natural ECM (i.e., anisotropic nanostruc-
tured fibrous and highly porous scaffold that mimics car-
tilage zonal structure) as well as an appropriate chemistry
to promote specific binding of the proteins. Using a natu-
ral material or protein/peptide pre-adsorption on syn-

thetic materials may suffice. However, further studies
investigating the potential of using peptide sequences or
specific proteins will need to be done.

7.4. Summary

As discussed, there are numerous opportunities for de-
signing better biomaterials for cartilage applications. Due
to the unique structure and limited healing characteris-
tics of cartilage, this presents a difficult set of problems to
the biomaterials community.
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1. WHAT ARE ADHESION MOLECULES?

It has long been known that cellular information trans-
mission occurs via the release of chemokines and cyto-
kines. The appreciation that cell adhesion molecules are
also important signal transducers is more recent. It was
thought that cell adhesion molecules function primarily as
a form of cellular glue—important for the maintenance of
tissue integrity by binding cells and matrix components.
Numerous studies now demonstrate clearly that adhesion
molecules also act to transmit both chemical and mechan-
ical signals across cell membranes, sometimes in a bidir-
ectional manner. In some cases, adhesion molecules have
been shown to form a central component of a larger
protein scaffold, integrating and providing specificity for
multiple cytosolic signaling protein activities.

Efficient cloning techniques have led to the isolation
and characterization of a wide range of cell surface
proteins with a role in cell adhesion (1). These proteins
have been segregated into families according to common
structural and functional properties (Fig. 1). This review
will not provide a review of these families or their struc-
tural characteristics, but instead will concentrate on the
biochemical properties that define an adhesion molecule
and examine how some of the interactions with other
cellular proteins influence signaling outcomes. The reader
who wishes to examine in detail the structural and func-
tional properties is directed to one of the many excellent
reviews on this topic (1–4).

Functional analyses using recombinant proteins in a
range of biochemical assays have defined two general
modes by which adhesion molecules interact with one
another—homophilic (self-binding) and heterophilic
(non-self-binding) adhesion. Binding domains have been
characterized with a varying degree of specificity and
numerous physical interaction models have been derived
at various resolutions. This approach has several limita-
tions, however, and highlights the fact that the process of
cellular adhesion involves more than just direct physical
association. A standard definition of a cell adhesion mole-
cule is a cell surface receptor whose interaction with a
ligand leads to the attachment of a cell to either another
cell or extracellular matrix substrate. A series of common
observations helps to extend this definition further, with
cognate recognition generally leading to receptor multi-
merization and redistribution of these receptors within
the plasma membrane, which is characteristically
mediated via a link between adhesion molecules with
cytosolic proteins, particularly components of the cytoske-
leton (Fig. 1).

2. FUNCTIONAL DIVERSITY FROM VARIABLE BINDING
KINETICS

The complex and dynamic nature of these structures are
particularly evident when the biophysical properties of
adhesion molecule interactions are considered. Cellular
adhesiveness is a product of the affinity of the individual
receptor/ligand bonds and the bond number (bond va-
lency). The latter is dependent on binding pair density,
receptor/ligand orientation, and diffusion properties
across the adhesive surfaces. Receptor-ligand binding
characteristics are often quantified with Kd values—cyto-
kines and their receptors typically have affinity constants
of 1010 M or greater, providing biological activity at sub-
nanomolar concentrations. Intriguingly, cell adhesion mo-
lecule/ligand binding interactions typically have low-
affinity constants, with a Kd in the 106 to 108 M range.
These observations initially seem at odds with a biophy-
sically demanding process responsible for cellular dy-
namics. In fact, more sophisticated kinetic analyses of
receptor ligand pairs are required and demonstrate that a
marked variability exists in the quality and quantity of
the adhesive force. Association rates (kon, characterizing
the probability of bond formation) and dissociation rates
(koff, characterizing the duration of a formed bond) vary
significantly between different ligand/receptor types, with
important consequences for adhesive characteristics.

This spectrum of binding dynamics is clearly seen when
two adhesion molecule families are compared—the selec-
tins and the integrins. An early event in leukocyte recruit-
ment from the circulation depends on adhesion mediated
by selectin family members. These interactions tether
flowing leukocytes to the wall of the blood vessel, leading
to rolling of the leukocytes along the endothelium (5).
Supporting their function, selectins have been shown to
have rapid bond association (kon) and dissociation (koff)
rate constants. The interaction of L-selectin with the
ligand glycosylation-dependent cell adhesion molecule-1
(GlyCAM-1) was studied, finding a Kd of 108 mM. Plasmon
resonance studies found a very fast dissociation rate
constant of Z10 s� 1 and a calculated association rate of
Z105 M� 1 s� 1 (6). Similar dynamics have been demon-
strated for other selectin family members (7). Flow cham-
ber analyses also show that selectin-ligand bonds are of
high tensile strength, again supporting a cellular rolling
function (8), with fluid shear as a critical requirement for
the rolling process (9).

Subsequent chemokine-dependent activation leads to
integrin activation, which, in contrast to the rolling
processes mediated by selectin binding, leads to strong
binding of cells to the underlying substrate. This process is
extremely complex and depends on integrin association
via several affinity states (10), and simple kinetic analyses
are unlikely to be representative of cellular function.
Coordinated supramolecular clusters that include the
cellular cytoskeleton form stable structures leading to
cell anchorage and potential exit from the circulation via
diapedesis (11). Binding is clearly not irreversible, as the
latter stage is clearly dependent on bond turnover (12).
These properties are critical to integrin dynamics, and the
resultant functional flexibility is important during dy-
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namic migration processes in which cells are environmen-
tally responsive. Cellular activation leads to rapid changes
in leukocyte behavior, for example, circulating as nonad-
herent cells in the blood and lymph, but migrating as
adherent cells throughout tissues (13,14).

Integrins form dynamic structures and can exist in
several different affinity states; these states can be modu-
lated by both extracellular factors and intracellular fac-
tors (15–17), which introduces an important concept in
integrin dynamics. The phenomenon whereby extracellu-
lar binding properties are altered by intracellular stimuli
(inside-out signaling) occurs rapidly, in seconds to min-
utes, with integrin expression levels constant. Integrin
function changes as a result of conformational changes
that increase their affinity for their respective ligand, with
additional secondary changes to avidity following cytoske-
letal reorganization and receptor clustering (10,13,18–20).
The process of receptor clustering (high affinity and
avidity) appears to lead to a different functional outcome
from that found in a purely high-affinity state. The high-
affinity integrin a5b1 is important during phagocytosis of
soluble fibronectin, but a high-avidity state is implicated
in cell adhesion to this matrix (21,22).

The latter discussion clearly suggests that cellular
interactions via adhesion molecules are dependent on

more than just simple physical association properties
(cellular ‘‘glue’’). Characterizing the nature of the bio-
chemical interactions underlying these cellular conversa-
tions has proved one of the most challenging areas in the
field of cell adhesion and is the subject of intensive
research (Fig. 2). A comprehensive discussion of all as-
pects is clearly beyond the scope of this review. Instead,
the signaling receptor function and some of the underlying
biochemical interactions are examined for four adhesion
molecule families—selectins, integrins, the cadherins, and
the IgCAMs.

3. ADHESION RECEPTOR FAMILIES

3.1. Integrins

The integrin superfamily members are heterodimeric cell
surface glycoproteins consisting of a and b subunits; each
has a large extracellular domain, a single transmembrane
region, and a short cytoplasmic domain. 16 different a
chain and 8 different b chain components have been
identified to date; 21 pairing combinations have been
identified. Generally, the a chain dictates ligand specifi-
city, whereas the b chain partner performs a regulatory
role (14). Integrin family members act primarily to bind

  β catenin
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Extracellular matrix
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Figure 1. Cell adhesion molecules. The basic
structures of Cadherins, IgCAMs (e.g., NCAM),
integrins, and selectins (e.g., P-selectin) are
shown. The extracellular portions bind homo-
and heterophilically, with additional interactions
with multiple cytosolic proteins (see text).
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extracellular matrix (ECM) components, including fibro-
nectin, laminin, and collagen, with sites of linkage form-
ing structures known as focal adhesions (23).

Many biological processes are dependent on integrin
function, including embryogenesis and the subsequent
maintenance of tissue integrity via hemostatic, inflamma-
tory, and healing processes (24,25). Studies have paid
particular attention to the role of integrin family members
in leukocyte biology and have found roles in leukocyte
migration, cellular conversations during antigen presen-
tation, and functional outcomes, including phagocytosis
and cytotoxicity (21,26–28).

As well as the inside-out signaling phenomenon de-
tailed previously, integrins are able to respond to extra-
cellular binding events, transmitting this signal inside the
cell (outside-in signaling). These stimuli may lead to
changes in cell proliferation, differentiation, gene expres-
sion, and migration (16,29,30). The specific underlying
signaling pathways were initially unclear, with the excep-
tion of the b4 integrin subunit, the cytoplasmic domain of
integrins are short and it was considered unlikely that
integrins would possess the capacity to transmit signals
directly. In fact, a large body of evidence now exists that
integrin ligation leads the direct recruitment and engage-
ment of multiple intracellular proteins with complex and
diverse functions, with activation of mitogen-activated
protein (MAP) kinases a common endpoint (31,32).

Integrin-mediated adhesion results in the activation of
the nonreceptor tyrosine kinase focal adhesion kinases
(FAK), which results in tyrosine phosphorylation events,

reversible on receptor disengagement. These processes
play important roles in determining several cell fates,
including apoptosis and migration (31,33,34). The specific
link from integrin to FAK is not clear. FAK does not
appear to physically associate with integrins, but activa-
tion is vulnerable to sequence modifications in the integ-
rin cytoplasmic tail (35,36). Subsequent events may
include Src recruitment to the newly phosphorylated
Y397 site on FAK. Src leads to the phosphorylation of
additional sites on FAK, recruiting Grb-2 and the Ras
exchange factor Sos, which leads to Ras activation and
activation of Raf-1, Mek, and Erk (37).

The importance of FAK in activating the MAP kinase
pathway is not universally accepted. Under certain con-
ditions, integrin-activated Erk activation appears to by-
pass FAK activation altogether (38,39). These studies
propose that the integrin signal is transduced across the
membrane to calveolin-1. This pathway does not involve
FAK; instead, it uses Fyn activation to phosphorylate Shc,
linking in to the Grb-2/Sos complex as before (40). In fact,
it is likely that the specific cellular cascades are cell
context dependent. Differential FAK phosphorylation has
even been observed in two-dimensional vs. three-dimen-
sional cell culture conditions (41).

Another important consequence of integrin engage-
ment is activation of the Ras GTPase superfamily mem-
bers Rho, Rac, and CDC42 and resultant interactions with
the actin cytoskeleton (42,43). This pathway forms an
important feedback pathway, potentially influencing the
‘‘outside-in’’ properties of integrins (17). Both Rho and Rac

Stage 1
Receptor-ligand

interactions
Stage 2

Adhesion molecules -
intracellular signalling and

receptor cross-talk

IT
IMP

IT
IMP

SHP-2
SH2

SH2

SIGNALS

Receptor
CROSS-talk

IgCAM

IgCAM

CD31

Integrin

Figure 2. Stages of adhesion molecule studies.
Studies using cell-based assays and purified pro-
teins defined receptor-ligand interactions and
specificities. The second phase explored how
adhesion receptors (in this case, CD31/PECAM-
1) form conversational networks with other re-
ceptors, as well as with signaling proteins via cis

interactions. Ligation of CD31 leads to phosphor-
ylation of the ITIM motifs in the cytoplasmic tail,
which leads to SH2-domain-mediated association
of signaling proteins including SHP-2, leading to
further downstream signaling (‘signals’) (see
text). CD31 engagement can also lead to multiple
changes in integrin function (‘receptor cross-
talk’), although the signaling pathways are un-
clear.
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activation may lead to LIM-kinase activation, with sub-
sequent cofilin inactivation and increased actin filament
assembly (44–46). Other parallel pathways exist, invol-
ving the WASP and WAVE adaptor proteins and the Arp 2/
3 complex, again resulting in actin network reorganiza-
tion (47,48).

To conclude, combinations of integrin/ligand interac-
tions, macromolecular complex aggregation via the cytos-
keleton, and subsequent signal integration results in
bidirectional information transfer (inside-out and out-
side-in), modulating a wide range of cellular outcomes.

3.2. The IgCAM superfamily

This family includes a large number of distinct adhesive
receptors, with a wide cellular distribution and involve-
ment in a variety of cell processes. The recurrent common
structural motif is the immunoglobulin (Ig) fold, with
members typically having a large extracellular domain
possessing one or more of these structures, a single
transmembrane region followed by a cytoplasmic tail (31).

3.3. Neural CAMs

Axonal guidance processes in the developing nervous
system is highly dependent on IgCAMs and NCAM, con-
taining five Ig folds is probably the best characterized
neural Ig superfamily member. It interacts homophili-
cally, but is also involved in heterophilic interactions
with L1 (49), heparan sulphate proteoglycans, and several
collagens (50). Other neural IgCAMs bind heterophilically
interacting L1, NgCAM, TAG1, contactin, netrin recep-
tors, and Ephs (51–53).

Interactions between cell adhesion molecules and re-
ceptor tyrosine kinases may occur within the plasma
membrane in a ‘‘side-to-side’’ orientation (cis association).
These functional arrangements are potentially function-
ally important for many CAMs. NCAM triggering during
axonal migration involves several signaling processes,
including phospholipase activity, diacylglycerol produc-
tion, and intracellular calcium increases. The specific
interactions mediating these processes are not clear, but
have long been thought to involve binding of NCAM, N-
cadherin, and L1 with type 1 fibroblast growth (FGFR).
Protein motif studies and the disruption on interactions
with soluble peptides suggested that these proteins were
involved extracellularly in a cis-interaction (54). The
direct interaction between NCAM and FGFR has been
demonstrated biophysically, with the interaction site dis-
rupted by the presence of ATP. It was therefore postulated
that the assembly of these multimeric complexes leads to
the amplification of existing signals from FGFR ligands.
Release of ATP at the synaptic contact may to lead to the
complex disassembly, providing a structural negative
feedback control. This model would form a potent example
of how adhesion and signaling pathways are modulated by
direct physical interactions at the level of the plasma
membrane. This model is not universally accepted; how-
ever, (52) other signaling pathways may be involved, with
studies demonstrating the association of NCAM and L1
with cytosolic tyrosine kinases, including FAK, p59Fyn,

and Src, linking in to the Erk/MAP kinase cascade (55–
57).

3.4. CD31 (PECAM-1)

Studies on CD31 (platelet-endothelial-cell adhesion mole-
cule 1 or PECAM-1), provide a clear example of a protein
that has a dual identity as both an adhesion molecule and
signaling receptor. It was originally described and char-
acterized as an adhesion molecule with expression re-
stricted to platelets, monocytes, neutrophils, particular T
cell subsets, and endothelium. Subsequent studies clearly
demonstrated that it is unable to support strong cell
adhesion, and that the primary function may be to mod-
ulate numerous signal transduction processes, with a wide
range of potential functional outcomes (58).

The signaling properties of CD31 were first demon-
strated in experiments in which stimulation of platelets
with thrombin or phorbol ester led to the serine phosphor-
ylation of CD31 (59). Later studies found that a range of
stimuli, including shear flow and IgE receptor engage-
ment, in a variety of cell types led to the phosphorylation
of two tyrosine residues in the cytoplasmic tail of CD31,
with the Src family members, including p56lck, p56lyn,
and p53lyn, thought to be responsible kinases (60–66).

Tyrosine phosphorylation has important biochemical
consequences, with recruitment of the tyrosine phospha-
tases SHP-1 and SHP-2, with association of the phospha-
tase SH2 domains to the CD31 phosphotyrosine-
containing recognition motifs (ITIM) (60,62). Other pro-
teins may associate via similar mechanisms, including the
inositol phosphatase SHIP (67). It is thus suggested that
PECAM-1 is a member of a family of ITIM-containing
IgCAMs with common phosphatase-recruiting properties,
providing important negative signaling properties, poten-
tially counteracting a range of tyrosine-kinase dependent
signaling events (68).

4. CADHERINS, CATENINS, AND THE WNT SIGNALING
PATHWAY

Cadherin family members have a common structural
motif composed of multiple repeats of a cadherin-specific
module. The classic cadherin subfamily consists of five
modules, a transmembrane region, and a cytoplasmic tail.
The extracellular portion permits calcium-dependent
homophilic binding (4,14,69), which form rigid dimers
that associate with similar structures on opposing cells.
These supramolecular assemblies form stable adhesions
(14,69,70). Cadherins are linked intracellularly to cate-
nins. b-catenin interacts directly with cadherins, whereas
a-catenin links the cadherin/b-catenin complex to actin
filaments. These links provide stability at the cellular
adherens junction, with p120-catenin forming another
important constituent of this assembly (71). In a situation
analogous to integrins, evidence exists that for outside-in
and inside-out signaling pathways. Studies suggest that
cadherin ligation during intercellular contact leads to
Rac1 and Cdc42 activation. These proteins colocalize
with cadherins and inhibit the interactions between b-
catenin and IQGAP1, releasing b-catenin to interact with
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a-catenin. Strengthened cadherin/catenin association
with the cytoskeleton occurs, increasing intercellular cel-
lular adhesion (72,73). The dependence of this process on
other factors, including phosphatidylinositol-3-kinase, is
controversial and may depend on the cell type (74).

A link between the cadherin/catenin and the Wnt/
wingless signaling pathways has emerged in recent years,
with important functional implications for epithelial cell
organization and function. Wingless is a cellular signal
that plays a key role in numerous developmental pro-
cesses in Drosophila and Wnt in the analogue protein in
vertebrates. Regulation of the Wnt pathway is frequently
disrupted in carcinogenesis (75,76).

b-catenin homeostasis is complex and regulated by
physical association with several intracellular proteins.
As previously detailed, b-catenin is present at the cell
membrane in association with cadherins. Additionally, it
is found in the cytoplasm, bound to an adenomatous
polyposis coli (APC) tumor suppressor gene product/axin/
conductin complex. Finally, it is present in the nucleus,
bound to members of the T-cell factor/lymphoid enhancer
factor (TCF/LEF) family. The latter complex is responsible
for transcriptional regulation of several cell cycle control
and differentiation genes (77).

Wnt factors form a number of secreted glycoproteins,
binding to receptors of the frizzled (fzd) family in combi-
nation with the low-density lipoprotein receptor-related
protein (LRP) (76), the signal resulting in inhibition of
glycogen synthetase kinase-3b (GSK3b) activity, which
reduces degradation of the APC/axin-bound b-catenin,
increases the amount of b-catenin available for nuclear
translocation, and leads to an increase in gene transcrip-
tion (78). The functional importance is seen during the
frequent mutations or inactivation of E-cadherin and b-
catenin in carcinogenesis. E-cadherin acts as a tumor
suppressor gene, with the functional inactivation of E-
cadherin, a-catenins and b-catenins found in infiltrating
cancers (79). The resulting loss of epithelial cell adhesion
would permit cellular dissemination, leading to a shift
from adenoma to invasive carcinomas (80).

5. SELECTINS

The selectin family consist of three members (E-, L-, and
P-selectin) that capture fast-moving leukocytes from the
circulation. Their structure includes an amino-terminal
lectin domain, an epidermal growth factor (EGF)-type
domain, several protein repeats, a transmembrane region,
and a small cytoplasmic region. Their specific properties
and cellular distribution are distinct, but, as detailed
previously, their adhesive properties are dependent on
fast-on and fast-off rate interactions with carbohydrate
ligands, leading to rolling interactions of leukocytes on
endothelium (81). Although the extracellular binding
properties are well described, signaling events mediated
by selectins are largely unknown. Although it might seem
counterintuitive that these short-lived interactions might
lead to significant signaling events, they reproducibly
produce similar end effects. As a rule, ligation of selectins
or their counter-receptors lead to alterations in b2 integrin

function, as demonstrated by enhancement of b2 integrin
interactions in E-selectin stimulated neutrophils, follow-
ing cross-linking of L-selectin and following ligation of the
P-selectin ligand PSGL-1. In all cases, these processes
were shown to be dependent on kinase activity, including
the p38 mitogen-activated protein kinase (MAPK) and
Erk/MAPK pathways (82–84).

6. FINAL PERSPECTIVES, FUTURE DIRECTIONS

It is clear that many cell processes—cell-to-cell adhesion,
spreading and migration, phagocytosis, death, and survi-
val—result from complex dialogues between cell surface
receptors. Adhesion molecules, cytokines, and chemotactic
signaling molecules are all required, with direct physical
interactions often providing a structural scaffold for down-
stream signaling processes. The initial viewpoint that
integrins are the key integrators of cellular signaling
pathways has now been extended to incorporate CAMs
and cadherins, with the potential to include most adhesion
molecules (85–88). These models involve adhesion mole-
cules and their cytoskeletal binding partners acting as
scaffold molecules, coordinating and regulating signaling
processes. The resulting physical proximities determine
the specificity of the subsequent signal produced. Potent
examples of these supramolecular complexes include the
N-cadherin/FGF receptor 4/phospholipase Cg complex in-
duced by NCAM (89) and the vascular endothelial growth
factor (VEGF) receptor-2/VE-cadherin/b-catenin complex
(90). Numerous studies in the early 1990s suggested that
many adhesion molecules had overlapping, and therefore
potentially redundant, functions. Our subsequent appre-
ciation that these proteins form sophisticated conversa-
tions with multiple protein partners highlights the
limitations of reductionist approaches and the need to
perform experiments in a biologically relevant context. No
doubt exists that biophysical and biochemical advances
will contribute to this area of study for years to come.
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1. CELL PATTERNING

Cell patterning refers to a set of techniques that uses
surfaces with well-defined physiochemical or topographi-
cal features (referred to as ‘‘patterns’’) to control the
selective attachment of cells in a two- or three-dimen-
sional space, in order to create functional cellular replica-
tions. The need to fabricate functional cellular assemblies
with precise control over the spatial organization of the
cells is common to numerous cell-based technologies, for
instance, tissue engineering. When designing an engi-
neered tissue construct, it is important to replicate, as
close as possible, the in vivo environment of the cells. The
challenge is then the fabrication of cellular microstruc-
tures (in vitro cell patterning) where cells are under
chemical and spatial control at a microscale level, in order
to organize them into functional structures (1).

Cell patterning applications are not limited to tissue
engineering, but also include biomaterials; biosensors
based on living cells for environmental and chemical
monitoring; cell arrays for combinatorial screening of
drug discovery where cells are individually perturbed
and their response monitored; prosthetics, such as neural
prosthetics; cell culture analogues to simulate and predict
in vitro human physiological responses; and miniaturized
cell-based analytical systems. Cell patterning is also ex-
tensively used as a tool for fundamental studies of cell
biology, such as cell-surface, cell-media and cell–cell inter-
actions (2).

The motivation for cell patterning techniques develops
from the observation that, in vivo, many cell processes,
such as adhesion, migration, growth, differentiation, se-
cretion, and gene expression are induced, influenced, or
controlled by a number of directional effects (also called
‘‘cues’’) such as chemical gradients, electrical gradients,
adhesive tracks, substratum topography, and other direc-
tional effects like intercellular interactions (or ‘‘cell–cell
interactions’’). In vivo, these patterns coexist in a three-
dimensional matrix, the extracellular matrix (ECM),
which acts as a scaffold for cell constructs. Structural
and regulatory ECM proteins, as well as soluble molecules
(e.g., growth factors), control a wide variety of cell-type-
specific signaling pathways that ultimately regulate the
cell life cycle. The ECM is then the natural scaffold that
maintains three-dimensional tissue architecture, thus
guaranteeing 3-D chemical and spatial control over cells
and correct cell–cell interactions on a submillimeter scale
(3).

In vivo cells exist and interact in an extremely complex
manner, but, in vitro, this complex interaction is simpli-
fied in order to understand the effects of patterning on cell
behavior. Historically, cell patterning has involved either

physiochemical or topographical modification of surfaces.
‘‘Physiochemical’’ patterning refers to the use of sub-
strates with mostly, but not exclusively, planar patterns
to modulate physical as well as chemical interactions
between cells and the surface. ‘‘Topographical’’ patterning
refers to the fabrication of features on a substrate (e.g.,
grooves) to restrict the location, migration, and behavior
of cells within the contoured environment.

Physiochemical and topographic patterns frequently
coexist even in simplified micropatterns. For instance,
when ablating a surface to create grooves (using a tech-
nique called ‘‘direct laser ablation’’), the edges of the
ablated area frequently have a different chemical compo-
sition: The resulting pattern thus presents both topo-
graphic and physiochemical cues. Analogously, a surface
with embedded grooves covered with an adhesion promo-
ter such as a protein layer (a technique commonly used to
promote cell adhesion) will present topographic and che-
mical patterns. The difficulty of fabricating platforms
presenting one or the other type of pattern has raised an
ongoing debate on which of the two is the most important
effect in controlling cell patterning. Some researchers
have even tried to establish a hierarchy of effects between
the two and found that physiochemical and topographic
pattern can be regulated independently (4).

Cell patterning was found to affect a number of cell
behaviors. In particular, the shape of the pattern influ-
ences cell shape, which in turn has effects on cell life and
death (5). Researchers have thus concluded that cell
patterning can be used not only as a means to control
cell organization but also to influence a number of differ-
ent processes, such as differentiation, growth, secretion,
and apostosis (programmed cell death), which has opened
new opportunities for cell patterning, such as the cap-
ability of switching between growth and apostosis by
altering cell shape (6).

An important characteristic of the interaction between
cells and the ECM in the natural environment is that this
interaction is highly dynamic. For instance, cells release
some proteins that degrade the matrix, and, concurrently,
synthesize and excrete other proteins to remodel the
matrix. Thus, the ECM is an important site for cellular
regulation and not just a static scaffold for organizing cells
into a tissue (3). In an effort to replicate the natural
cellular environment, researchers are developing dynamic
substrates so that the characteristics of the substrate can
be altered in real-time.

Physiochemical and topographical patterning, even
when very accurate, present the intrinsic limitation of
culturing cells in an environment that lacks the natural
organization of the ECM. In vivo, the ECM has a complex
3-D topography in the micrometer and nanometer range.
In an effort to truly mimic the natural cellular environ-
ment, researchers are now focusing on fabricating sur-
faces with nanofeatures. By understanding the effect of
nano-topography on cell attachment and behavior, in the
future, ‘‘smarter’’ biomaterials with tailored nanofeatures
could be fabricated to promote or inhibit cell adhesion and
elicit specific cell responses (7).

The need to simplify in vitro studies has led mostly to
the use of isolated population of cells, and, in some cases,
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single-cell systems, where events can be studied in each
individual cell rather than through a statistical distribu-
tion. The ability to fabricate cell arrays is particularly
important in the development of cell-based biosensors and
cell arrays for medical screening.

If, on the one hand, the single-cell system allows study-
ing cell behavior without the complication of cell–cell
interactions, on the other hand, it may be unrealistic,
because the behavior of cells in vivo is modulated by
interaction with surrounding cells. Recently, this issue
has been addressed by developing methods for micropat-
terning in vitro cocultures of cells, thus creating a plat-
form with a well-defined, multiple-cell system, which
mimics the cells interactions in vivo.

The problem of patterning cells in vitro in platforms
that better mimic in vivo conditions is particularly im-
portant (1) in tissue engineering, which aims to assemble
and organize cells into functional structures to mimic
natural tissues; (2) in the design and fabrication of im-
plants that need to effectively integrate with surrounding
tissues; and (3) in cell coculture studies, where cell–cell
interactions are investigated. Research on cell patterning
is thus leading toward three-dimensional patterning, in
order to develop 3-D platforms where cells can be under
control at a microlevel and a nanolevel but in a more in
vivo-like situation.

2. METHODS FOR CELL PATTERNING

The challenge of reproducing cellular patterns in vitro
leads to the need to fabricate structures where the surface
biochemical composition, the topography, and the medium
composition can be controlled with micrometer and nan-

ometer precision. Microfabrication techniques, originally
developed for the microelectronics industry, offer the cap-
ability of controlling cell-surface, cell–cell, and cell-med-
ium interaction on a micrometer scale [for a review on
microfabrication methods, see (8,9)]. Single mammalian
cells typically have a diameter of 10–100mm after attach-
ing and spreading; thus microfabrication techniques,
which have high resolutions (1 mm and below), are parti-
cularly suited for cell patterning.

Photolithography is the most common technique that
has been used for cell patterning. In this technique, a
layer of sensitive material (resist) is illuminated with
ultraviolet (UV) light through a mask (or with a colli-
mated electron or laser beam) with the effect of locally
changing the chemical properties of the resist. The mask
contains the desired pattern in the form of opaque areas
(the pattern features) on a transparent background. De-
pending on the type of resist used, it is possible to obtain
either a positive image or a negative image of the mask.
When using positive tone resists, the exposed area can be
selectively removed with specific solvents (developer),
whereas the opposite effect is obtained with negative
tone resists. The resulting pattern is then used to selec-
tively adsorb proteins, organic molecules, or other poly-
mers in order to create an adhesion promoter pattern (or
repellent) over which cells selectively attach (Fig. 1a).
Photolithographic techniques can be used to fabricate
accurate patterns with specific chemical functionalities
and to create surface topographies. In the latter case, a
resist layer deposited on a flat surface is first patterned
using a classic photolithographic method; the regions of
the surface not covered by the resist are then etched
isotropically or anisotropically to create grooves. By chan-
ging the etching procedure, different shapes of etched

(a) Photolithography (b) Soft-lithography
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Figure 1. Schematic representation of methods for cell patterning, (a) photolithography and (b)
soft-lithography.
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structures can be produced, leading to grooves with a cross
section of a square, a V-shape, or a truncated V-shape. The
current state-of-the-art photolithography is able to
achieve features with lateral dimensions of less than
200nm.Other fabrication methods used to produce fea-
tures with controlled lateral dimensions (i.e., topography)
include reactive ion etching, replica molding of masters,
imprint lithography, ink-jet printing, microcontact print-
ing and etching, laser deposition, and laser ablation.
Photolithography is a versatile technique for cell pattern-
ing, but has some disadvantages: Usually, the fabrication
process needs to occur in a clean-room facility using
expensive equipment, and most chemicals involved in
the method are toxic to cells.

Whitesides’ group from Harvard University developed
a number of techniques, collectively called ‘‘soft-lithogra-
phy,’’ which are more suitable for biological applications
(10,11). Soft-lithographic methods use an elastomeric
(‘‘soft’’) stamp made of poly(dimethylsiloxane) (PDMS), a
material that is well-suited for cell patterning because it is
biocompatible, optically transparent, permeable to gases,
durable, and reusable. A PDMS stamp is obtained by
pressing the liquid prepolymer against a master that
has a patterned relief structure. The master is fabricated
through a photolithographic method. After curing, the
polymer is peeled off from the master and, given its
elastomeric properties, can self-seal reversibly to both
planar and nonplanar surfaces (Fig. 1b). The elastomeric
stamp can be used in different ways for patterning protein
and cells, so a number of soft-lithographic techniques have
been developed: microcontact printing (mCP), where the
stamp is used to transfer a desired material (the ‘‘ink’’) to a
surface; micromolding in capillaries (MIMIC), where mi-
crochannels formed by the contact of the stamp with a
substrate are used to deliver a fluid to restricted areas;
membrane-based patterning (MEMPAT), where an elas-
tomeric membrane with holes, in contact with a substrate,
is used to pattern cells or proteins within the physical
constraints of the holes; and laminar flow patterning,
which uses the properties of flows in microfluidic channels
to control the spatial organization of cells and their
environments (e.g., culture media, other cells, nutrients,
etc.). This last technique can also be used to study sub-
cellular processes, thus adding new important capabilities
to cell patterning. Soft-lithography has the advantage of
being inexpensive, procedurally simple, and compatible
with biological laboratory environments.

3. PHYSIOCHEMICAL PATTERNING

3.1. Microengineering Cell-Surface Adhesion

In vivo cell adhesion is mediated by a number of proteins,
called integrins, contained in the ECM. Integrins act as
mechanical mediators between the cell membrane and the
ECM. Moreover, in most cell types, some biochemical
signals that are essential for cell growth, functionality,
and survival are triggered by integrins upon attachment,
which basically means that cells must first adhere to a
surface in order to survive (12). Hence, in vitro, the
capability of patterning cells depends on the ability to

create an adhesion layer with controlled size and chemical
properties. This adhesion micropattern will then act as a
mediator for cell patterning. Often, the adhesion micro-
pattern is alternated with areas where the adhesion is
inhibited, in order to improve the control over cell attach-
ment.

Physiochemical patterning, as already mentioned, re-
fers to the use of substrates that have defined patterns
with chemical, physical (e.g., electrical), or biochemical
properties. Sometimes, these properties coexist, so the
ability of a pattern to control cell attachment can be
generally referred to as adhesion patterning. A number
of surfaces have been investigated to control the selective
adhesion of cells at a microscale level: metals, polymers,
ECM proteins, and adhesive-promoter peptides. Different
surfaces have also been studied for the selective resistance
to cell attachment.

3.1.1. Cell Patterning on Metallic and Polymeric Surfa-
ces. Research on surfaces having micropatterned cellular
adhesiveness started in the late 1960s, when Carter
reported the selective attachment of fibroblast on palla-
dium islands (13). In 1975, Letourneau investigated ax-
onal guidance in neuron cultures seeded on a number of
patterns and found that some polymers were more effec-
tive than palladium patterns in promoting cell adhesion
(14). As a consequence, polymers were later studied to
assess their ability in controlling cell adhesion. A number
of approaches have been investigated, such as the use of
thermo-responsive polymers, electrically heterogeneous
polymer surfaces and photoreactive polymers (15). This
last technique was introduced by Matsuda’s group, and it
is based on a surface microprocessing method that enables
regional spatial control of cell adhesion (16). This method
involves the photochemical fixation of a photosensitive
polymer, resulting in two types of spatially defined sur-
faces. One region has hydrophilic patterns, whereas the
other has hydrophobic patterns. When cells are cultured
on the patterned surfaces, preferential adhesion to the
hydrophobic areas is obtained. The effect of the pattern
width on cell behavior, such as migration and orientation,
was also investigated. Cells were found elongated and
aligned along the pattern main axis, and decreasing the
line width enhanced the degree of orientation and elonga-
tion (16).

Other photosensitive polymers have been investigated,
the most popular being the photoresists used in micro-
electronic processing, because of their well-established
chemistry. Nicolau et al. investigated the use of a com-
mercial photoresist for cell patterning by using the func-
tionalization capabilities of the polymer in question (17).
As already mentioned, a photoresist undergoes a change
in chemistry when exposed to UV light, with a consequent
change of surface properties. Neuronal cell attachment
was then found to be sensitive to surface changes, such as
charge, hydrophobicity, and some functional groups that
were formed as a consequence of exposure.

The main advantage of using commercial photoresists
(such as those based on diazo-naphto-quinone, DNQ) for
cell patterning is that these resists have a well-established
chemistry and an easily switchable hydrophobicity. Con-
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cern exists, however, that these polymers could have some
inherent toxicity, which has led to investigations regard-
ing new bioactive and biocompatible resist. For instance,
one study recently reported the use of an innovative
chemically amplified photoresist that can be switched
from cell-repellent to cell-adhesive on UV exposure (18),
and that was proven nontoxic for the cells.

3.1.2. Cell Patterning with Self-Assembled Monolayers
(SAMs) of Organic Compounds. Another possibility for
controlling cell attachment by selectively changing the
surface properties is the use of organic surface modifica-
tions, a technique that has been used in cell patterning
over the years, in particular, using monolayers of organic
molecules having specific functional groups. These organic
molecules have long chains with two different end groups.
The monolayer is formed when one of the two end groups
of the organic molecule reacts with a particular surface
forming a chemical bond, followed by the self-assembly of
the molecules in molecularly packed and highly ordered
monolayers. The surface properties of the substrate are
then defined by the exposed functional groups of the
monolayer [for a review on SAMs, see (19)]. Silane- and
thiol-based SAMs with different functionalities have been
investigated and found to be versatile for cell patterning,
because the adhesiveness of the pattern can be controlled
at a molecular level. The end group functionality of SAMs
can be modified to control protein adsorption and wett-
ability, or modified to be recognized by cell membrane
receptors (15).

In 1988, Kleinfeld reported on the use of silane SAMs to
control neuron cell attachment and outgrowth. This
method involved conventional photolithography to create
high-resolution patterns consisting of alternating amino-
silane and methyl-terminated alkylsilane SAM (20). The
cells were found to adhere to the amino-terminated pat-
tern and to have a morphology similar to that of cultures
seeded on poly(D-lysine).

Dulcey et al. introduced a fundamentally different
approach: the use of deep UV exposure to directly modify
SAMs surfaces (21). In this method, the SAM is exposed
through a mask and the exposed regions absorb the
radiation and undergo a chemical modification. The newly
formed end groups can then be modified with a different
functionality. This technique presents some advantages
compared with the previous one i.e., fewer processing
steps, higher resolution (down to about 0.3 mm), and
compatibility with a large number of substrates. Stenger
et al. used this technique to create patterns of amino and
perfluorinated alkylsilane SAMs and found preferential
cell adhesion and spreading on the amino-terminated
lines (22).

Another group examined the use of thiol-terminated
SAMs to create patterns of proteins (23). After UV irradia-
tion, the pendant thiol group is converted to sulfonate
group that inhibits protein adsorption. The surfaces of
thiol-terminated SAMs were exposed through a mask and
the unexposed regions, which retained the thiol group,
used to either promote protein adsorption, or for protein
covalent binding to mediate cell attachment.

Lopez et al. used mixed SAMs of alkanethiols on a gold
surface to control protein and cell adhesion. SAMs of
alkanethiol on gold are formed when a gold surface is
exposed to a solution or to the vapor of an alkanethiol.
Different methods, both lithographic and nonlithographic,
have been reported for patterning SAMs of alkanethiols
on gold. Changing the pendant group of the alkanethiol
SAM allowed the specific control of protein adsorption
(24). The same research group used microcontact printing
(mCP) as a way to create patterns of SAMs on gold. In this
study, the stamp was first ‘‘inked’’ with a thiol-terminated
alkane and, subsequently, the surface was incubated with
a second alkanethiol that self-assembled onto the rest of
the surface that was left clean by the stamp. This method
was found very useful for creating high-resolution cellular
patterns (5).

The main advantage of SAMs patterns is the ability to
control the nature and the density of their functional end
groups, thus making SAMs surfaces excellent model sur-
faces to study protein adsorption at surfaces (25). SAM-
based cell patterning might be very useful for applications
where very flat surfaces are encountered (e.g., microar-
rays). However, patterning with SAMs relies on a specia-
lized chemistry that is not easily translated into most
tissue culture or implantable biomaterials, which may
have, for example, heterogeneous surfaces. Patterning
using metals and photoresist, on the other hand, presents
a major limitation: these materials, even when nontoxic,
are foreign to natural biological environments, thus their
use could have some unpredictable effects on cell behavior.
Hence, some researchers have taken a different approach
to cell patterning, aiming at controlling the biochemical—
as opposed to chemical—composition of the adhesion
promoter pattern. The resulting patterns are generally
referred to as ‘‘physiological’’ patterns.

3.1.3. Cell Patterning with Extracellular Matrix Protein-
s. As mentioned earlier, in vivo cell adhesion in the ECM
is mediated by a number of proteins (integrins), which
include laminin, fibronectin, vibronectin, and collagen.
The ECM components also include other macromolecules
such as hyaluronic acid and proteoglycans. Micropatterns
of ECM proteins have thus been investigated to determine
their ability to control cell adhesion in vitro. Letourneau et
al. pioneered the use of protein micropatterns when they
fabricated laminin patterns to control neuron cell adhe-
sion (26). Their method was based on the observation that
UV irradiated laminin tracks had the effect of selectively
inhibiting cell adhesion. With a microfabricated metal
mask, they were able to create nonadhesive islands (irra-
diated laminin) on an adhesive background (nonirradiated
laminin). Only nonirradiated laminin supported cell ad-
hesion and neurites outgrowth. A similar approach was
used by Corey et al., who showed that laser-ablated
poly(lysine) could be used to deter the adhesion of hippo-
campal neurons. They used poly(lysine)-coated glass cov-
erslips patterned by selective laser ablation so as to leave
grids of nonablated poly(lysine), and found that the neu-
ron cell body (somae) strongly preferred the unablated
poly(lysine) areas, especially in the areas with a higher
concentration of unablated poly(lysine) (27). Neuron
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growth guidance and cell morphology on micropatterned
laminin surfaces were found to be strongly dependent on
the geometry of the pattern and on neuron type. When
using multiple parallel laminin tracks alternated with
nonadhesive tracks, decreasing the spacing between the
laminin tracks resulted in decreased guidance of neurons
(Fig. 2) (28).

In these earlier works, proteins were first adsorbed on a
flat surface and the micropatterns were then formed by
selective irradiation or ablation. Some concerns related to
the use of this method have been raised, such as the
potential formation of toxic subproducts following the
laser treatment. Also, protein adsorption on surfaces is a
complex phenomenon not entirely understood and still
under investigation. Adsorption is unpredictable, often
resulting in denaturation of proteins on surfaces and
instability (i.e., adsorbed proteins are not stable in aqu-
eous solutions and can desorb from the surface in time).
For this reason, many researchers have focused on the
chemical immobilization of proteins, which consists of
creating chemical bonds between the surface and the
protein. Protein immobilization methods include the use
of cross-linkers or the use of a photoreaction [for a review
on the topic, see (29)]. With immobilization techniques,
biomolecule micropatterns have been created with other
ECM components, such as collagen (30), polysaccharides,
and growth factors (31).

3.1.4. Cell Patterning with Cell-Adhesion Peptides. An
important milestone in the path to engineering cell-sur-
face interactions was achieved when the tripeptide Argi-
nine-Glycine-Aspartate (RGD) was identified as being the
cell-adhesion sequence in fibronectin and other ECM cell-
adhesion proteins (32). This finding opened the way for
using peptides containing the RGD sequence to mimic the
integrin-binding activity. RGD-peptide-coated micropat-
terns present some advantages over ECM-coated surfaces:
they are more stable under heat treatment and pH varia-
tion, the surface coverage and composition are easily
controlled, and they avoid the issue of protein conforma-
tion and denaturation that occurs whenever whole pro-
teins are used. Massia and Hubbell were the first to
demonstrate that surfaces functionalized with RGD, and
similar peptide sequences could effectively promote cell
attachment and spreading. Their method involved the
covalent immobilization of the peptide to the surface,
which produced a chemically stable substrate with pre-
cisely controlled peptide concentration (33). A later study
reported the fabrication of peptide-functionalized patterns
to guide neurite outgrowth in culture (34).

3.1.5. Cell Patterning with Adhesion-Resistant Surface-
s. As seen in the previous paragraphs, most of physio-
chemical methods for cell patterning use an underlying
stable pattern to mediate cell adhesion. Equally important
for effective cell patterning is the fabrication of nonadhe-
sive regions to prevent protein adsorption and therefore
inhibit cell attachment. Various hydrophilic surfaces, such
as agarose, poly(vinyl alcohol, PVA), and poly(ethylene
glycol, PEG), resist protein adsorption. Also, surfaces
treated with albumin inhibit cell adhesion, because albu-
min does not contain any known integrin-binding se-
quence. Among all nonadhesive materials, PEG has been
widely used and micropatterned with a variety of meth-
ods. For instance, PEG adsorption and graft polymeriza-
tion by plasma coupling was used to test the resistance to
protein adsorption over long-term cell cultures. As the
polymer was found to degrade after about one month,
research is in progress for finding ways of increasing the
longevity of the inhibition of cell adhesion by PEG-func-
tionalized surfaces (35).

SAMs presenting oligomers of ethylene glycol (PEG-
terminated SAMs), alternated with methyl-terminated
SAMs, have been used to create nonadhesive and adhesive
patterns, respectively. Precise control of the adhesive
island geometry (in terms of size and shape) was achieved
by using mCP. Cell attachment could be confined to rows
from 10 to 100 mm wide, or to islands having dimensions
similar to that of a cell. With this technique, cells could be
patterned in specific locations and arrays, and then used
to study some fundamental issues in cell biology, such as
cell life and death. Changing the shape of the underlying
island was found to effect cell shape, which, in turn, had
effects on DNA synthesis, growth rate, and albumin
secretion (5). This study demonstrated that some cell
functions could be modulated by modifying cell shape
independently of the density of the ECM adhesive protein.
A later work demonstrated that control over the cell shape
through the geometry of the pattern had the ability to
control cell life cycle (6). Cells were switched from growth
to programmed death (apostosis) by using ECM adhesive
islands with decreasing size. This approach was chosen to
understand whether the pattern area in adhesive contact
with the cell or the extent of cell spreading was controlling
the switch between growth and apostosis. It was found
that the extent of spreading is the key factor in determin-
ing cell life and death.

Another and similar approach uses mCP for the precise
control of neuronal cell growth in vitro (36). An elasto-
meric stamp was used to transfer a pattern of protein over
a surface treated with a linker (sulfo-GMBS) with which

(a) (b) (c)

Figure 2. Patterning cells using ECM
proteins. The dependence of the orientation
of neurons on protein (laminin) pattern geo-
metry. (a) Control, unpatterned laminin. (b)
3 mm laminin patterns separated by 3 mm
spaces and (c) 12mm laminin patterns sepa-
rated by 12mm spaces. In the latter case, cells
align along the pattern (28). Scale bar:
200mm.
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the protein formed a chemical bound. The protein pattern
was then treated with a nonadhesive molecule (i.e., PEG),
which functionalized the unpatterned area. In this work,
mCP combined with a covalent linker technique allowed to
precisely pattern neurons in the microadhesive areas.
This technique was also used to pattern two different
proteins (poly(lysine) and laminin) on the same surface,
and used to study the adhesion behavior of different parts
of the same cell.

An alternative method for fabricating adhesive and
nonadhesive patterns has recently been introduced (37).
In this technique, a protein adhesive layer is first coated
with a protein resistant polymer (PEO) and then selec-
tively removed through direct laser ablation, leaving the
desired pattern. Cells were found to attach selectively on
the adhesive pattern, with a complete lack of attachment
on the nonadhesive pattern.

Patterns of antibodies on silicon surfaces have been
found to be highly efficient in patterning bacterial cells,
without the need of using a cell-resistant surface (38). A
bacteria antibody pattern was first directly stamped (mCP)
on a silicon oxide surface and cells were then incubated
over the pattern. Bacteria (E.coli) cells bound specifically
to the antibodies, creating a highly defined pattern, and
the antibody-cell recognition was detected with an optical
system.

3.2. Direct Cell Patterning

Cell patterning methods so far described are based on the
selective attachment of cells over a prepatterned adhesive
(or nonadhesive) surface fabricated with conventional
photochemical techniques or soft-lithographic methods.
Somemethods allow one to directly pattern cells in specific
locations without the need of fabricating a prepattern (or a
stamp, in the case of mCP). Those methods can be defined
as ‘‘direct patterning’’ methods, because the cells are
directly printed to a surface from an ‘‘ink’’ solution
through a computer-controlled printing process. In 1988,
Klebe was the first to report the use of an ink-jet printer to
pattern proteins to mediate cell adhesion with a technol-
ogy termed ‘‘cytoscribing’’ (39). In this method, a protein
solution (e.g., collagen) is used instead of conventional ink,
and stamped using a commercial ink-jet printer. The price
for the simplicity of the method, and hence its robustness,
is its low resolution, which is limited by the size of the
droplet (around 300 mm).

Another method that allows direct cell patterning is
laser printing. One of the most versatile methods that uses
a laser guidance apparatus to stamp cells is a technique
termed MAPLE DW, which stands for ‘‘Matrix-Assisted
Pulsed Laser Evaporation Direct Writing’’ (40). MAPLE
DW is a laser forward transfer technique that uses focused
laser pulses to transfer cells from an optically transparent
quartz support coated with a biopolymer containing the
cells. The cells are transferred to a receiving substrate,
typically a glass microscope slide coated with a biopolymer
that allows for cell adhesion and cell growth, and which
reduces the cell impact from the laser transfer. The
material transfer is achieved by focusing the laser at the
interface of the optically transparent quartz support

material and the optically absorptive biolayer containing
the cells. The use of a computer-controlled support to
position and move the receiving substrate allows for
pattern formation. This technique, originally developed
at the Naval Research Laboratory, has been successfully
used to simultaneously deposit scaffolding materials, bio-
molecules, and living mammalian cells at the 10- to 100-
mm scale. Moreover, it was recently reported that more
than 95% of cells patterned with this method remained
viable and functional (41). Direct laser printing methods
such as MAPLE DW are currently being investigated as
alternatives to traditional techniques to engineer scaf-
folds. Traditionally, tissue-engineered scaffolds are made
of polymers, hydrogels, or organic/inorganic composites
modified to have the optimum porosity and microrough-
ness and then seeded with cells. In theory, methods such
as MAPLE DW can be used to construct the scaffold
starting from the basic elements and building it up
‘‘layer-by-layer.’’

3.3. Patterning Cells Using a Physical Barrier

The methods described so far have an important limita-
tion i.e., the patterned cells cannot be released from the
pattern, which means that after the cellular pattern is
formed, no practical way exists of changing the pattern to
allow cells to spread beyond the margins of the pattern.
This problem has been overcome through the development
of methods that use a physical barrier to limit cell attach-
ment to determined areas. Once the physical barrier is
removed, cells can spread over the rest of the surface or
remain constrained to the pattern area, depending on how
the surface properties of the substrate have been engi-
neered. These techniques have the advantage of not
requiring highly specialized chemistries (such as the
SAMs chemistry) and clean room facilities, which are,
instead, required for other microfabrication techniques,
such as photolithography. The methods that use physical
barriers to pattern protein and cells include membrane-
based patterning (MEMPAT) and micromolding in capil-
laries (MIMIC). These methods have proven to be useful
for patterning different types of proteins and cells on a
variety of planar and nonplanar surfaces, a capability not
provided by common lithographic techniques.

MEMPAT has been used to pattern mammalian cells on
conventional laboratory surfaces such as glass, polystyr-
ene, and polycarbonate (42). This method uses an elasto-
meric membrane that has circular or square holes with
different diameters and sides, and a height of at least
50 mm. The cells are patterned within the physical con-
straints provided by the holes of the membranes (‘‘micro-
wells’’). Controlling the surface chemistry of the wall of
the membrane and the surface of the substrate ensures
that cells attach to the substrate and not to the walls of the
membrane. After cell attachment, the membrane is re-
leased (‘‘lift-off ’’), allowing cells to spread onto the rest of
the surface or to remain in the pattern areas by control-
ling the properties of the surfaces. One of the important
advantages of this technique is that cell spreading and
migration can be studied by controlling cell size and shape
(Fig. 3). Moreover, with the use of membrane-based pat-
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terning techniques, sophisticated surfaces can be created
with multiple types of proteins.

MIMIC can be used to pattern cells over different
biocompatible materials by injecting microliter quantities
of protein solution into the microchannels to create cell-
adhesion-specific protein patterns. The proteins adsorb
only on the areas that are exposed to the microflow and,
upon removal of the elastomer, cells are seeded over the
surface and attach selectively over the protein pattern.
With this method, micropatterns of ECM components
(collagen and fibronectin) have been used to selectively
adhere cells over various biomedical materials and micro-
textured surfaces (43). This method has been used to
create connected patterns or ‘‘cellular islands’’ by pattern-
ing nonadhesive surfaces, such as agarose. In addition,
this technique allows for the micropatterning of different
cell cultures, because preferential adhesiveness is highly
dependent on cell type.

Recently, a three-dimensional microfluidic system has
been developed that patterns multiple types of cells in a 3-
D array format, a technique called ‘‘3-D micromolding in
capillaries’’ (3-D MIMIC) (44). An elastomeric stamp hav-
ing a multiple 3-D-channel system is used for patterning
protein and cells. The removal of the stamp allows cells to
spread and divide. This method is believed to have the
potential of patterning hundreds of different type of cells
in an array format, thus providing an appropriate plat-
form for biosensors and drug screening.

4. TOPOGRAPHICAL PATTERNING

Contact guidance, a term originally introduced byWeiss in
1958, is the phenomenon that occurs ‘‘when a cell on a
given oriented substratum assumes a corresponding or-
ientation and moves along that line’’ (45). Topographical
guidance is believed to play an important role in a number
of developmental and regenerative situations. Nervous
system development, for example, is strongly influenced
by topographic cues that exist within embryos. The need
to understand and control the interaction of cells with
textured surfaces is also important in tissue engineering,
where a biocompatible construct is fabricated, referred as
scaffold, and a population of cells is seeded within it. When
a material is implanted, its surface chemistry and rough-
ness modulate the protein adsorption that, in turn, will
determine how cells perceive the material. The biomater-
ial should have a well-defined architecture and porosity in
order to support cell growth and maintain cell morphology,
differentiation, and functionality over time. Hence, when
designing the scaffold, it is important to replicate, as
closely as possible, the original architecture. The starting
point in tissue engineering is thus the fabrication of
scaffolds having topographically controlled microsurfaces
and nanosurfaces.

Harrison was the first to report, in 1912, cell reaction to
a rough surface, when he described the change in direction
of the movement of cells seeded on a spider web. Since
then, researchers have investigated this phenomenon on a
range of materials and topographies. Initially, relatively
undefined substrata were used, such as polyvinyl chloride
music records, woven fabrics, and scratched polystyrene
surfaces (46). Although ingenious, those works lacked the
use of a defined substratum, a problem that was later
solved with the introduction of fabrication techniques
originally designed for microelectronics processing. In
the mid 1980s, Brunette (47) introduced the use of micro-
fabricated structures for studying the effect of topography
on cell behavior, and since then, photolithographic meth-
ods have been extensively used to study this phenomenon
(Fig. 4).

Studies on the interactions between surface topogra-
phy and cells have included a variety of materials, topo-
graphies, and cells types [for a review on the topic with a
comprehensive table of materials, topographies, cells type,
and cellular effects, see (4)]. Substratum features that
have been investigated include grooves, ridges, steps, and
pores, as well as protein fibers, such as collagen and fibril
fibers. In general, cells orient parallel to the long groove
axis. The effect of groove depth, width, and ridge (the
space between two grooves) has been investigated. Depth
was found to be the most important effect in determining
cell orientation (48). Frequently, the orientation of the
cells increases with the increase in depth, but decreases
with the increase in width, whereas ridge distance was
found to be a more important factor than width.

The alignment along grooves occurs for most cell types
investigated, including fibroblasts, macrophages, neurons,
and kidney cells, as well as other cell types. When
comparing the behavior of isolated cells and of colonies
of cells seeded to a multiple-grooved substrate, the colo-

(a)

(b) (c)

Figure 3. Patterning cells using a physical barrier. Use of
MEMPAT for studying cell spreading. (a) SEM image of an
elastomeric membrane, (b) cells patterned on a fibronectin-coated
surface after removal of the membrane, and (c) cell spreading over
the adhesive surface after 2.5 h. After 4h, the surface becomes
covered with cells and no longer exhibits a pattern. Scale bar in (c)
is 100mm (42).

CELL PATTERNING 7



nies of cells were less affected by the surface topography
(48). Thus, the susceptibility of cells to surface topography
depends on whether cell–cell interactions are allowed to
occur or are inhibited.

Substratum topography influences a number of cell
behaviors, such as spreading, secretion, attachment (and
shape), growth, and polarity, as well as differentiated
functions (46). The concentration and distribution of the
cytoskeleton of cells are also sensitive to surface topogra-
phy. Actin and other cytoskeletal elements were found to
align parallel to the grooves in the cells that oriented
along the grooves, in particular, along walls and edges
(49).

Some hierarchical effects have been investigated as
well. Fibroblast cells were exposed to a surface having
major grooves that had minor grooves at the bottom
oriented at an angle of 541 with respect to the major
ones, and it was found that cells align preferentially to
the major grooves (50). In another study, cells were seeded

over grooves that were overlaid with adhesive tracks,
which was found to have a dominant effect (51). Interest-
ingly, another study reported that by increasing the depth
of the grooves (from 500nm to 5 mm), the topographic cue
became the dominant effect in orienting the cells.

These studies are also examples of attempts to discri-
minate between topographic and adhesion effects on cell
orientation. One question that researches in this field
have been debating is whether the methods used to
fabricate topographic surfaces are also producing a che-
mical pattern on the surface. Plasma etching, one of the
most frequently used fabrication techniques for making
textured substrata, is known to alter the surface proper-
ties, so the issue of the chemical homogeneity of these
surfaces has developed. Microfabrication protocols were
changed to address this issue. Brunette, for example,
avoided the problem by using replicas of grooved silicon
coated with titanium, leading to a homogenous grooved
titanium surface (47). More recently, the use of SAMs in
combination with mCP and MIMIC has been introduced as
a means to obtain well-defined, chemically controlled
contoured surfaces (52). Microfluidic patterning has also
been used to fabricate features having micrometer-sized
topography e.g., a PDMS microfluidic structure was fab-
ricated followed by multiple laminar flows used to etch the
polymer. The chemical composition of the etched PDMS
was investigated through x-ray photoelectron spectro-
scopy (XPS) and found to be indistinguishable from the
unetched surface (53).

The mechanism behind the ability of cells to react to
surface topography is still a matter of debate. One me-
chanism recently proposed suggests that stretch receptors
could be activated when cells spread out onto the sub-
stratum (54). According to this theory, when cells attach
and conform to a surface, some receptors are activated
because of deformation or even compression, resulting in a
change in the local cytoskeletal organization.

As already discussed, in vivo cells interact with the
ECM, which has an extremely complex 3-D topography.
Numerous studies have revealed that the ECM presents a
combination of micro- and nanotopographic features (4),
so researchers are now focusing on the effect of nanotopo-
graphy on cell attachment and behavior. The understand-
ing of the response of different cell types to surface
nanotopography will allow the design of ‘‘smarter’’ bioma-
terials with tailored nanofeatures, in the future which
could promote or inhibit cell adhesion and elicit specific
cell responses (7).

Surfaces with nanofeatures currently being investi-
gated are produced through methods that allow direct
control over the shape, dimension, and location of the
nanofeatures (e.g., electron beam lithography, dip-pen
nanolithography) or through methods that produce fea-
tures with controlled dimension and shape but randomly
dispersed on the surface (e.g., colloidal lithography, poly-
mer demix). Examples of the first approach include the
use of nanoarrays and patterns with alternated nano-
grooves. For instance, Clark et al. reported the use of
quartz surfaces with ultrafine structures, having widths
of 130nm and depths between 100nm and 400nm (in-
tended to mimic the topography of aligned fibrillar extra-

(a)

(b)

Figure 4. Topographical patterning (17).
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cellular matrix). In this study, the degree of cellular
alignment was found to be dependent on groove depth,
and the control of cell behavior at this scale was largely
dependent on cell type and on intercellular interactions
(55). In another study, a similar multiple-grooved sub-
strata with nanometer features (in the range of 30–
382nm) was found to activate cell adhesion and spreading
(56).

A protein nanoarray created through dip-pen nanolito-
graphy was recently used to test whether submicrometer
protein spots (10–20nm high) could support cell adhesion
(57). It was found that cells could only attach to the
patterned region of the sample (i.e., the protein nanoar-
ray). Interestingly, a previous study that tested a nanoar-
ray made of alternating pillars (60 nm in height) reported
the opposite effect i.e., the cell attachment was inhibited
by the presence of the nanopillars (58). Similarly, a recent
work tested a polymeric (PMMA) surface with controlled
nanofeatures (100nm wide and 160nm high) fabricated
via colloidal lithography, a method that produces ran-
domly dispersed nanofeatures, to see if it could increase
cell attachment compared with a flat, PMMA untreated
control surface. The results show a decrease of cell attach-
ment on the nanotopographical surfaces with a conse-
quent decrease in cell activity. Once again, these studies
are an example of the different effects of adhesion (i.e.,
protein nanospots) and topography (i.e., nanopillars) on
cell attachment and outline the need to further investigate
the effect of nanotopography on cell adhesion. In particu-
lar, it appears that the height of the nanofeatures is
critical, as demonstrated by one work that looked at the
response of two cell types, endothelial and fibroblast cells,
to nanometric islands created through polymer demixing
and having heights in the 13–95nm range (7,59). The
nanometric islands created with this method were found
to increase or reduce cell spreading and proliferation
compared with the control, with the shallowest 13-nm
island supporting the most proliferative cell population.

Taken together, these results suggest how, in principle,
nanotopography can be used to alter cell attachment and
behavior, but also that more research and knowledge is
needed to feasibly engineer ‘‘smarter’’ implantable bioma-
terials.

5. PATTERNING CELLS IN IN VIVO-LIKE ENVIRONMENTS

As previously discussed, one of the major challenges for
the bioengineering of tissues is the ability to pattern more
than one type of cell in a 3-D environment with control
over cell-substrate, cell–cell, and cell-media interactions.
The following section covers cell patterning methods that
are used to generate cellular architecture in a more in
vivo-like environment, such as 3-D micro-scaffolds, dy-
namic surfaces, coculture patterns, and surface gradients.

5.1. Toward Three-Dimensional Cell Patterning

The physiochemical and topographical methods for pat-
terning cells that were discussed in the previous sections
are limited to cell studies carried out in a two-dimensional
environment (most of the time on rigid surfaces and

normally with depths between hundreds of nanometers
to a few microns), which only remotely mimics the in vivo
environment. This limitation has been seen in studies
where the behavior of cells cultured on a two-dimensional
pattern and seeded in a 3-D matrix (i.e., a gel) were
substantially different (3,60). The need to reproduce
more in vivo-like architectures has taken researchers
toward the fabrication of microengineered systems where
cells can be patterned in vitro in a three-dimensional
environment (1).

As seen earlier, microfluidic patterning can be used to
simultaneously arrange more than one type of cell into a
complex 3-D architecture. Another technique, microtrans-
fer molding (mTM), has also been used to fabricate 3-D
microstructures. An elastomeric stamp with buried chan-
nels is filled with a prepolymer that is then solidified in
situ, either thermally or photochemically (61). The stamp
is then placed over a flat surface and peeled away, leaving
the resulting polymer microstructure on the surface. By
repeating this sequence, microstructures having a num-
ber of layers can be easily fabricated. Also, the geometry
and composition of each single layer can be controlled,
resulting in complex 3-D microstructures.

3-D hydrogel micro-architectures have also been inves-
tigated (62). The hydrogels belong to a class of gels
particularly popular in tissue engineering applications,
because their water content and mechanical properties
closely resemble that of tissues in the body. Also, hydro-
gels can be formed in the presence of cells by exposure to
UV light, a process referred to as photocrosslinking, which
creates a homogenous suspension of cells throughout the
gel. This method uses a specially designed chamber to
encapsulate a hydrogel prepolymer solution mixed with
cells. The chamber is then exposed to UV light through a
mask (62). The illuminated area is cross-linked (trans-
formed into hydrogel), whereas the rest of the solution is
easily removed in the subsequent washing step. By re-
peating the procedure, different layers can be constructed,
leading to a complex, 3-D hydrogel micro-architecture. As
each layer is processed individually, this technique per-
mits patterning different cell types in different locations
(Fig. 5). The limitation of the technique is found in its low
spatial resolution (200 mm) and on the adverse effect of UV
exposure to cell viability. Although the UV light in this
work did not cause cell death directly, the photoinitiator
used decreased cell viability in a dose-dependent manner.
Finding other photoinitiators that are less toxic to cells
would overcome this limitation. Another alternative re-
cently proposed is to use elastomeric stamps directly to
cast the hydrogel, thus creating a 3-D microstructure and
eliminating the problem of the UV exposure. This method
uses a treated PDMS stamp to allow the release of a
molded gel from the stamp after the replication step,
which is done using a soft-lithographic technique such
as replica molding, microtransfer molding (mTM), or MI-
MIC (63). Single- and double-layered hydrogels containing
cells have been patterned with this method.

Another group of researchers (64) has developed a
polymeric platform that presents controlled surface che-
mistries and topographic features at cell dimensions in
order to provide control over the growth of cells in a
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vertical direction. Their results suggest that cells exhibit a
more in vivo-like morphology when patterned on these
polymeric platforms. Moreover, this approach has been
used to pattern cells on a number of polymers, including
biodegradable polymers such as poly(lactic-co-glycolic
acid) (PLGA). The advantage of using these polymers is
that they provide a temporary scaffold (i.e., bioreabsorb-
able for cell growth) rather than a permanent one.

One problem that researchers face when patterning
cells with microfluidic techniques is the long-term stabi-
lity of the pattern. Once the stamp is removed, the cells
start to interact, grow, and migrate immediately. Tissue
engineering requires cells to be patterned into specific
locations and remain there long enough so time for
organized structures to be created exists. As already
mentioned, in animal tissues, this time is guaranteed by
a natural scaffold, the ECM, so a need exists to create
similar long-term, 3-D patterns for in vitro studies. A
possible solution has been found in a study using 3-D
patterns of ECM biopolymers in which patterned cells
were found to last longer (65). Using this 3-D microsys-
tem, different layers of cells can be patterned to form a
hierarchical, tissue-like structure. In addition, this tech-
nique was found to be useful for the spatial arrangement
of multiple-cell populations in well-defined 3-D geome-
tries.

5.2. Dynamic Surfaces

In vivo, the interaction of cells with the ECM is highly
dynamic, that is, the cells release proteins that degrade
the matrix and, concurrently, synthesize and excrete other
proteins to remodel the matrix. Thus, the ECM in vivo is
not just a static scaffold for organizing cells into a tissue
but an active site that is important for cellular regulation
(3). Ideally, therefore, scaffolds aimed at reconstructing
lost or damaged tissues should be made of ‘‘smart’’ materi-
als that allow the character of the matrix to be changed in
real-time in response to changes in the cellular environ-
ment around them. The research to engineer such ‘‘smart’’
functional materials involves a material science approach
and a surface-engineering approach. The first approach
requires the synthesis of materials that respond to
changes in the environment, such as thermally induced,
phase-transition polymers (66) or polymers that release
specific proteins as a result of cell attachment [for a
review, see (67)]. The second approach involves engineer-
ing dynamic surfaces with patterns having discrete li-
gands that can be specifically modulated. This method
uses SAMs with electroactive moieties that can activate or
inactivate immobilized ligands on application of an elec-

trical potential. One example uses a Diels–Alder reaction
between an immobilized quinone group and a cyclopenta-
diene-ligand conjugate in solution to turn on the migra-
tion of patterned cells (68). In this study, a methyl-
terminated monolayer was first transferred to a gold
surface via contact printing. Then, a second monolayer,
presenting a mixture of hydroquinone groups and pen-
ta(ethylene) glycol groups inert to cell attachment, was
assembled. The surface was immersed in a solution of cells
that preferentially attached to the methyl-terminated
areas, and was strictly confined by the surrounding inert
monolayer. The application of a potential to the under-
lying gold converted the monolayer with hydroquinone
groups to the corresponding monolayer with quinone
groups. The addition of a conjugate of cyclopentadiene
and RGD-type peptide to the quinone monolayer resulted
in a Diels–Alder reaction with consequent immobilization
of the peptide. The presence of an adhesion-promoting
peptide in the previously inert areas allowed the migra-
tion of the cells beyond the limits of the initial pattern. In
a further study, an electroactive substrate was used to
selectively release cells from a patterned substrata (69).

5.3. Microengineering of Cell–Cell Interactions

The ability to pattern cell cocultures is important for the
understanding of fundamental mechanisms involved in in
vivo cell–cell interactions and for the understanding of
how intercellular communication modulates tissue func-
tion, information that is particularly important for tissue
engineering. Bhatia et al. have developed a photolitho-
graphic method for generating two-dimensional surfaces
capable of organizing two different cell types into discrete
spatial locations (70). A pattern of photoresist on glass was
prepared using conventional UV lithography and then
exposed to a solution of collagen (an adhesion-promoter).
The photoresist was used as a mask. Upon lift-off of the
resist, the collagen remained patterned over the glass. The
collagen bioactivity was preserved, so the protein pattern
remained active in promoting cell attachment. One type of
cell (hepatocytes) selectively attached to the collagen
pattern, which consisted of round islands, and, subse-
quently, another type of cell (fibroblast) was deposited in
the space between the islands, thus creating a patterned
coculture (71). Microfabricated cocultures prepared with
this method have been used to control the level of homo-
typic interactions (interactions between the same cell
type) and the degree of heterotypic interactions (interac-
tions between different populations of cells).

An alternative to the method developed by Bhatia’s
group for coculture patterning is the use of membrane-

(a) (b) (c)

Figure 5. Three-dimensional cell pattern-
ing. Examples of multilayer hydrogel micro-
structures containing living cells. Three layers
of patterned hydrogel lines containing cells at
low magnification (a) and at higher magnifica-
tion (b). (c) Fluorescent image of three layers,
with one layer containing red-labeled cells, one
layer containing green-labeled cells, and all
layers counter-stained blue (62).
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based patterning, MEMPAT (42). The approach is essen-
tially the same, but the latter technique is more versatile
because it uses a method that does not require highly
specialized chemistries and clean-room microfabrication
facilities. Moreover, MEMPAT can be used for creating
patterned cocultures over different materials of planar
and nonplanar surfaces. Electroactive substrates have
also been used to pattern two population of cells using a
method similar to the one described in the previous
section (72).

Another key issue in cell patterning is the assessment
of the correct functionality of the patterned cells. In
experiments that involve neuron cell patterning, in parti-
cular, researchers are interested in patterning a neuron
network where cells make functional interactions, which
is essential for the development of neurological implants
for regenerating lost neuron connections, a common con-
sequence of neurological traumas and diseases. Kleinfeld
et al. were the first to attempt to control the in vitro
synapse formation between neurons patterned over a
microfabricated pattern (20). Unfortunately, the interpre-
tation of the electrophysiological data from the experi-
ments reported is not straightforward, because detected
signals cannot be associated unambiguously with specific
neurons, which is because of the reported mobility of the
patterned neurons and to the fact that many cells were
attached at the same site. Alternative patterning meth-
odologies have since been investigated to address this
problem, such as patterning with protein-derived syn-
thetic peptides. By using low-density neuron cultures,
simple neuron circuits were formed, which allowed ana-
lysis of the synaptic transmission in a single neuronal pair
without the influence of other neurons (73).

Artificial neuron networks also have a great potential
as cell-based biosensors because of the intrinsic capability
of neuronal cells to induce an electrical signal. Neuronal
cells can bind sensitively and specifically to different drugs
and toxins, and, upon binding, they generate an electric
signal that can be monitored by microelectrodes and that
is substance-specific and concentration-dependent. The
challenge behind neuron-based biosensors thus rests in
the ability to attach neurons to the electrodes in a useful
manner. The recording systems that use planar electrode
arrays of metal electrodes have been widely investigated,
but the major drawback of these systems is that they do
not precisely control single-cell attachment to the elec-
trode. The solution to this problem has been the develop-
ment of a ‘‘neurochip’’ (74), a planar electrode array with
the addition of a small cage around each electrode into
which a single cell body can be placed. This system allows
for a one-to-one correspondence between cell and elec-
trode, so each neuron is isolated. Recording and stimulat-
ing is done in a noninvasive and highly specific way, and
the neuron response can be unambiguously associated.

5.4. Patterning Cells and Their Environments

In the last few years, researchers investigating cell pat-
terning in vitro have developed accurate systems that
allow the control of cell attachment and cell interaction
with the surrounding environment, which includes the

culture media and other cells. The ability to control the
interaction between cells and the culture media is extre-
mely important. In standard cultures, a homogenous layer
of medium covers cells. The situation in vivo, however, is
dramatically different, as the cells are surrounded by a
heterogenic medium and, thus, are subject to gradients of
nutrients and secreted factors. Creating in vitro systems
that better mimic the in vivo situation requires then
patterning cells modulating the medium around them on
a microscale. Laminar flow patterning allows one to
achieve this task in an easy, inexpensive, and straightfor-
ward way (75). This method is based on the use of
microfluidic channels to generate laminar flow of liquids
in capillaries. The consequence of the laminar flow is that
two or more layers of fluid will flow next to each other
(parallel) without any mixing other than that caused by
diffusion. Small molecules will diffuse rapidly, whereas
larger molecules, such as proteins or cells, will diffuse
slowly. The ability to generate and sustain parallel
streams of different solutions in capillaries allows pattern-
ing the substrate (adherent or nonadherent), the location
of cells (or multiple type of cells), and the medium, which
is achieved by fabricating a network of capillaries having
three (or more) inlet channels that converge into a single
main channel. Laminar flow patterning has been used (1)
to selectively adhere and deposit cells in specific locations;
(2) to selectively label cells (e.g., fluorescent labeling), and
(3) to selectively release cells from a pattern (Fig. 6). The
advantage of this method over the ones previously dis-
cussed is that cell patterns are generated inside the
channels of microfluidic networks, and, thus, by exploiting
the intrinsic fluid dynamic properties of the network, cells
can be selectively perturbed. Therefore, laminar flow
patterning offers useful platforms for studying fundamen-
tal cell biology and cellular metabolism, as well as useful
analytical systems that could be integrated into cell-based
sensors.

Another important issue in cell patterning is the
production of reproducible surface chemical gradients
because, in vivo, many cell processes occur along a gra-
dient. Chemical gradients have been generated with
microfluidic networks by flowing laminarly and side-by-
side multiple streams of fluid having different concentra-
tions, which generates a step-concentration gradient per-
pendicular to the direction of the flow. This method has
been used to generate gradients having complex shapes
and compositions (76) and could have important applica-
tions in cell patterning. Gradients of substrate-bound
laminin have been created with this method and found
useful for the orientation and guidance of neuronal cell
growth (77).

The laminar flow of fluids can also be used to deliver
reagents from a solution to part of the surface of a single
cell, which can be achieved by placing the interface of two
parallel, laminar fluids having different compositions over
one cell. If the material delivered has the capability of
crossing the cell membrane, the technique can also be
used to create a gradient inside the cell body. The collec-
tion of techniques that use laminar flows to deliver
reagents to part of a cell is called ‘‘Partial Treatment of
Cells using Laminar Flows’’ (PARTCELL) (78). PART-
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CELL has been used (1) to pattern specific media over a
cell, (2) to pattern the inside of a cell, and (3) to pattern the
cell substrate.

6. CONCLUSIONS AND PERSPECTIVES

The research on cell patterning has improved form planar
patterning to three-dimensional cell patterning, in order
to reproduce tissue-like cellular architectures, an impor-
tant task not only for tissue engineering, but also for other
applications where functional and in vivo-like cellular
micropatterns need to be created. The rapid advance of
micro- and nano-fabrication technologies is assisting in
this task, and more accurate and sophisticated 3-D pat-
terning systems will be fabricated in the future. The
reconstruction of a functional cellular environment is
not limited to the spatial distribution of cells, as the
functional interaction between cells must also be restored.
Moreover, in vivo cells are subject to gradients of chemi-
cals that direct and control their growth and behavior.
Laminar flows of fluids in microfluidic channels have
recently been used to create gradients in order to provide
patterns that better resemble the in vivo conditions. The
inclusion of controlled gradients within three-dimensional
micro-architectures will allow significant progress in cell
patterning for tissue engineering. As the interaction of
cells with the ECM in vivo is highly dynamic, research will
continue to design ‘‘smart’’ materials that change in real-
time in response to changes in the cellular environment
around them. Finally, as the knowledge of the effect of
nanotopographies on cell attachment and behavior broad-
ens, the future biomaterials could include nanofeatures

that would promote or inhibit cell adhesion and would,
therefore, elicit specific cell responses.

Sophisticated patterning techniques involving high-
resolution chemical gradients have recently been intro-
duced to study subcellular patterning in order to selec-
tively perturb part of a cell. This interest will continue in
the future, where single-cells systems will be studied and
the nanostructure of the patterned cell investigated.
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1. IMPORTANCE OF CELL–SURFACE INTERACTIONS

The term cell–surface interaction traditionally includes
the interaction of a cell with an in vitro surface but also
the interaction of a cell with the surface of another cell of
the same or a different kind (1). Both types of interactions,
with a technical or biomaterial surface on the one hand or
with another cell on the other hand, are determined by
very similar principles that led to their mutual discussion
in many treatises. This article, however, will focus on the
interaction of cells with substrate surfaces and leave cell–
cell interactions aside. Whenever appropriate, similarities
or differences with respect to the interactions between
cells will be briefly mentioned and discussed. For more
specific information on cell-cell interactions, the inter-
ested reader is referred to (2) and references therein.

The interactions of living cells with technical surfaces
play a key role within a growing range of biomedical and
biotechnological applications in which cells are anchored
to solid substrates in or ex vivo or—conversely—their an-
chorage to a surface has to be avoided. Here, the term cell
generally comprises both, eukaryotic as well as prokaryo-
tic organisms, but this article will predominantly focus on
the fundamental principles of animal cells in contact to
technical devices and the experimental techniques that
are used to study it. A concise summary about the adhe-
sion of bacterial cells to inorganic or manmade surfaces—
often called biofilms—will be given at the very end of this
survey with special emphasis on the differences between
the bacterial and animal cell–surface interactions.

One of the most important areas in which the interac-
tions between animal—or even human cells—and techni-
cal surfaces are of critical importance is medical
technology (mt) in general, and the design of endopros-
theses or implants in particular. When a technical device
like an implant is placed inside a living organism in order
to fulfill structural or functional tasks, its biocompatibility
is a must (3). Very often the term ‘‘biocompatibility’’ means
integration of the device into the target tissue and settling
of the tissue-specific cells on its surfaces without creating
a foreign-body response. But in many cases this is just a
minimum requirement, and the proper functionality of the
implant requires strong and mechanically stable adhesion
of the cells to the surface. Well-known examples for such
implants are polymer tubes used to create bypasses
around plugged coronary arteries. In order to make the
polymer surface blood-compatible, endothelial cells (i.e.,
the cells that line the native blood vessels in vivo) are
grown on the inner surfaces of the tubing, providing an
interface similar to the one inside the native vessels (4,5).
With the endothelial cells covering the polymer surface
continuously, all blood-borne compounds and cells are not
facing any foreign body, which helps to avoid blood clotting

and immune response. Since the endothelial cells are ex-
posed to significant shear forces by the circulating blood
stream, their adhesion to the inner wall of the tubing is
crucial and has to withstand considerable mechanical
stress.

In the development of neuro-prostheses, the require-
ments with respect to the cell-substrate contact zone are
even more demanding. Here, the cell–surface junction not
only has to be stable mechanically but the neurons have to
be interfaced with conducting or semiconducting surfaces
in order to read or stimulate neuronal activity. For both
directions of signal transfer, a close contact between the
neuronal cell bodies and the technical components is nec-
essary to provide a sufficiently good coupling between the
living cells and the technical transducers (6,7).

Similar systems as they are being developed for neuro-
prostheses are invaluable for drug and cytotoxicity screen-
ing in vitro. Here, the cells are grown on technical com-
ponents like field effect transistors or noble metal
electrodes, which are used to read the cellular response
to chemical or pharmaceutical stimuli in order to identify
new drug candidates or to exclude those with considerable
side effects (8).

Another example that demonstrates the importance of
tailor-made cell–substrate interactions is the design of
bioreactors in which animal cells are used for the large-
scale production of proteins or fine chemicals. To improve
the efficiency of the process, cells are frequently grown on
micro-carrier beads that provide a better ratio of available
growth-surface to reactor volume. However, the cells have
to withstand the shear forces associated with the flow-
through of medium that provides oxygen and nutrients.
Thus, the anchorage of the cells to the surface of the car-
rier beads is decisive for the productivity of the bioreactor
(9).

The interactions of cells with in vitro surfaces create
interest in the above-mentioned fields of applied science
where they are important for the functionality for a cer-
tain process or device. But their relevance is even more
general. But their relevance is even more general. When-
ever cells are cultured in vitro, they will encounter in vitro
surfaces, attach to it via cell–surface interactions and may
even need this for survival. It is well-known that so-called
anchorage-dependent cells will die if they cannot find a
suitable place to adhere to and express proper cell–surface
interactions (9). But the surfaces have to fulfill certain
conditions in order to be accepted or tolerated as an ad-
hesion site for the cell. It is important to recognize that in
many cell types certain signal transduction cascades are
triggered upon attachment and spreading to a particular
surface and this, in turn, may alter their differentiation or
functional properties. This is of greatest importance for all
handling of stem cells that typically show an undifferen-
tiated phenotype but may go certain wanted or unwanted
differentiation pathways if they encounter in vitro sur-
faces (10).

Moreover the dynamic aspects of cell–surface interac-
tions are heavily studied to get a deeper understanding
about processes like cell migration, wound healing, or tu-
mor metastasis. In all these fields it is important to learn
how a cell generates and transmits the forces to move, how
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the cell–substrate interactions are involved in these pro-
cesses, what directional clues exist that guide the cells in a
certain direction, and how cell motility is correlated with
the molecular architecture of the cell-substrate contacts
(11).

All the above-mentioned examples demonstrate that
cell–surface interactions play a role in many fields of ap-
plied and fundamental research. This general importance
is clearly the reason for the intense research activities
that have been performed throughout the last decades. A
major problem that may have hampered research progress
is the fact that the contact zone between cell and surface is
not easy to access experimentally since it is buried be-
tween the cell body on the one side and the substratum on
the other. Even modern and extremely powerful tech-
niques like scanning force microscopy (SFM), scanning
electron microscopy (SEM), or other scanning probe tech-
niques can provide very detailed images of the upper cell
surface, but they don’t have access to the interface be-
tween lower cell membrane and the substratum that the
cell is attached to. Of course, the cell bodies can be re-
moved in order to study the molecular composition on the
surface, but it is an inherent problem whether the removal
of the cell body has changed the interface with respect to
its chemical and structural composition. To overcome this
limitation, specialized techniques have been developed
that are tailor-made to study the contact area between
cell and substrate. A short overview about the most im-
portant technical developments that specifically address
cell–surface interactions will thus be given ahead.

2. SPECIFIC OR NONSPECIFIC INTERACTIONS

It has been a matter of long scientific debate and discus-
sion whether specific or nonspecific interactions are pre-
dominantly responsible for anchorage of cells to a given
surface (12–14). And also there has been a long discussion
when an interaction is classified as being specific or non-
specific. This discussion—although substantial and justi-
fied—will not be nourished and continued here, but the
following definition is chosen as the basis for all subse-
quent considerations: an interaction will be considered
specific when it is of the receptor-ligand type and involves
molecular recognition between a cell surface receptor and
a substrate-anchored ligand. This definition does not dis-

regard that many cell surface receptors are promiscuous
and accept several different ligands with similar affinities.
This, however, is considered as being multispecific but not
nonspecific. It is characteristic for a specific interaction
that it can be blocked by a chemical species of low molec-
ular weight that competes for the receptor binding site.
Nonspecific interactions in the contrary are electrostatic,
electrodynamic, steric, or entropic interactions that lead
to attractive or repulsive forces between cell and surface
but do not require molecular recognition and cannot be
blocked by specific molecules.

It is widely accepted nowadays that both, specific and
nonspecific interactions contribute to the anchorage of
cells to a given surface, but there is compelling evidence
that specific ligand–receptor interactions are more impor-
tant for the final strength or the dynamic properties of
cell-substrate adhesion sites (12). On the other hand, non-
specific interactions may become dominant when (1) a cell
is approaching a surface and no specific interactions have
yet been established; (2) when the number of receptors or
ligands is small (often referred to as low avidity); (3) the
receptor’s affinity for the available ligands is low, or (4) the
binding site for molecular recognition is not accessible. In
the subsequent paragraphs, specific and nonspecific inter-
actions are described in detail separately.

3. MOLECULAR ARCHITECTURE OF SPECIFIC CELL–
SURFACE INTERACTIONS

Today Specific interactions of the receptor-ligand type are
considered to be the dominant contributor for the mechan-
ically stable anchorage of cells to a given substrate. Since
specific interactions require fitting of the ligand into the
binding site of the receptor and hence, a perfect spatial
orientation of both molecular partners with respect to
each other, it is assumed that the establishment of a spe-
cific cell–substrate interaction requires more time com-
pared to the formation of nonspecific interactions that will
be discussed separately ahead.

Before we go into the details, an overview over the
general molecular architecture of specific cell-surface con-
tacts will be presented. Figure 1 provides a supporting
schematic. The actual connections between cell body and
surface are provided by transmembrane proteins that
bind to ligands on the surface with their extracellular do-

plasma membrane

substratum

extracellular matrix

cytoskeleton

Cell-Surface
Junction

cell

substratum

junction

Figure 1. Schematic of the contact area between cell and sub-
stratum. Anchorage is provided by cell-surface receptors that
bind specifically to components of the extracellular matrix on
the substrate surface and are linked to the cytoskeleton on the
intracellular side.
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mains. Usually these ligands are part of a macromolecular
network of proteins also referred to as the extracellular
matrix (ECM) (15). The ECM components are either pre-
adsorbed to the surface, a self-assembly layer of proteins
originating from the cell culture medium, or may even be
secreted by the cells themselves. On the intracellular side
the transmembrane receptor proteins are linked to the
cytoskeleton (16) by means of adaptor proteins. Thus, the
transmembrane proteins interconnect the intracellular
protein filaments of the cytoskeleton with the protein fil-
aments of the extracellular matrix and serve as junctions
between these two macromolecular networks. This molec-
ular architecture is particularly important to ensure me-
chanical stability of the cell-surface junction since any
mechanical load is distributed into both protein networks
and thereby reduces the local mechanical stress. Without
this junctional composition the cell surface receptors
might get pulled out of the membrane by rather small
forces that they can easily withstand when stabilized by
the two interacting protein networks. A similar construc-
tion principle can be found in characteristic sites of cell–
cell adhesion called desmosomes and adherens junctions
(2). Here the contributing proteins are different, but the
layout of the junction is similar: the transmembrane pro-
tein of cell A interacts via its extracellular domain with
the respective domain of a similar protein of cell B, and
both cell surface receptors are intracellularly linked to the
cytoskeleton. Thus, the two individual cytoskeletons of
cells A and B are interconnected across the two plasma
membranes by means of membrane-spanning receptors.
This architecture is again critical for the mechanical sta-
bility of cell–cell adhesion and tissue integrity. In the fol-
lowing paragraphs a more detailed inspection of the
individual molecular components in sites of cell-substrate
adhesion will start extracellularly with the ECM and
move inward via the membrane spanning receptors to
the cytoskeleton.

3.1. The Extracellular Matrix (ECM)

Most adhesive molecules that serve as ligands and medi-
ate adhesion of cells to surfaces are derived from the so-
called extracellular matrix (ECM) which is—as the name
implies—the matrix around the cells in an animal body.
Nowadays it is well-known and generally accepted that
the extracellular matrix forms a macromolecular network
in vivo that provides not only space filling between cells
but also directional clues for cell migration and depots for
growth factors or mitogens; it is extremely important for
cell differentiation. The cells have some control over ECM
composition in their direct environment by (1) self-syn-
thesis of ECM components and (2) production and secre-
tion of enzymes like, for instance, matrix
metalloproteinases (MMPs) that are capable of cutting
and digesting ECM components (17).

The ECM is typically composed of proteins, carbohy-
drates, low-molecular-weight species, salt, and water. It is
extremely complex with respect to its chemical composi-
tion and structural organization. There are at least 100
different molecular species known to contribute to the
structure of the ECM (15). These are mainly glycoproteins

and proteoglycans that are decorated with bindings sites
to interact with each other and form a macromolecular
network. The most prominent glycoproteins found in the
ECM and frequently used to make in vitro surfaces adhe-
sive are collagens, laminins, fibronectins, vitronectin, and
the family of proteoglycans. Proteoglycans are large mol-
ecules that generally consist of a protein core with very
large and complex carbohydrates—the so-called glycos-
amino glycanes or shorts GAGs—attached to it. The mo-
lecular weight of proteoglycans is dominated by the
carbohydrate moieties. There is a lot of variation in GAG
composition so that a huge number of different species can
be found in the extracellular matrix (18).

For cell anchorage, an in vitro surface has to be deco-
rated with these adhesive molecules that provide binding
sites for the cell surface receptors. By binding to these
molecules, the cell gets connected to the substrate. There
are three possible sources for ECM proteins on an in vitro
surface: (1) these proteins are pre-deposited experimen-
tally from a protein solution before cells are seeded; (2) the
proteins are components of the cell culture medium sup-
plemented with serum and spontaneously adsorb to the
surface; or (3) the adhesive molecules are synthesized and
secreted by the cells themselves. In particular, the last
option is often overlooked when cells attach and spread to
an in vitro surface in a protein-free environment. When
there are no binding sites for the cell surface receptors on
the substratum, the cell may react to this by starting pro-
tein biosynthesis and secreting adhesive proteins. In sev-
eral former studies it was claimed that cells are able to
attach and spread to a protein-free substrate, but it is not
at all easy to exclude that the cells did not produce adhe-
sive proteins by themselves.

3.2. Cell-Surface Receptors Involved in Cell-Substrate
Adhesion

The major class of cell surface receptors involved in cell-
substrate anchorage are the integrins (19). Integrins are
a,b-heterodimeric proteins that stick out of the cell mem-
brane by roughly 20 nm.Up to now, 15 different a- and 8
different b-subunits have been identified, which combine
to at least 21 individual integrins, like for instance a1b1 or
a5b1. Integrins that are composed of a b1, b2 or b3 subunit
are the most highly expressed ones and, thus, the most
important. Dependent on subunit composition, the differ-
ent integrins recognize certain amino acid sequences in
individual ECM proteins and bind to them. For example,
a5b1 is a receptor for fibronectin, whereas a6b4 is a receptor
for laminin. The amino acid sequence that mediates mo-
lecular recognition is rather short and may only comprise
4 to 10 amino acids. Many integrin subtypes are promis-
cuous and bind to different ECM proteins as long as these
carry a suitable recognition sequence. And also, one par-
ticular ECM protein may interact with various integrins
by carrying more than one recognition sequence in its pri-
mary structure. Table 1 provides a collection of ECM pro-
teins together with the amino acid sequences of their
integrin binding sites. The most well-known amino acid
sequence that certain integrins recognize is the Arg-Gly-
Asp-Ser motif or RGDS in one-letter code, which has been
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first identified in fibronectin (20). In order to bind to ECM
components, integrins are dependent on the presence of
divalent cations, either Mg2þ or Ca2þ . Some integrins
even accept both.

As long as integrins are not bound to their ligand, they
are able to diffuse laterally in the plasma membrane.
When a ligand is bound, they tend to cluster and form
sites where adhesion is mediated by many integrin–ECM
interactions. These sites of integrin accumulation are
called focal contacts (21). They are considered as spots
where the cell body has the closest distance to the surface.
On the intracellular site a protein plaque forms that con-
tains many adapter proteins like vinculin, a-actinin, pa-
xilin, and talin. The adapter proteins provide the
molecular connection between the integrin b-subunit and
the actin cytoskeleton. The actin filaments get bound to
the integrins in an end-on fashion, meaning they originate
or end in focal contacts. But more than just structural
proteins are localized on the intracellular side of the focal
contacts: also proteins that are important for signal trans-
mission. Focal adhesion kinase (FAK) is an important me-
diator and amplifier of outside-in signaling that relays
signals arriving via the integrins into the cell interior by
means of protein phosphorylation. Figure 2 sketches the
molecular constitution of the focal contacts.

Another similar structure like focal contacts are the
hemi-desmosomes. Hemi-desmosomes have two distinct
features compared to focal contacts: (1) Only one particu-
lar type of integrin clusters into hemi-desmosomes,
namely a6b4, the above-mentioned laminin receptor; (2)
in hemi-desmosomes, the b-subunits are not linked to the
actin cytoskeleton but to the intermediate filaments, an-
other type of intracellular protein filaments that provide
mechanical stability to the cells (16).

Besides the integrins, there is another family of cell
surface receptors that are involved in cell-substrate adhe-
sion, the so-called transmembrane proteoglycanes. Pro-
teoglycanes in general have been described above. In

transmembrane proteoglycanes, the protein core provides
the membrane spanning domain to which glycosaminogly-
canes (GAGs) are attached extracellularly. Moreover,
there are also proteins from the lectin family involved in
cell substrate anchorage. Lectins are a class of cell surface
proteins that are capable of recognizing sugar moieties
and may, thus, bind to proteoglycans and glycoproteins.

4. NONSPECIFIC INTERACTIONS INVOLVED IN CELL-
SUBSTRATE ADHESION

The following types of nonspecific interactions have to be
considered:

4.1. Electrostatic Interactions

Electrostatic interactions are based on the presence of
fixed charges on both, the cell surface and the substrate
surface. The surface of cells is usually decorated with neg-
ative charges that arise from the dissociation of acidic
groups within the polysaccharides of the glycocalix (i.e., a
layer of carbohydrates coating the outer surface of the
plasma membrane of eukaryotic cells). The glycocalix con-
sists of oligosaccharides of glycoproteins and glycolipids as
well as polysaccharide chains of transmembrane pro-
teoglycanes. It can be as thick as 150 nm.Thus, dependent
on the polarity of the charges immobilized on the surface,
attractive or repulsive interactions may result. The neg-
ative net charge of the cell surface is the reason why it is
often beneficial to coat in vitro surfaces with polycations
like, for instance, poly-L-Lysin. The associated electro-
static interactions make the substratum more cytocom-
patible and support cell adhesion. When it comes to the
apposition of two cells, the negative surface charges lead
to a repulsive potential between them that is often over-
come by extracellular polycationic molecules that serve as
a glue between the cells.

Table 1. Selection of ECM Proteins and the Amino Acid
Sequences (in one-letter code) Recognized by Cell Surface
Receptors in Their Primary Structure

Protein Recognition Sequence

Fibronectin RGDS
LDV

REDV
Vitronectin RGDV
Laminin1 Chain A LRGDN

SIKVAV
Laminin1 Chain B1 YIGSR

PDSGR
Laminin1 B2 RNIAEIIKDA
Collagen I RGDT

DGEA
Thrombospondin RGD

VTXG

Table adapted from (51).
1There are various isoforms of the heterotrimeric protein Laminin. Infor-

mation given in this table refers to EHS-Laminin or Laminin 1, which

consists of the A/B1/B2 polypeptide chains.
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Figure 2. Detailed view on the molecular architecture of focal
adhesion sites.
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However, all electrostatic interactions are efficiently
screened in a physiological environment due to the high
electrolyte (salt) concentrations. A quantitative measure
for the screening of electrical interactions in an aqueous
solution is provided by the characteristic decay length of
the electric field between two charges, which is also re-
ferred to as the Debye–Hueckel constant. In physiological
media with approx. 150 mM NaCl plus other salts, the
Debye–Hueckel constant is in the order of 1 nm or below
and, thus, the interaction forces are rather short-ranged
(1,14).

4.2. Electrodynamic Interactions

The term electrodynamic interactions summarizes all con-
tributions that arise from the interactions of permanent or
induced dipoles. The associated forces are always attrac-
tive in nature; however, due to electrolyte screening, they
are of limited range (see above). Very often discussion of
nonspecific interactions are limited to the two aforemen-
tioned electrical interactions—electrostatic and electrody-
namic. When both interaction terms are combined, the
resulting energy-distance relationship depends critically
on the nature of the electrostatic part, whether it is at-
tractive or repulsive. When cell membrane and substrate
surface carry charges of different polarity, the overall in-
teraction is certainly attractive. When cell surface and
substrate surface carry net charges that are of the same
polarity, the overall energy-distance curve shows two at-
tractive energy minima. The first minimum is located
right at the substrate surface, whereas the second mini-
mum is 5 to 10 nm above the surface (22). Both minima are
separated by an energy barrier that arises from electro-
static repulsion due to fixed charges of similar polarity on
either surface. According to Bell (1) and Curtis (23), these
kind of nonspecific interactions allow the cells to approach
the surface until they reach the secondary minimum. This
distance may then be bridged by cell surface receptors
that stick out of the membrane by 10 to 20 nm and may
bind to their corresponding ligands on the substrate sur-
face.

4.3. Hydration Forces

Hydration forces have been discussed as a contributor to
the nonspecific interactions. However, they only come into
play if the cell membrane would approach the substrate
surface closer than 1 nm, which is not likely according to
all published data. Nevertheless, their origin will be out-
lined for the sake of completeness. When cell and sub-
strate surface are as close as 1 nm, the water layer in the
remaining gap between the two interfaces will become or-
dered. This is because water molecules will orient them-
selves along either surface according to its individual
wettability. Due to dipolar interactions and hydrogen
bonding, the orientation of the water molecules will prop-
agate into the center of the thin water channel. This gain
in molecular order is associated with a loss of entropy, and
repulsive forces will result to counteract this effect (24).

4.4. Repulsive Forces Due to Compression of the Glycocalix

The glycocalix (see above) can be as thick as 100 to
150 nm.Since typical distances between cell and surface
range between 30 to 200 nm, the sugar coat might get
compressed below its equilibrium thickness when a cell
approaches a surface. If that happens, the carbohydrate
chains get pushed together and the water is squeezed out
of the spaces in between. Both processes create repulsive
forces due to an increased osmotic pressure inside the
carbohydrate layer and a loss of entropy caused by the
gain in molecular order.

4.5. Repulsive Forces Due to Limited Membrane Fluctuation

The cellular plasma membrane is not a static structure
but performs permanent shape fluctuations and deforma-
tions. When a solid substrate limits the space available for
these deformations, this will result in repulsive forces that
push the cell body away from the surface (24).

5. SEQUENCE OF EVENTS DURING CELL ADHESION

Attachment and spreading of cells upon protein-coated
surfaces is an enormously complex and versatile process.
As mentioned above, specific receptor-mediated interac-
tions with surface immobilized proteins are necessary to
provide mechanically stable substrate anchorage. Thus,
attachment and spreading of cells to a technical surface
are critically dependent on the presence of adhesive pro-
teins on the surface and the suitability of the surface to
allow for protein adsorption. The wettability or
hydrophilicity or hydrophobocity of the substratum—
that all describe the same phenomenon on different
scales—are generally considered as the most relevant sur-
face parameter for protein adsorption (25). Neglecting the
differences observed for individual proteins, it seems a
general trend that the amount of protein that adsorbs on a
given surface is higher when the surface is hydrophobic.
However, when encountering a hydrophobic surface, the
protein may experience unfolding accompanied by a loss of
its adhesive properties. On a hydrophilic surface, the
amount of protein that adsorbs is generally smaller, but
the protein retains its biological folding and will be rec-
ognized by the cell-surface receptors. Thus, it is a general
trend that in vitro surfaces should be hydrophilic in na-
ture in order to be well suited for cell adhesion. Accord-
ingly, commercially available culture dishes made from
polystyrene are exposed to UV light before they are sold
since UV radiation renders the surface more hydrophilic.
Absatz Protein adsorption to the surface generally occurs
instantaneously. So even when cells, suspended in serum-
containing cell culture medium, settle on a surface that
originally has no protein coat, cell attachment and spread-
ing occurs since adhesive proteins from the medium ad-
sorb within seconds. Animal serum contains several
proteins that render a technical surface adhesive after
their adsorption. One of the most important proteins in
this context is the protein vitronectin that was named af-
ter its ability to make in vitro surfaces adhesive (vitronec-

CELL SURFACE INTERACTIONS 5



tin¼ vitroþnectere; with nectere being the Latin word for
to connect).

When a cell suspension is allowed to settle on a tech-
nical surface that is decorated with some adhesive pro-
teins, the cells first have to get close to the surface by
sedimentation. The time necessary for a cell to reach the
surface can be calculated from Stokeś law. For a spherical
cell of 10-mm radius, the sedimentation velocity can be es-
timated to approximately 1 mm/min (assuming a cell den-
sity of 1.05 g/cm3). It is noteworthy that the sedimentation
velocity scales with the square of the radius such that a
cell of 5-mm radius settles only with 0.25 mm/min. Close to
the surface, however, sedimentation becomes slower as
the drainage of fluid between cell body and the flat surface
requires additional time.

After first molecular contacts between substrate-immo-
bilized proteins and the corresponding receptors on the
cell surface have been established, the cells starts to ac-
tively spread out accompanied by an extension of their
contact area. Figure 3 illustrates this process. Formation
of first adhesive contacts of an essentially spherical cell is
generally considered as attachment or adhesion. Several
different processes are considered to contribute to the sub-
sequent contact extension and spreading (14). A compre-
hensive mechanistic explanation is, however, not yet
available. Nonspecific or specific interactions along the
periphery of the contact area could lead to a continuous
extension of cell-substrate contact. Whereas nonspecific
interactions are only short reached, the cell-surface re-
ceptors stick out of the membrane by at least 20 nm and
may find interactions partners on the surface even though
the cell membrane has not yet gotten into closest possible
apposition. This will be counteracted by molecules in the
membrane that have no affinity for surface-immobilized
ligands but require space and, thus, act as steric repellers.
In a random process new adhesion sites may form, and
when they are stabilized by further cell–surface interac-
tions, they will persist. Otherwise steric repulsion may
lead to a detachment from this contact site. Another
source that might add to contact extension are random
membrane fluctuations that are known to occur even in
the substrate facing membrane (26). These fluctuations
may lead to a randomized snap-on of the membrane re-
ceptors on their ligands.

Finally, the cell may extent its substrate contact also by
actively sending out membrane protrusions that are ei-
ther called lamellipodia, when they are area-like, or fili-
podia, when they are finger-like. These processes are
driven by the cytoskeleton and are energy-dependent.

This mechanism has been nicely visualized by RICM im-
ages (see below) in which extension of the existing contact
area was paralleled by the formation of new adhesion sites
close to the original one but not in direct contact. Thus, a
membrane protrusion must have spanned a bridge from
the cell body to the new site of adhesion (14).

In all cases contact extension has to overcome the sur-
face tension of the membrane that works against the as-
sociated increase of cell surface flattened out on the
substrate. Eventually the cell has reached its final state
of substrate adhesion, which is, however, not at all sta-
tionary but highly dynamic and may alter throughout the
life cycle of the cell. In particular, during mitosis and cyto-
kinesis (i.e., division of the cell body into two daughter
cells), substrate contacts will be loosened again and the
cell will regain a spherical morphology in order to divide.

Looking at the contact area of fully spread cells, it was
found that there is a large variety of appearances. Some
cells form a rather uniform contact to the surface with
only little variation in the membrane-substrate separation
distance along the entire cell body. This is often found for
epithelial cells. Interestingly these cells often sit on a sur-
face-like sheet of extracellular matrix in vivo which is
called the basement membrane. It is tempting to speculate
that this in vivo situation is conserved in the adhesion
behavior in vitro. For other cells the contact area has been
found to be rather heterogeneous with only a small frac-
tion of the basal, substrate-facing cell membrane being in
close apposition to the surface, whereas a significant por-
tion is farther away from the substratum. Areas of close
contact are thought to be the areas of substrate anchorage.
Taken together, the area of close contact relative to the
total projected area of adherent cells may vary from a few
percent to almost 100% depending on the cell type and the
substratum.

The distance remaining between cell membrane and
substratum is a matter of debate. Some authors report
that in focal contacts the membrane gets as close as 5 nm
to the surface (27). Others report on distances of up to
30 nm in these regions. Areas in which the membrane is
not involved in substrate adhesion can be as far as 200 nm
away from the surface. In contrast to textbook presenta-
tions, Iwanaga et al. (28) did not find any local correlation
between the presence of focal contacts and a closer appo-
sition of cell membrane and substrate compared to areas
where no focal contacts had been formed.

The average cell-substrate separation distance (aver-
aged along the entire contact area) is generally reported to

contact area

Attachment

Spreading

Figure 3. Schematic of the morphological changes of
the cell body during attachment and spreading upon
adhesive surfaces.
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be between 25 and 200 nm, dependent on the cell type and
the coating of the substratum.

The physical and chemical properties inside the cleft
between cell and substrate are largely unknown. The nar-
row channel contains at least proteins and carbohy-
drates—they are found in the extracellular matrix—
water and salts. Very recent studies report that the spe-
cific conductivity within this small channel is undistin-
guishable from the bulk fluid above the cells (29).
However, when vesicles or erythrocyte ghosts are attached
to a surface, it was found that the conductivity in the re-
maining cleft was considerably reduced (30). The reason
for this change in ion mobility beneath the cells remains to
be resolved.

6. EXPERIMENTAL TECHNIQUES TO STUDY CELL–
SURFACE INTERACTIONS

The number of experimental techniques capable of prob-
ing the contact area between adherent cells and their
growth support is rather limited. It is beyond the scope of
this article to provide a comprehensive survey about all
available methods and to list their individual pros and
cons. Instead a short summary about the most important
and emerging approaches will be given in the following
paragraph. All these techniques have in common that they
were designed for one of the following objectives: (1) to
image the contact area between cells and substrate; (2) to
measure the distance between basal (i.e., substrate facing)
plasma membrane and surface; or (3) to monitor changes
in substrate anchorage as a function of time.

6.1. Reflection Interference Contrast Microscopy (RICM)

Reflection interference contrast microscopy (RICM), which
is also referred to as interference reflection microscopy
(IRM), has contributed the most to the existing literature
about cell–substrate interactions (31,32). It allows us to
image the ‘‘footprints’’ of the cells on a substrate rather
than only the projection. RICM in its basic form is based
on growing living cells on an ordinary coverslip and does
not require any staining or fixation. Moreover, if the mi-
croscope stage is warmed, it can be performed under phys-
iological conditions. In RICM the sample is illuminated
from below on an inverted microscope with monochro-
matic light using objectives with high illumination nu-
merical aperture (INA). High INA basically means that
the sample is illuminated by a light cone with a rather big
apex angle. The image is generated from the light that is
reflected from the sample; thus, like in a fluoresence mi-
croscope, one single lens (or set of lenses) serves as con-
denser and objective at a time. The incident light is
reflected at all optical interfaces such as the glass/liquid
interface and the liquid/cell membrane interface. Re-
flected light originating from interfaces deeper in the sam-
ple and farther away from the growth substrate is
excluded from image formation by using high INA objec-
tives. This final prerequisite is critical and misinterpreta-
tions may occur if this condition is not fulfilled. Examples
for such a scenario are very thin cells or cell protrusions in
which the apical (upper) membrane is very close to the

coverslip surface as well. When reflections from the upper
membrane also contribute to the image, the data is hard to
interpret—if at all (31).

Figure 4 sketches the process of RICM image formation
and distinguishes between a cell-free area (a) and a cell-
covered area (b) on the substratum. For the cell-free area
(a), the situation is rather simple. A fraction of the inci-
dent light beam that hits the surface is reflected at the
glass/liquid interface. The intensity of the reflected light—
and thus the brightness of the pixel—depends on the dif-
ference in the refractive indices of the two adjacent media.
Since this difference is rather big for the glass/liquid
boundary compared to other interfaces of the sample
(nglassE1.515; nliquidE1.34; ncell�membraneE1.37), RICM
images are bright in cell-free areas. In cell-covered areas
the situation is more involved. As in cell-free areas we find
reflection of the incident light at the glass/liquid interface.
But the fraction of the incident light that passes through
the glass/liquid boundary is now reflected at the plasma
membrane. Since the two interfaces are very close to each
other, the two reflected light beams are partly coherent
and interfere so that the brightness of the image in cell-
covered areas depends on the optical path difference be-
tween glass surface and membrane. Thus, the contrast in
RICM images of cell-covered areas maps the cell-substrate
separation distance within the entire area of contact. Fig-
ure 5 shows a typical RICM image of a substrate-anchored
cell. On the one hand, images like these can be used to
quantify the area of contact between cell and substrate
precisely. On the other hand, time lapse RICM studies
provide a microscopic view on the dynamics of cell-sub-
strate adhesion with video-rate time resolution. However,
it is rather dangerous to determine the absolute distances
between basal cell membrane and substratum from RICM
images, since this calculation requires rather precise
knowledge about the refractive indices of the liquid un-
derneath the cell, the cell membrane, and the cytoplasm.
As these values are hard to measure or to estimate but
have great impact on the outcome of such a calculation,
the results have to be handled with great care. Beside of

glas

liquid

Interference

A B

gas

A

Figure 4. Image formation in reflection interference contract mi-

croscopy (RICM). Light reflected from the glass/liquid and the
liquid/cell membrane interface is partly coherent and interferes
so that the image contrast maps the optical path difference be-
tween the two light beams and, thus, cell-substrate separation
distance.
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this limitation, RICM is an extremely powerful tool to vi-
sualize the contact area between living cells and the sub-
stratum without any staining or other invasive operations
and it allows us to study the adhesion dynamics.

6.2. Fluorescence Interference Contrast Microscopy (FLIC)

The problems of RICM with respect to the quantification
of cell-substrate separation distances were solved by Bra-
un and Fromherz, who introduced fluorescence interfer-
ence contrast microscopy (FLIC) in 1997 to cell adhesion
(33). In FLIC, the cells are grown on silicon substrates
that have steps made from silicon oxide on their surface
(compare to Fig. 6). The step height is well-known and
ranges between 20 and 200 nm and is, thus, only a fraction
of the wavelength of visible light. After the cells have at-
tached and cultured on the FLIC substrates, their mem-
branes get stained by a lipid-soluble fluorescent dye that
integrates into the plasma membrane. When the cell-cov-
ered FLIC substrate is then placed in the incident light
beam of a fluorescence microscope, the silicon/silicon oxide
interface acts as a mirror and standing waves of the inci-
dent light are formed with a node at the silicon surface.
Thus, the intensity of fluorophore excitation is dependent
on the distance between dye (- membrane) and mirror
(- silicon). The fluorescent light emitted by the fluoroph-
ore upon excitation is collected from the objective lens ei-
ther directly or after it has been reflected at the silicon/
silicon oxide interface. Since both the direct and the re-
flected fluorescence light are partly coherent, interference
occurs so that the intensity of the resulting light beam is
also modulated by the optical path difference and, thus,
the distance between dye (- membrane) and mirror (-
silicon). Taken together, the intensity of fluorophore exci-
tation and the intensity of the resulting fluorescence light
collected by the objective are a function of the cell-sub-

strate separation distance (33–35). However, tracing fluo-
rescence intensity versus distance between membrane
and silicon substratum provides a (damped) periodic func-
tion so that any distance determination from fluorescence
intensity is not unique. RICM (see above) shares the same
problem. By introducing terraces of silicon oxide of at least
four different heights provides well-known spacers be-
tween cell membrane and reflecting interface such that
four different fluorescence intensities are measured and
analyzed. This four-point measurement makes the inten-
sity-distance relationship unique. Lambacher, Braun, and
Fromherz developed an optical theory for this system with
the distance between membrane and oxide surface as the
only adjustable parameter (33,35). Fitting of this theory to
the experimental data provides the cell substrate separa-
tion distance. The accuracy of the FLIC approach has been
estimated to be better than 1 nm. One of the reasons for
this high accuracy is the fact that optical parameters that
are difficult to measure or to estimate have only a minor
impact on the outcome of the experiment. FLIC measure-
ments are on the other hand not transferable to other
substrates, and the cells have to be stained by a lipophilic
membrane dye.

6.3. Total Internal Reflection (Aqueous) Fluorescence
Microscopy (TIRF or TIRAF)

Both types, TIRF (36) and TIRAF (37) microscopy, are
variants of the same measurement principle and are also
classified as evanescent field microscopy. Here the cells are
grown on a transparent substrate that is illuminated from
below with a laser beam. However, the laser beam is not
aligned perpendicular to the growth surface (along the
surface normal) but it strikes the interface between glass
and culture fluid at an angle y relative to the surface nor-
mal that is bigger than or equal to the critical angle of
total reflection ycrit. Under these conditions—with the
light beam striking an interface to an optically thinner
medium (from glass to culture fluid)—the light is totally
reflected at the glass surface and, thus, not transmitted
into the sample. However, due to diffraction phenomena at
the interface, an evanescent wave is generated at the sur-
face. The penetration depth of the associated electric field
is rather short and the field decays within a 100 nm from
the surface or little beyond. If fluorescent molecules are
close enough to the surface, they can get excited by the

Figure 5. Typical RICM images of a cell after attachment and
spreading on a glass coverslip.

Si

SiO2

Excitation Emission

Figure 6. Schematic illustrating image formation in fluorescence

interference contrast microscopy (FLIC). Adapted from (33).
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evanescent wave and radiate fluorescence light. Thus,
TIRF and TIRAF are two techniques that are only useful
to study phenomena immediately at the surface, and the
technology does not reach into the bulk.

In TIRF, membrane proteins or other membrane con-
stituents are fluorescently labeled and these can only be
excited when they are close enough to the surface. Fluo-
rescence dyes further away from the surface do not get
excited and do not contribute to the image. For TIRAF
measurements a water-soluble fluorescence dye is added
to the extracellular fluid. The fluorescent molecules of the
bathing fluid that are close enough to the surface get ex-
cited and emit fluorescent light. If a cell adheres to the
surface it displaces the aqueous phase and thereby the
fluorophore from the interface (37). Thus, cell-covered ar-
eas appear dark in TIRAF images. Both techniques have
contributed significantly to our understanding about cell-
substrate adhesion.

6.4. Electric Cell-Substrate Impedance Sensing (ECIS)

Whereas the microscopic techniques describes above are
capable of imaging the contact area of adherent cells, the
electrochemical ECIS (electric cell-substrate impedance
sensing) approach has its unique strength in providing
highly quantitative information about cell–substrate in-
teractions with a time resolution that can be pushed to
less than a second (26,38). ECIS is based on growing the
cells of interest on planar gold-film electrodes that are de-
posited on the bottom of an ordinary cell culture vessel. As
shown in Fig. 7, each culture unit contains two electrodes,
one small working electrode (+¼ 250mm) and a counter-
electrode that is roughly 100-fold bigger in surface area.
These ‘‘wired Petri dishes’’1 can be handled like ordinary
cell culture containers and there is no need to change the
culture conditions for the noninvasive electrical measure-
ment. The two electrodes are connected to an impedance
measurement unit that reads the electrical impedance
(i.e., the electrical resistance towards alternating current,
AC). When cells settle on the electrode surface, attach,
and spread, they behave essentially like insulating parti-
cles that force the current to flow around the cells. Since
the current pathways around the cell bodies are geomet-
rically confined, the impedance of the electrode increases
as the cells spread on the surface (39). There are two major
contributions to the observed increase in electrode imped-
ance when cells anchor to the electrode surface: (1) the
current has to flow through the narrow channel between
cell and electrode surface (cell-electrode junction); and (2)
it has to flow through the intercellular clefts between ad-
jacent cells (compare insert in Fig. 7). Thus, ECIS read-
ings are capable of reporting on changes in cell–substrate
adhesion as well as in cell–cell adhesion. By measuring
the impedance at different AC frequencies it is possible to
distinguish both contributions from each other and to pro-
vide a quantitative assignment of the observed impedance
changes to either of the two sources. For more detailed
information the interested reader is referred to (39–41).

Information about cell–substrate interactions can be
recorded with ECIS in at least three different modes that
provide a very comprehensive characterization of cell–sub-
strate interactions with special emphasis on their dynam-
ical aspects:

6.4.1. Attachment and Spreading. Figure 8 shows the
time course of impedance (normalized to the first data
point being taken) as a function of time when a suspension
of epithelial MDCK cells is seeded on the electrode sur-
faces at time zero. The electrodes had been pre-coated
with four different ECM proteins prior to cell seeding. The
impedance rises as the cells spread out on the electrode
surface. There are clear differences in the time courses
recorded for the different proteins. MDCK cells spread
fastest on fibronectin-coated electrodes whereas spreading
on the essentially nonadhesive serum albumin requires
considerably more time. Since the time necessary for at-
tachment and spreading is considered as a direct measure
for the cyto-compatibility of a given surface, measure-
ments like these are often used to study the adhesive
properties of protein coatings (39).

6.4.2. Wound Healing. It is a very common and radit-
ional approach to probe cell motility via the wound heal-
ing scratch assay. Here a confluent monolayer of cells is
wounded by moving a small tip through the cell layer. All
cells in the path of the tip are thereby removed and the
resulting scratch defines an in vitro wound. The cells at
the periphery of the scratch will soon start to migrate into
the open spaces and close the wound. This process is usu-
ally followed by time-lapse video microscopy and the time
needed to close a scratch of well-defined dimensions can be
used to characterize cell motility. It is obvious that this
last part of the assay, namely monitoring of wound clo-
sure, can be easily performed by ECIS measurements in
an automated fashion. Moreover, in a recent publication it
was shown that the mechanical scratching of the cell layer
can be replaced by electrical wounding, i.e., exposure of
the cells on the electrode to lethal electric fields (42). Be-
fore and after the electrical wounding the instruments are
set back to noninvasive ECIS measurements so that the
recovery of the cell layer on the electrode surface can be
followed quantitatively. Since the experimental setup al-
lows to study up to 16 samples in parallel, automated
studies of cell migration on a given protein coat are ac-
cessible.

6.4.3. Micromotion. It has been shown recently that
fibroblasts do not only re-arrange their cell-substrate con-
tacts when they are migrating laterally but also when
they stay at a constant position (11). It was claimed that
there is something like a molecular clutch that allows the
cells to step on the spot. This permanent re-arrangement
of cell-substrate contacts can be followed by ECIS read-
ings as well, when the time resolution and sensitivity are
adjusted accordingly (26). When the impedance is traced
as a function of time with a time resolution of approx.
1 sec, the signal fluctuates due to the permanent motion of
the cells on the electrode surface even in a confluent
monolayer. This phenomenon has been referred to as mi-

1Expression originally created by Nobel Laureate Ivar Giaever,
one of the inventers of ECIS.
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cromotion. It is a striking result of these studies that dif-
ferent cell types produce a characteristic and individual
fluctuation pattern (compare to Fig. 9) that is actively

driven by the cell metabolism and vanishes when the cel-
lular proteom is chemically cross-linked by fixatives like,
for instance, formaldehyde. As an example of future ap-
plications: ECIS-based micromotion measurements are
sensitive enough to pick up the differences in motility of
cell lines derived from malign parts of a tumor compared
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Figure 7. Experimental setup to perform electric cell-substrate impedance sensing (ECIS) that
monitors attachment and spreading of cells to the electrode surface with noninvasive electric fields.
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Figure 8. Electrical impedance recorded at a sampling frequency
of 40 kHz during attachment and spreading of MDCK cells to
ECIS electrodes that had been pre-coated with four different pro-
teins: fibronectin (FN), vitronectin (VN), laminin (LAM), and bo-
vine serum albumin (BSA). The data has been normalized to the
first value that was recorded at time zero for either electrode.
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Figure 9. Resistance fluctuations as recorded for NIH-3T3 fib-
roblasts and bovine aortic endothelial cells (BAEC) grown on
ECIS electrodes of 250mm diameter. The time course of the re-
sistance mirrors the shape fluctuations of the cells on the elec-
trode.
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to the motility of a cell line derived from a noninvasive
part of the same tumor (JW unpublished results).

Taken together, ECIS is one of the emerging techniques
that can be applied in various modes to monitor the for-
mation and modulation of cell-substrate interactions. It is
not confined to electrodes made from gold but can also be
applied to other conducting supports. Gold, however, is the
most well-suited material due to its high electric conduc-
tivity, chemical inertness, and electrochemical well-behav-
ior.

6.5. Quartz Crystal Microbalance (QCM)

Another emerging tool to study the adhesion of cells to
solid supports is the quartz crystal microbalance (QCM)
technique (43). The QCM was already well-known and es-
tablished as an analytical tool to study adsorption phe-
nomena at the solid/liquid interface when its potential to
study cell-substrate adhesion was recognized. The ap-
proach is based on thin disks made from a-quartz that
are sandwiched between two metal electrodes (Fig. 10).
Due to the piezoelectric nature of a-quartz any mechanical
deformation of the crystal creates an electrical potential
difference at the quartz surfaces, and vice versa. Thus,
mechanical oscillations of the crystal can be triggered and
recorded electrically. The mode of mechanical deformation
in response to an electrical potential difference between
the surface electrodes depends on the crystallographic ori-
entation by which the thin disk has been cut out of the
single crystal. For QCM purposes only, AT-cut resonators
are used that perform shear oscillations parallel to the
surface with the maximum amplitude at the crystal faces
(compare to Fig. 10). Like any oscillating system the me-
chanical shear displacement of the crystal is characterized
by a resonance frequency that responds very sensitively to
the adsorption of any material to the resonator surface. It
was Sauerbrey who found already in 1959 (44) that a lin-
ear correlation exists between the observed shift in reso-
nance frequency and the mass deposited on the surface.
Since frequency shifts of electrical oscillations can be mea-
sured very accurately, the device is capable of reporting on
the adsorption of sub-microgram quantities to the surface,
which gave it the name quartz crystal microbalance.

It was then recognized that the interactions of cells
with the quartz surface also induced a shift in resonance
frequency that was shown to be linearly correlated with
the degree of surface coverage (45,46). Thus, time-resolved
measurements of the resonance frequency can be used to
follow the attachment and spreading of cells to the quartz
surface. It is a unique advantage of the QCM technique
that the measurement is still possible when the quartz
resonator is first coated with a thin layer of any material
that should be tested for biocompatibility, for instance.
The only limitation is that the pre-adsorbed material layer
is rigid in nature, is of limited thickness, and does not
produce significant acoustic losses. In particular, the ap-
plicability to a wide variety of materials—after they had
been coated on shear wave resonators—renders the QCM
technique the potential to become a universal sensor for
cell-substrate interactions.

It was shown experimentally that the adhesion of cells
to the resonator surface is only detected when specific cell-
substrate contacts are allowed to form. When specific in-
teractions between integrins and surface-attached pro-
teins are blocked by inhibitors, nonspecific adhesion of
the cells cannot be detected (47). This is another experi-
mental proof that specific interactions are predominantly
responsible for stable anchorage of cells to solid surfaces.
It has been recognized as another interesting feature of
QCM experiments that confluent monolayers of different
cell types (i.e., 100% coverage) produce individual shifts of
the resonance frequency (48). The structural reason for
these individual shifts in resonance frequency are not yet
fully understood but may report on the individual molec-
ular architecture of cell-substrate contacts, different ad-
hesion mechanics or an individual density of cell-
substrate contacts per unit area.

Besides the collection of techniques mentioned above,
there are more experimental approaches that allow us to
record information on cell-substrate adhesion. It was,
however, beyond the scope of this article to review them
all. In particular, those methods that measure the forces
by which cells are attached to a given substrate and record
the elastic properties of cell adhesion sites provide further
functional information on the interface between living
cells and technical surfaces.

(a)

(b)

Top View

Side View

Gold Film-
ElectrodesQuartz Disk

Shear Oscillation

Figure 10. (a) Shear wave resonators are the basis
for the quartz crystal microbalance QCM) tech-
nique that is an established analytical tool to fol-
low adsorption reactions at the solid/liquid
interface. (b) QCM measurements can also be
used to monitor the attachment and spreading of
anchorage-dependent cells by the associated shift of
the resonance frequency.
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7. ADHESION OF BACTERIAL CELLS TO SURFACES—
BIOFILMS

When bacterial cells settle on a technical surface, firmly
attach to it, multiply and secrete macromolecules that fill
the gap between adjacent cells, a micro-environment is
formed that is often called a (bacterial) biofilm (49). In
such biofilms, different bacterial species can live together
and interact with each other. They may grow in multiple
layers with only the first layer making contact to the sur-
face. It has been found that the bacteria arrange them-
selves in such a way that water channels are formed
within the biofilm that are important to provide sufficient
nutrients to those cells that reside deeper in the film and
to remove waste products to the periphery. Such a system
of water-filled channels resembles a micro-circulation in
this particular habitat. Biofilm formation is a natural pro-
cess in many areas of life like, for instance, on marine
stones in the oceans. However, they are a serious problem
when they form on the surfaces of implants and prosthe-
ses. Bacteria are more resistant to antibiotics and steril-
ization when organized in a biofilm and may lead to severe
infections and immune response (50). Very often only re-
moval of the implant can successfully solve the problem.
Another example of problematic biofilms is the surface of
water pipes and other devices used for fresh water infra-
structure.

The interaction of bacterial cells with technical sur-
faces shares many similarities with the details described
above for animal cells. Adhesion to the surface is again the
sum of nonspecific and specific interactions. Whereas the
contributors to unspecific adhesion are the same as the
ones mentioned above, the molecular species involved in
specific interactions are rather different and less well de-
fined. First contact to the surface is mediated by nonspe-
cific interactions and referred to as phase one. Specific
interactions of the receptor-ligand type occur in the second
phase of adhesion and are mediated by the bacterial ad-
hesins on the cell surface. These are glycoproteins, glycol-
ipids (e.g., lipopolysaccharides), or polysaccharides of the
cell wall. In particular, polysaccharides play a major role
in bacterial adhesion since many bacteria are surrounded
by capsules and slime that are predominantly made from
polysaccharides. On the surface side, bacterial receptors
bind to polysaccharides but it was found that many pro-
teins that are adhesive for animal cells also mediate ad-
hesion of bacterial cells like, for instance, fibronectin and
vitronectin. Readers interested in adhesion of bacterial
cells to solid surfaces and biofilm formation are referred to
a recent review by Katsikogianni and Missirlis (50). These
authors also provide an overview about the available tech-
niques to examine bacteria-surface interactions.
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1. INTRODUCTION

The term ‘‘cellular imaging’’ deals with the use of external
energy to capture microstructural properties of living cells
without perturbing the natural behavior of the tissue
itself. Then, cellular imaging includes any methodology
that is able to visualize a cell or to track a specific event in
a cell that can be related to human physiologic or patho-
logic state.

According to the previous definition, we will deal with a
new generation of imaging techniques that have the
potential for visualizing living cells and tissue microstruc-
tures across spatial scales. Such imaging techniques
pursue the final goal of characterizing biologic processes
in vivo at the cellular and molecular levels (1). They reflect
the new attitude of imaging community to move from
diagnostic imaging approaches, that are currently em-
ployed in the clinical practice, to targeting specific genes
and proteins that are related to human disease. Cellular
imaging is essential for the development of genomics,
proteomics, and for tomorrow therapy, tissue repair,
stem cells, and artificial organs. These new application
fields have potential for the development of the next
generation of noninvasive biomedical instruments, and it
is important that biomedical engineers and scientists
embrace this technology early in its development.

Imaging techniques exploiting the region of the elec-
tromagnetic spectrum between 300 GHz and 3 THz (the
submillimeter wave band) are at their early stage of
development, but their potential clinical impact is clear
(2). They excite rotational and vibrational modes of some
biological molecules with good tissue differentiating abil-
ities (3,4).

Such techniques also have the potential for tissue
engineering applications. In fact, the advent of tissue
engineering, in which three-dimensional scaffolds are
used for tissue generation, has created a series of require-
ments for the visualization of cells within a three-dimen-
sional structure. In particular, it is necessary to have
quantitative data on cell numbers, on cell morphology, as
well as on a variety of intercellular structures such as the
cytoskeleton and the nucleus.

On the other hand, conventional imaging techniques
generally visualize imaging processes related to morphol-
ogy [computerized tomography (CT), magnetic resonance
imaging (MRI), ultrasounds (US), positron emission tomo-
graphy (PET), single photon emission computerized tomo-
graphy (SPECT)] or biochemistry [PET, SPECT, chemical

shift imaging (CSI)], but spatial resolution is far from the
values that would be required to visualize human cells.
However, using medical imaging techniques and modern
targeting strategies, we are able to expand their applica-
tion field by identifying and tracking sequences of cellular
events as they occur, then providing a more complete
understanding of how a process works over the life of a
cell or organism (5,6).

In this chapter we first introduce some of the funda-
mental parameters that make the imaging technique
suitable for cellular imaging. We will review current
technologies used for cells imaging, by specifying the
relevant contrast mechanism, the penetration depth, and
resolution. Next, the modern imaging systems based on
targeting strategies that are now emerging in clinical
investigation will be discussed. Finally, we will account
for some basic image processing operations such as cells
segmentation, cells counting, and for the integration of the
low- and high-resolution imaging technologies.

2. IMAGING PARAMETERS

The main goal of imaging methods is to determine micro-
scopic-scale structural details in situ of a tissue volume
that is as large as possible. So, the use of cellular imaging
techniques for medical applications needs to maximize
fundamental imaging parameters that are the source of
contrast mechanisms, resolution, and penetration depth.

2.1. Contrast Mechanisms

Almost all cellular imaging techniques are based on inter-
action of electromagnetic energy with tissue at micro-
scopic scale (ultrasound backscatter microscopy is an
exception, using mechanical energy to interrogate the
tissue). An atom can change from one energy level to
another by emitting or absorbing a photon. In general, the
internal energy of an atom depends on the values of five
quantum numbers for each electron in the atom. Other
forms of energy are described to account for the interac-
tion of an atom with its environment and with other
atoms. Such energy forms are translation, rotation, vibra-
tion, electronic, electronic or nuclear spin orientation (7).

Contrast mechanism deals with modulation of the
incident energy as it crosses the target, producing a
change in energy at atomic or molecular level; such
modulation is processed by the measurement system and
visualized as function of spatial position.

Contrast mechanism is strongly dependent on source
parameters (type of energy, wavelength, power, etc.) and
tissue properties (physical, biochemical, etc.). A further
prerequisite for a contrast mechanism to be used in
clinical investigation is its sensitivity to changes from
normal to pathologic conditions.

The main contrast mechanisms used in molecular and
cellular imaging are (8) absorption, scattering, and emis-
sion (fluorescence). Their prevalence in the electromag-
netic spectrum is plotted in Fig. 1.

2.1.1. Absorption. The energy of the radiation is ab-
sorbed from the medium when the energy-level separation
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matches the energy of the incident radiation. In Table 1
the energy per mole is reported at different bands in the
electromagnetic spectrum with the relevant induced phy-
sical phenomena.

The body is almost transparent in the radiofrequency
electromagnetic spectrum; only a tiny amount of absorp-
tion is used to produce nuclear-spin orientation. Small
rotational energies occur in the microwave region of the
electromagnetic spectrum, because the rotational transi-
tions within the molecules are of the order of 2 � 10�3 eV,
corresponding to a wavelength of about 0.5 mm (4.8�
1011 Hz).

Infrared is absorbed more strongly than microwaves,
but less strongly than visible light. Vibrational transitions
of the order or 0.5 Angstrom would require an energy of
about 5 eV, corresponding to wavelength of 10 micron.

Electrons are moved to higher levels in the visible
spectrum, in spite of energy not being enough to ionize.
In the ultraviolet spectrum there is more energy than in
visible light, and more energy is delivered when they
strike atoms of matter and a very strong absorption takes
place that causes electron jumps that can ionize.

At higher energies (X-ray, g ray) the human body is
almost transparent since quantum energies are so high
that atoms cannot absorb, but it has enough quantum
energy to eject the electron (ionization). In Fig. 2 the plot
of the absorption coefficient across the whole electromag-

netic spectrum is depicted with the relevant absorption
mechanisms. Major biological components experiencing
absorption are reported in Table 2.

2.1.2. Scattering. The phenomenon of electromagnetic
scattering takes place when a radiation energy encounters
heterogeneities in the tissue. Scattering can be caused by
the presence of single electric charges, such as electrons or
protons, or by bigger obstacles, such as atoms, molecules,
or more complex structures, also composed of electrons
and protons. Electrons are the usual scatters in molecules.
Scattered waves (excluded Raman scattering) have the
same frequency of the incident wave.

The electric field associated with the incident wave will
produce a certain excited state population that will have a
coherent (phase-dependent) and an incoherent (phase-
independent) component. Coherent scattering encom-
passes interference (reinforcement or destruction), while
incoherent scattering includes Rayleigh scattering.

Scattering has a simple classical origin: the electrons in
the atoms, molecules, or small particles radiate like dipole
antennas when they are forced to oscillate by an applied
electromagnetic field without changing its energy (or
wavelength).

If the scattering sources are stationary, then this
secondary radiation is phase locked to the driving field.
In this case, each scatter is driven by a field that is the
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Figure 1. Electromagnetic spectrum and relevant interaction phenomena.

Table 1. Energy Per Mole at Different Wavelength Bands with the Relevant Induced Physical Phenomena

Electromagnetic Spectrum Separation Between Energy Levels (eV) Wavelength Phenomena Related to Absorbed Energy

Radio frequency 10� 7 10 m Nuclear or electron spin reorientation
Microwave 2 � 10� 3 0.5 mm Rotational
Infrared 5 20mm Vibrational
Visible and ultraviolet 14 70 nm Electron jumping
X-ray, g-ray 104 0.1 nm Ionization
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coherent sum of the applied field and the fields from all the
other scatters. If the density of sources are uniformly
distributed, then the radiation cancels in all directions
except in the forward direction, where it adds coherently.
The phase (delay) of the scattered wave in the forward
direction is different from the phase of the wave that
passes straight through the sample. These two waves
are particularly susceptible to the interference phenom-
enon when they recombine, and the net result is a wave
that has apparently passed through the sample with a
different velocity. The parameter that accounts for this
change of velocity is the refractive index (9).

In the case of biological molecules both vibrational and
rotational energy states are active (also without external
stimulation). They add complexity to the scattering spec-
trum, because they behave as a nonstationary scattering
source. In such situation, the coherent scattering is par-
tially dephased and it produces the Rayleigh scattering,
whose amplitude grows with the fourth power of fre-
quency. Multiple scattering further reduces coherent in-

formation. Rayleigh scattering in tissue is between 0.01
and 10 mm (see Fig. 3), since cells structures are much
smaller than the wavelength. Major biological components
experiencing Rayleigh scattering are reported in Table 3.
Submillimeter wavelength scale implies that the tera-
hertz region produces Mie scattering, whose amplitude
is proportional to the second power of frequency (3).

Changes in vibrational and rotational energy states
during the scattering process produce vibrational and
rotational Raman scattering frequencies. Raman shift
will differ by as much as 600 to 4,000 cm�1 from the
incident light.

2.1.3. Emission. When a molecule changes from an
excited energy state to a lower-energy state, there is
emission of radiation. One of the most important ways
whereby a molecule loses its energy is spontaneous emis-
sion. Fluorescence is a kind of spontaneous emission. It is
the property of fluorophores to emit fluorescence after the
application of excitation radiation energy. Fluorescence
can occur when a molecule (fluorophore) absorbs light
producing on the molecule an excitation; subsequent
radiation due to relaxation occurs that emit light at longer
wavelength with respect to the absorbed one. The wave-
length of fluorescence excitation and emission can be used
to identify the fluorophore. In biology, most of the fluores-
cence emission is in the wavelength range of 300 to 700 nm
(Fig. 3).

Endogenous fluorophores can be naturally available in
the tissue or they can be induced to allow tracking of some
particle in the tissue.

An example of endogenous fluorophores used for study-
ing energetics in cells is the nicotinamide adenine dinu-
cleotide (NADH), while collagen is used to study integrity
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Table 2. Major Biological Components Undergoing
Absorption from IR to UV Spectrum

Absorption

Absorption Scales Major Biological Components

o200 nm 41000 nm Water
200–300 nm Protein, DNA
300–1000 nm Melanine, oxyhemoglobin,

deoxyhemoglobin
6–11mm Collagen
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of connective tissue. Major biological components experi-
encing fluorescence are reported in Table 4.

Fluorophores can be exploited, also measuring the
decay time constant of fluorescence emission after excita-
tion with light radiation. This technique is known as
fluorescence lifetime imaging microscopy (10).

Fluorescent targets may be genetically engineered by
incorporating the gene for a fluorescent protein as a
reporter gene.

2.2. Resolution

Imaging systems are characterized by spatial and tem-
poral resolution.

Spatial resolution is a fundamental property for any
imaging technique that is responsible for imaging at
microscopic and millimeter scales. It is defined as the
minimum distance between two microstructures in order
to be visualized separately. The general rule is that
shorter wavelengths allow for higher spatial resolution.
Resolution can be defined in terms of both fundamental
physical principles and instrumental considerations.

In any imaging system (electromagnetic and ultraso-
nic), we distinguish Fresnel (near field) from Fraunhofer
(far field) regions. Fresnel region extends to a distance T
from the aperture, being T¼d2=4l, where d is the source
diameter; beyond such distance the Fraunhofer region
holds (Fig. 4).

In proximity of the transducer (Ed), the field is
strongly phase-sensitive, thus precluding any reliable
measurement. The Fresnel region is characterized by an
almost oscillatory pattern made of constructive and de-
structive interference. Constructive interference can be

obtained at a focal distance f of an objective lens, such as
in light microscopy.

At the focal distance the in-plane resolution r becomes
r¼ lðf=dÞ. Using diagnostic ultrasound imaging scanners,
the focal distance is changed dynamically across the
Fresnel region using electronic delay lines. It guarantees
a homogeneous ultrasonic field over a distance of 10 cm or
more. In the Fraunhofer region the interference becomes
negligible, but resolution decreases as f increases.

In optical microscopy, l ranges from 200 to 600 nm, so
the resolution is appropriate for imaging details in the
cells. A resolution of the order of the wavelength is
possible at a distance comparable with the source dia-
meter. Electron microscopy is far superior to optical
methods reaching a wavelength of � 0.001 to 0.01 nm; in
spite of this technique, it is not compatible with living
cells.

Increasing the wavelength of the electromagnetic wave
from 100 mm to 1 mm (in the Terahertz region) resolution
reduces consequently, but it is still compatible with appli-
cations in biology. Using ultrasound at diagnostic frequen-
cies or MRI technique, resolution is of the order of 300 mm
that is suitable for detailed description at organ level.

Temporal resolution deals with dynamic phenomena
and it is related to the capacity of the imaging system to
reconstruct a dynamic phenomenon with a high number of
samples per second. The fastest systems allow acquisition
rates of hundred of images per second, while the slowest
take several seconds to acquire a pixel. High temporal
resolution has important implications in medical instru-
mentations because it is a prerequisite to capture dynamic
phenomena, but it also important for static phenomena
because it reduces the acquisition time.

2.3. Penetration Depth

A fundamental requirement in order to gather informa-
tion from deep structures in the human body is the
maximum penetration depth.

Any imaging technique faces with the trade-off between
resolution and penetration depth. High resolution means
wavelength of the order of microns (ultraviolet to infrared
range) and penetration depth of the order of millimeters,
that is, compatible with in vitro measurements and with
in vivo surface applications as into the areas of dermatol-
ogy and dentistry. Exception is made for near-infrared
spectroscopy (600–700 nm) because hemoglobin absorp-
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Figure 4. Plot of the radiation field emitted by a focused imaging
system as function of wavelength and aperture dimension.
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Figure 3. Main interaction phenomena between
0.001- and 10-mm wavelength.
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tion diminishes by up to B100 times. In such a spectral
region, light penetration in tissue is of a few centimeters
with a preserved resolution of the order of few microns.

Using medical imaging scanners (US, MRI, CT, nuclear
medicine), penetration depth is adequate for in vivo
studies, but spatial resolution ranges from hundred of
microns to a few millimeters.

3. TECHNIQUES FOR IMAGING LIVING TISSUES AND
CELLS

3.1. Optical Microscopy and Its Variants

In conventional microscopy, light is transmitted through
the specimen and a diffraction pattern is formed according
to the specimen’s optical properties. The diffraction pat-
tern is collected by the objective lens and transformed into
a magnified image (11). The source of contrast is due to
changes in refractive index between cell membranes,
cytoplasmic regions, cell matrix, etc.

A variant to light microscopy is fluorescence micro-
scope, exploiting the natural radiation of the light ab-
sorbed by fluorophore in the tissue. In fluorescence
microscopy, an external intense monochromatic light
source (typically in the ultraviolet to near-infrared range)
is used to excite fluorescent molecules inside the object by
adjusting the radiation wavelength to the absorption
wavelength of the fluorophore of interest. The wavelength
of the light emitted from the fluorophores is between 300
and 700 nm.

Changes in fluorescence emission (intensity) can be
transformed in a 2D image using light enhancement
techniques such as an image intensifier coupled to a
charge-coupled device (CCD) camera. In order to separate
the laser used to excite from the emitted light, a liquid-
crystal tunable filter can be used. Such a filter is necessary

when more than one fluorophore is visualized during the
experiment.

The resolution of any standard optical microscope in its
focal plane is about 200 nm and it is at least 3 times poorer
along the axis of the lens. Moreover, conventional micro-
scopy does not offer the possibility of imaging different
planes, allowing visualization of transparent structures,
because the tissue is light radiated both below and above
the plane of interest in a tick tissue.

In confocal microscopy, a 2D image is obtained by
illuminating only one point at a time and scanning the
whole tissue point by point. The confocal microscope is
also able to select a plane inside the measured sample,
called the focal plane, and to filter out the light coming
from the sample points that lie in front of or behind the
plane (out of focal zones), producing clear and blur-free
images, without the so-called out of focus disturbance that
is typical of the traditional wide-field optical microscopy
images.

Using confocal microscopy, the in-plane resolution is
about 200 nm, while the depth resolution is about three
times lower than in-plane resolution and it is the same as
light microscopy. In the modern confocal microscope,
optical sections acquisition of up to 200-nm thickness is
possible.

The possibility of the confocal microscope to eliminate
the light beam coming from points that lie before or
behind the selected focal plan allows the acquisition of
image sequences relevant to adjacent optical sections of
the sample. Such consecutive optical sections can be
reconstructed in a three-dimensional array.

With such techniques optical transparency is not the
main source of drawback as it is in using light microscopy
to visualize living cells and tissue structures.

The fluorescence confocal microscope has become a
standard tool in cell biology research for delivering 3D
images of intact cells. Such a technique strongly improves
the expectations of classical fluorescence microscopy in
the study of cell cultures because it allows monitoring of
cells as well as subcellular structures (for example, nuclei)
and some features of specific biomolecules (like cellular
proteins, antigen-antibody complexes, chromosomes, or
single genes).

In tissue engineered constructs, where it is necessary
to monitor the scaffold in three dimensions, confocal
microscopy provides a new and powerful tool able to
extract quantitative data and to reconstruct and observe
three-dimensional biological structures of the examined
samples (12,13).

3.2. Optical Coherent Tomography

An intrinsic limit in optical imaging techniques is due to
light scattering in tissue due to the microscopic disconti-
nuity of refractive index both within and between cells.
Because each scattering event results in loss of coherent
information content, to enhance optical contrast, the in-
coherent light (light that has been scattered many times
by the sample) is rejected.

In coherent image formation, as in optical coherent
tomography (OCT), an image is obtained by sending a

Table 4. Major Biological Components Experiencing
Fluorescence Spectroscopy

Fluorescence Emission

Fluorescence Scales Major Biological Components

300–450 nm Structural proteins: collagen,
elastin

450–700 nm Coenzymes for cellular energy
metabolism: flavin adenine
dinucleotide (FAD), NADH

Table 3. Major Biological Components Experiencing
Rayleigh Scattering in the 0.01 to 10lm Wavelength Range

Elastic Scattering

Scattering Scales Major Biological Components

10mm Cells
1 mm Mitochondria
0.1 mm Collagen fibrils

Macromolecular aggregates
0.01mm Cellular membranes

CELLULAR AND MOLECULAR IMAGING 5



light beam into the tissue and sensing the magnitude and
depth of any light reflected back from any change in
refractive index of cell membranes, natural pigments
(e.g., melanin) and different tissue components, or fluor-
ophores through the tissue depth.

In OCT, in order to enhance optical contrast, the
incoherent light is rejected using interferometer gating
strategies. In OCT a pulse of low–coherence, near-infrared
light source is split: half of the beam is sent to the
specimen and half to a reference mirror. Light reflected
back from the specimen is combined with the light coming
back from the mirror as the distance of the mirror is
varied by microscopic amounts. When the path length of
the light from the mirror to back is equal to the path
length of the light reflected from the specimen, construc-
tive interference effects occur.

The position of the mirror when interference is detected
is thus a measure of the depth (in the specimen) from
which the reflection took place. The magnitude of the
interference effect is a measure of the strength of the
reflection (in the specimen).

OCT provides morphological and structural informa-
tion on sample under study. Its imaging resolution is of
10–30 mm, much higher than resolution of medical ima-
ging systems (300 mm for ultrasound and MRI).

One of the main advantages of this method is that it is
not influenced by lack of transparent tissue, in spite of a
shadow effect caused by high reflective structures that is
present as in ultrasound techniques.

As discussed previously, OCT has good capabilities for
imaging through nontransparent, turbid tissues, in spite
of depth is limited by light scattering and absorption.
Accordingly, depth is limited to about 2 mm in most
nontransparent tissues. As far as axial resolution, it
depends on the coherence of the light source and it may
resolve structures of the order of 2 to 4 mm that are able to
distinguish details within the cells. Spatial resolution is
limited by the same factors as in confocal microscopy.

Clinical applications of OCT include ophthalmology,
allowing microscopic cross-sectioning of the living retina,
respiratory system, as far as layering of glands and
cartilages of the trachea and epiglottis, and vascular
tissue, allowing an image of calcified tissues and differ-
entiation of lipid, elastic, and collagenous tissues. Further
studies include integration of an OCT system into a
conventional surgical microscope providing extra micro-
structural tomographic information for guidance of micro-
surgical manipulations and use of OCT to image single
cells throughout the cell cycle in vivo.

OCT allows the study of embryological development in
the intact animal at micron-scale resolutions (14). Such
studies may be enhanced by the application of 3D OCT
imaging (15), where serial 2D image are registered into a
3D dataset, or 4D OCT, where data are timely gated in
order to monitor temporal evolution of certain cells.

3.3. Diffusion Optical Imaging Technique

The use of optical approaches for in vivo cells imaging,
especially in small laboratory animals, showed a notice-
able growth in the last years. Light is scattered and

absorbed in tissues, but with an absorption minimum
corresponding to wavelengths in an optical window ap-
proximately ranging from 300 to 1000 nm.

In this range the light is still readily scattered, but the
light emitted from structures at several centimeters deep
has a reasonable probability of reaching the surface for
external detection, especially in the near-infrared spectro-
scopy between 600 and 700 nm, where hemoglobin absorp-
tion is minimum. Such technique tends not to have been
used as imaging techniques, but to gain some useful
information about tissue.

As a photon enters a tissue, both absorption and
scattering take place. Absorption is responsible of a re-
duction in intensity of the light that propagates through
the tissue. This means that the radiation intensity im-
pinging on tissue during propagation reduces as function
of absorption strength. So, the fraction of scattered
photons returning to tissue surface for detection is a
measure of absorption strength. So tissue properties
related to absorption can be measured from changes in
intensity of reflected light over a spectral range.

Quantitative absorption spectra are used to form func-
tional images of tissue hemoglobin concentration (total,
oxy-, and deoxy- forms), hemoglobin oxygen saturation,
blood volume fraction, water content, lipid content, and
cellular/matrix density. Oxygen saturation of hemoglobin
is related closely to the metabolic state of lesions and,
hence, is an important diagnostic parameter.

Using frequency modulated near-infrared spectroscopy
(16), the absorption change can be measured separately
from tissue scattering at various wavelengths. It allows
quantitative spatial mapping of absorption and scattering,
also providing insight into tissue metabolism and physiol-
ogy.

3.4. Other Techniques

Thermal imaging is based on the principle that every
object emits an electromagnetic wave as function of the
temperature in a spectral range. For human body such
emission is mainly in the mid-infrared range. Applications
include breast cancer screening, intra-operative monitor-
ing, vascular disorders, and dermatology (17).

Raman spectroscopy is based on energy exchange
between scattering molecules and incident light. Raman
spectroscopy in biomedical applications is obtained with a
laser in the near infrared in order to reduce the fluores-
cence emission (18). Raman applications include high-
resolution, molecularly specific microscopy and chemical
analysis of tissue, in vitro or in vivo (breast, artery, blood)
for disease classification.

X-ray microtomography uses x-rays that are common
in diagnostic medical imaging techniques, i.e., x-rays in
the wavelength interval from 0.1 to 0.01 nm. Such techni-
que is also known as mCT or micro-computerized tomo-
graphy because the image is formed by reconstruction of
attenuation distribution from multiple projections as for
conventional computerized tomography. One important
advantage of mCT is the high in-plane resolution due to
very small spot size of the x-ray beam (2 to 10 mm with
respect to 2–4 mm for conventional CT). Such technique
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allows to image live animals with a resolution of the order
of microns (19).

In ultrasound backscatter microscopy, contrast is gen-
erated by variability in reflectivity (due to difference in
acoustic impedance) and absorption. At ultrasonic fre-
quencies there is a tradeoff between depth of tissue
penetration and low spatial resolution (diagnostic ultra-
sound 3–10 MHz) and poor penetration (o1 mm) with
extremely good resolution (1mm at 2 GHz) (20).

4. TECHNIQUES FOR CELLS TRACKING

4.1. Targeting Strategies

Cells tracking refers to imaging techniques that are able
to in vivo track a specific event in a cell that can be related
to human physiologic or pathologic state. It is based on
targeted contrast agents that are a molecular imaging/
treatment vehicle composed of (see Fig. 5):

1. A delivery agent or carrier: it can be a small
molecule (e.g., certain receptors, ligands, peptides),
or artificially created carriers such as nanoparticles
(i.e., perfluorocarbon emulsions, liposomes poly-
mers, or microbubbles).

2. A targeting system: it refers to a specific binding
process or molecule, characteristic of the biochem-
ical process to be imaged and/or treated (i.e., mono-
clonal antibody, polysaccharides, etc.). Targeted
contrast agents can be accumulated at a pathologi-
cal site by active or passive targeting mechanisms
(5). The two most common types of active targeting
proteins currently exploited in molecular imaging
studies are cell-surface receptors and enzymes. Pas-
sive targeting exploits the natural defense mechan-
isms in which phagocytic cells ingest foreign
particles. The function of phagocytic cells is to ingest
targeted contrast agents, such as ultra small para-
magnetic iron oxide particles or microbubbles. Such
agents are suitable to be imaged with MRI and US

respectively. The delivery agent and the targeting
system can often be the same molecule.

3. A payload, that is a substance that is able to gen-
erate contrast in the target tissue, that is visible by
one of the imaging techniques. Examples of payload
of either a diagnostic and/or a therapeutic agent are
radionuclide, metal chelates (Gd3þ ), etc. The tar-
geted tissue can be a molecular target (receptor
protein, enzymes) or a reporter gene.

A much more successful approach to in vivo imaging of
gene expression has been to use the concept of reporter
genes. Reporter genes are genes whose protein product
can be imaged (e.g., receptors or enzymes). By genetically
modifying cells, this reporter gene causes the expression of
the gene that one wishes to image. By monitoring the
protein product of the reporter gene with in vivo imaging,
a signal is obtained that is proportional to the expression
of the reporter gene and therefore the expression of the
gene of interest (1).

4.2. Imaging Technologies

A common feature among the imaging techniques is to
successfully study specific molecular targets in vivo; their
density should be expressed in sufficient quantity (at least
10–50,000 sites/cell) with sufficiently high affinity for the
injected molecular probe (greater than 10�8 M) (24).

As far as spatial resolution, medical imaging techni-
ques are in the range of 300 mm to 2 mm, so they are
unable to visualize a cell in vivo. Combining targeted
contrast agents and imaging techniques, the important
task of measuring a specific event in a cell in vivo is solved,
also supplying the site where it takes place and the time
evolution (21).

4.3. Nuclear Imaging

The basic concept underlying nuclear imaging techniques
is that an expressed protein can be probed with specific
radiopharmaceuticals. The method utilizes molecular
probes that bind directly to the cell surface, or cross the
cell membrane and are intracellular trapped. The more
recent method uses the concept of reporter genes, whose
protein product can be imaged (e.g., receptors or enzymes)
(22). In fact, activity can be seen to gradually increase
inside those cells that have expressed a particular gene as
more enzymes are encoded/released, leading to signal
amplification and thus improved sensitivity for detecting
or monitoring a given disease.

The in vivo nuclear medicine methods used in molecu-
lar imaging include two main techniques: (1) SPECT,
which utilizes radionuclides with single or multiple un-
correlated gamma ray emissions; (2) PET, which is based
on radionuclides decay by positron emission tomography,
ultimately resulting in two simultaneous annihilation
photons emitted back-to-back.

PET has a sensitivity that is 100 to 1,000 times higher
than that of single photon imaging. This is due to the use
of short-lived positron-emitting isotopes, which provide a
higher signal intensity, and electronic collimation based

payload

drug

targeting
system

receptor

targeted tissue

delivery
agent

Figure 5. Scheme of active targeting based on cells surface
receptors exploitation.
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on the principle of coincidence detection, which avoids the
need for mechanical collimation, with its associated signal
loss.

In general, radiopharmaceuticals developed for SPECT
and PET have high specificity and sensitivity for a given
physiological process, requiring minimal amounts of la-
beled material (0.1–10 nmoles per dose). The fact that only
small amounts of radiolabeled molecules are needed offers
the advantage that biological processes are not disturbed.

The PET-radiopharmaceuticals tracers are commonly
produced using isotopes of elements often occurring in
natural biological compounds (nitrogen, oxygen, carbon),
so a variety of compounds are available and suitable for
labeling in order to become radiotracers.

The technique to deliver the reporter genes can use
either viruses or nonviral complexes. Two secific PET
reporter genes are the herpes simplex type 1 virus thymi-
dine kinase (HSV1-tk) and dopamine type 2 receptor
(D2R). Various PET reporter probes can be phosphory-
lated by enzymes encoded by the HSV1-tk reporter gene.
Notably, FHBG (18F-labeled penciclovir) has been seen to
be the most effective imaging probe.

These techniques have found applications for the mon-
itoring of cell trafficking as cells metastasize in organs,
monitoring endogenous gene expression, studying the
interaction of two populations of cells, and studying gene
delivery and expression in living animals—with the goal
of optimizing the delivery of a specific gene to a given
target.

4.4. Magnetic Resonance Imaging

MR imaging techniques, when combined with specific MR
molecular imaging agents, offer the unique opportunity to
specifically enhance contrast from selected pathological
tissues with an intrinsically superior spatial resolution as
compared with nuclear imaging.

In comparison with isotope techniques, however, MR
imaging is less sensitive (10 mM to 100 mM of targeted
contrast agent are required for imaging). The challenge is
to get enough agent to the target to obtain a detectable
signal change, without causing toxicity.

These agents are based on transition metals or lantha-
nides that are paramagnetic and change the relaxation
time (either T1 or T2) in tissue regions in which they
accumulate.

Most MR agents constructed thus far take advantage of
gadolinium (Gd) compounds to modulate signal at the site
or target of interest. Usually multiple atoms of Gd are
placed onto targeting molecules of interest either by
attachment dextran, dendrimer, polymerized liposomes,
or perfluorocarbons nanoparticles to achieve high-mag-
netic payloads and longer intravascular life times (23). In
fact, perfluorocarbon nanoparticles can deliver 50,000 or
more gadolinium ions with each bound particle and over-
all relaxivity can increase up to 0.54 s�1 pmol� 1 exceed-
ing by a factor of 100,000 or more with respect to clinically
available MRI paramagnetic targeted contrast agents.

Another targeting mechanism with many potential
applications is based on the use of ultra-small superpar-
amagnetic iron oxide (USPIOs) particles (24). Several

contrast agents incorporating superparamagnetic iron
oxide nanoparticles are under investigation: monocrystal-
line iron oxide nanoparticle (MION; hydrodynamic radius
1–5 nm), ultrasmall SPIO (USPIO; 6–10 nm), and stan-
dard SPIO (SSPIO; 30–80 nm).

Iron particles act as small permanent magnets that
dephase proton spins in the local microenvironment
thereby causing a local loss of MR signal in target tissues
and cells on T2-weighted images. Cells such as macro-
phages can be labeled in vivo by introducing the contrast
agent in the blood pool, with the uptake of the contrast
agent occurring by phagocytosis.

4.5. Ultrasound

US imaging has spatial resolution comparable with MRI
technique. Moreover, US is a nonionizing form of energy
that propagates through a medium as pressure waves.
Unfortunately, US, as MRI, is several magnitudes less
sensitive than nuclear techniques, and reliable signal
amplification strategies must be developed.

New-generation ultrasound imaging systems allow the
detection of microbubbles as contrast agents (contrast
enhanced ultrasound, CEU): microbubbles can be targeted
toward specific cell-surface receptors, particularly those
readily accessible to an intravascular targeted contrast
agent. In comparison to radionuclide imaging, CEU is
slightly less sensitive, mostly as a result of the influence
of background tissue signal, but has superior spatial
resolution. Other potential advantages of CEU include
low cost, high temporal resolution (10–15 minutes), and
rapid data acquisition, which is necessary for high-
throughput applications (25).

Microbubbles can be detected using different methods.
The simplest method consists of detecting the backscatter
and resonance response of ultrasonic targeted contrast
agent as it is excited by an acoustic pulse. This method
relies on the fact that bubbles are more echogenic than
tissue. In fact, encapsulated microbubbles are on the order
of 1 to 10 mm in diameter and are filled with air, or a gas
with a lower water solubility than air, such as a perfluor-
ocarbon.

The shell, designed to reduce diffusion into the blood,
can be stiff (e.g., denatured albumin) or more flexible
(phospholipid), and the shell thickness can vary from 10
to 200 nm.

Both the shell and the gas core affect the behavior of
the microbubble and the resulting clinical application.
Encapsulated microbubbles are highly echogenic due to
their compressibility. The compressibility of air is 7.65�
10�6 m2/N, in comparison with 4.5 � 10� 11 m2/N for
water. The compressibility for an encapsulated microbub-
ble falls within this range.

5. IMAGE PROCESSING TECHNIQUES

5.1. Image Segmentation

Biomedical cell image segmentation and motion analysis
is one of the major application fields in quantitative image
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processing. Cell motility and morphology studies are in-
creasingly in 3D natural or artificial environments.

Cell motility is used, for instance, in areas such as cell
embryology, wound repair, mechanisms of tumor cell
metastasis, and invasion (26). The advent of tissue en-
gineering, in which three-dimensional scaffolds are used
for tissue generation, has created a series of requirements
for the visualization of cells within a three-dimensional
structure. In particular, it is necessary to have quantita-
tive data on cell number, cell morphology as well as on
mechanical integrity of the scaffold, which is generally
bioerodable.

To count cells number and to monitor their shape and
motion, we require extracting information about cell posi-
tion and contour on a frame-by-frame basis. It is per-
formed by a frame-by-frame image segmentation
operation. The segmentation phase consists on automati-
cally dividing an image into its constituents, cells, on a
given frame on the basis of their specific properties
(border, texture, color). After this, a between-frames pro-
cessing step is carried out in order to follow each object
displacement during the time sequence.

A first trial to image segmentation, in presence of high
images quality, is the classical approach based on border
detection using gradient or Laplacian operators.

A more robust cell image segmentation approach can be
seen as a modeling problem involving snakes or active
contours. This type of method remains focused on a
particular cell located around an initial position; at any
frame in the sequence, the model adapts its parameters in
order to move the snake to fit the new cell morphology
(27).

Snakes or active contours are curves defined within an
image domain, which can move under the influence of
internal forces coming from within the curve itself, and
external forces computed from the image data. The inter-
nal and external forces are defined so that the snake will
conform to an object boundary or other desired features
within an image.

In general, the standard snake algorithm suffers two
limitations: first, it is very sensitive to the initialization
curve that must be as near as possible to the detecting
contour; second, active contours have difficulties in pro-
gressing into boundary concavities.

The introduction of a new external force in the active
contour model overcomes previous limitations. In (28), an
active contour model based on a gradient vector flow
operator was proposed for medical image segmentation.

When temporal tracking of cell images is requested, the
procedure is repeated for each data set relevant to each
temporal frame. However, the main problem in cell seg-
mentation and tracking is the poor image quality and the
cell overlap, leading to nonobvious image analysis pro-
blems that remain an interesting issue. In such a situation
the application of automatic image processing based on
previous methods may be precluded.

An alternative approach to image segmentation intro-
duces a prefiltering operation that enhances the cells
intensity level with respect to any artifact present in the
image. The method is based on a statistical approach that
refers to the extreme values theory, and it is described in

(29). Given a certain statistical distribution, its extreme
values are considered anomalous and rare events in
comparison with the most frequent ones in any experi-
ment.

The hypothesis that supports the theory in cell imaging
is that cell images are really extreme values because they
are maximum intensity and fairly rare events.

The algorithm performs a sophisticated prefiltering
operation to improve cell detectability and it enables the
recognition of cells in a complex environment such as in
fluorescence microscopy images of cells on 3D scaffolds.

After application of the algorithm, classical gradient-
based methods can be applied to perform image segmenta-
tion. On segmented image, simple algorithms for cells size
detection and accurate cell counting can be applied.

5.2. Image Registration

As previously described, the reconstruction and observa-
tion of three-dimensional biological structures by confocal
microscopy and other techniques is an important issue in
cellular imaging. Histological sections are often affected
by distortions and stretching, so that 3D reconstruction
requires inter-registration of the 2D serial sections. This
kind of problem was solved (30,31) using manually digi-
tized line drawings.

More recently, automatic solutions have been devel-
oped (32), partially treated as a co-registration problem.
The reconstruction can be simplified if a reference data set
is available to co-register (33). Reference data sets can be
acquired before the histological finding by tomographic
imaging (i.e., MRI, CT, PET, etc.).

Registration is also used in image fusion, where bio-
medical images and histological serial sections are com-
bined to map physiological and functional information on
cells maps (34,35).

The target of the registration problem is to find a pixel-
to-pixel correspondence between the two image sets. The
problem is difficult to solve, because the different resolu-
tion of the two modalities involved and the deformations
introduced by the histological process. When the registra-
tion is performed in 3D, between a sequence of sections
and a 3D volume acquired by a tomographic modality, 3D
reconstruction of histological slices become a prerequisite
of the registration process.

Registration algorithms can be classified by several
criteria (36). Unimodal algorithms involve only histologi-
cal sections, while multimodal approaches involve histo-
logical data and one other modality (e.g., MRI, CT, PET,
etc.). Criteria can be also related to the dimensionality of
the images (2D, 3D), the nature of registration basis
(intrinsic, extrinsic), the nature of the transformation
(rigid, affine, projective, or curved), the interaction (man-
ual, semi-automatic, and automatic methods), and the
subject (intra-subject, inter-subject, or atlas). Registration
of cellular images is usually intrinsic (i.e., no external
markers are used) and curved (i.e. nonlinear deformations
are taken into account).

Registration problems are ill-posed. That means that
registration results might be decisively affected from
small changes in the images. Moreover, addressing the
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general nonlinear registration problem requires a great
amount of processing time. These issues have motivated
the general use of coarse-to-fine strategies, where the
registration is performed in a stepwise manner and regis-
tration schemes are applied with an increasing order of
complexity, first a rigid one, then a polynomial nonlinear
one, and finally a curvature-based nonlinear one (37).

6. CONCLUSION

Multiple imaging modalities are developing for visualizing
living cell and tissue microstructure, based on physical,
biochemical, and physiological properties of the cells and
tissues and using the last generation of contrast media.
Such new applications need new developments in technol-
ogy, modeling, and clinical validation and the biomedical
engineer is the ideal candidate to embrace this new
opportunity.

One of the major goals of molecular imaging is the
detection of physiologic and early stage pathologic pro-
cesses on a cellular and even molecular level in vivo.

It is allowed by diagnostic imaging techniques based on
the last generation of contrast media. Nuclear medicine is
the most promising technique, but the sensitivity of
magnetic resonance imaging to detect small numbers of
cells can be markedly increased using superparamagnetic
iron oxide nanoparticles.

Moreover, the chances offered by integrating different
molecular imaging studies are of great importance and
can provide information that cannot be obtained readily
using separate systems.
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1. INTRODUCTION

Cellular engineering ‘‘applies the principles and methods
of engineering to the problems of cell biology in both a
basic and applied nature’’ (1). A keystone of cellular
engineering activity is cell culture technology, which is
the ability to grow living cells in the artificial environment
of a laboratory, thereby enabling the study of the methods
for regulation and control of cell behavior. Cellular en-
gineering includes the roles of engineering in basic cell
biology research and in the manufacture of products that
use living cells. By definition, cellular engineering is a
bioprocess that applies the principles of cellular or mole-
cular biology to manufacture cell products for the regen-
eration or repair of tissue and organ. Cellular engineering
concentrates on the direct control of individual cells
through their environment to direct the synthesis and
organization of specifically formed tissues.

This chapter outlines the major types of cellular en-
gineering that are currently in practice and details the
biological properties, processes, and control of living cell
populations that are relevant to this discipline. In this
context, the current culture methods and techniques of
cell-based tissue engineering are described with clinical
examples of organ-based cellular engineering presented to
highlight the major challenges that lie ahead in this
rapidly growing field.

2. TYPES OF CELLULAR ENGINEERING

Cellular engineering has become a key engineering dis-
cipline in therapeutic fields, as many biomedical engi-
neers, chemists, biologists, and physicians must study the
biological cell more closely because of expanding opportu-
nities in engineering sensors, devices, and cell-based
tissue and organ implants. The potential to treat damaged
or diseased tissues with cellular engineering strategies
holds promise for tissue and organ repair, with the
ultimate goal to regenerate and restore normal function
(2). Central to the practice of cellular engineering is the
harvest and controlled proliferation of cells. In addition,
cellular engineering of stem cells require the induction of
cellular differentiation. All of the three types of stem cells,
totipotent, pluripotent, and unipotent, are primal and
undifferentiated but have the potential to differentiate
into many cell types. Totipotent stem cells (such as
blastomeres) can differentiate into entire organisms; plur-
ipotent stem cells can be differentiated into cells derived
from any of the three germ layers; and unipotent stem
cells can only differentiate down their progenitor pathway
into specific cell types. Two general classifications of
multilineage stem cells are potentially useful for thera-
peutic applications; embryonic stem cells and adult stem

cells. Adult stem cells can be further classified as allogenic
cells or autologous cells depending on their source (3).

Adult stem cells (allogenic and autologous) are com-
monly used in many therapeutic fields; however, their
application is limited by their partially differentiated
unipotent or multipotent state. Embryonic stem cells,
however, are pluripotent and, therefore, have potentially
far greater therapeutic applications, but are still the
subject of much research and ethical debate given the
requisite embryonic destruction. However, cloning of auto-
logous lineage-specific cells from embryonic stem cells
using nuclear transfer technology may be an option for
the generation of tissue such as cartilage and tendon.
Adult stem cells can be obtained from a wide (and ever
expanding) range of sources, including cord blood from the
placenta or umbilical cord shortly after birth. Cord blood
stem cells have been harvested for over a decade and used
in the treatment of many pediatric conditions, most sig-
nificantly acute lymphocytic leukaemia. Currently,
sources of pluripotent adult stem cells are a topic of
enormous research interest, with pluripotent stem cells
being recently isolated from bone marrow.

Despite immunosuppression regimes, allogenic adult
stem cells (harvested from a host of the same species) can
promote an immune response in the individual into whom
they are implanted leading to rejection of the cell/tissue
complex, or, in some cases, Graft-Versus-Host disease.
Recent developments in immunosuppressive drug thera-
pies have reduced the risk of immunological reactions and
increased the potential use of allogeneic cells/tissue for
transplantation in clinical treatments. Interestingly, the
so-called ‘‘Mini-allogenic’’ in which patients receive allo-
genic stem cell therapy under immunosuppression, has
increased the efficacy of this treatment style. Tissue-
specific autologous stem cells are harvested from the
host, cultured in vitro for expansion and differentiation,
and reimplanted into a damaged site of the same indivi-
dual. Autologous stem cells have the distinct advantage of
being ideal from an immunological perspective (providing
self-tolerance is maintained) as being recognized as ‘‘self ’’
and thereby promoting no foreign body or antibody re-
sponse. Understanding the complex nature of cellular
behavior both in vivo and in vitro is the first step toward
realizing the tremendous promise that cellular engineer-
ing holds for creating alternatives to harvested tissues,
processing, large scale of propagation, and tissue implants
(4). As cultured cells do not spontaneously reassemble into
functional tissues, cellular engineering increasingly in-
volves strategies that combine cells, matrices (synthetic or
natural), inductive stimuli, and techniques that enhance
the survival, organization, and performance of local or
transplanted connective tissue progenitors (5). An exam-
ple of current cellular engineering applications is the field
of orthopedics, where cells derived from connective tissue
progenitors are commonly expanded in vitro for use in
research and clinical tissue engineering therapies. Mar-
row-derived mesenchymal stem cells include cells that
have the ability to differentiate into a range of tissue
types, such as bone, cartilage, fat, and muscle (5).

Currently, five major classifications of cell-based tissue
engineering exist: the targeting of local stem cell or
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progenitors in vivo, the autologous transplantation of
stem cell/progenitors (with or without genetic modifica-
tion) to expand the local population, the transplantation of
culture-expanded, in vitro tissue generation and trans-
plantation, and the transplantation of cell-seeded matrix
scaffolds. Each of these areas will now be considered in
detail.

2.1. Targeting Stem Cells or Progenitors in vivo

Targeting strategies are designed to promote desired
tissue formation by stimulating the activation, migration,
proliferation, or differentiation of local stem cells/ progeni-
tors (5). One example is the implantation of a scaffold,
providing a surface on which cells can attach and migrate.
This strategy relies on a sufficient local population of stem
cells/progenitors. Locally delivered growth factors such as
bone morphogenetic proteins (BMPs), fibroblast growth
factor-2 (FGF-2), and vascular endothelial growth factor
(VEGF) also target local cells and have the potential to
activate bone-forming progenitors or enhance the prob-
ability that their progeny will differentiate into bone.
Biophysical stimulation, such as mechanical loading, elec-
tromagnetic stimulation, or ultrasound, is also an example
of cell targeting (5).

2.2. Transplantation of Autologous Cells with and without
Genetic Modification

Designed to compensate for a deficiency in the number or
function of local progenitors (which may occur in regions
of trauma, infection, or defects), transplantation of auto-
logous stem cells/progenitors can improve the outcome of
conductive and inductive grafts, which suggests that
many, and perhaps all, settings of normal tissue repair
may be limited by the population of progenitors in local
tissues. The surface of porous implantable materials can
be used to selectively concentrate and select marrow-
derived connective tissue progenitors from bone marrow.
Selective retention of connective tissue progenitors can be
used to rapidly enrich the population of marrow-derived
connective tissue progenitors, by removing red blood cells,
serum, and most other cells in marrow and contaminating
blood (5).

The intrinsic biological potential and performance of
progenitors can be genetically modified so as to briefly or
permanently modify the genes that a cell expresses.
Progenitors can be engineered to secrete factors that will
have a behavioral influence over that cell and those
nearby. New or modified genes can be introduced to
cultured cells with the use of vectors, created by altering
naturally occurring viruses, such as a retrovirus, lenti-
virus, adenovirus, or adeno-associated virus. Genetically
modified cells have the potential to be of value in clinical
tissue engineering, particularly with inherited genetic
defects and tissues that consist of relatively homogeneous
long-lived cells and in which phenotypic expression may
be induced and durably maintained by expression of a
single gene (5).

2.3. Transplantation of Tissue

Tissue and cell explants from muscle, fat, and bone
explants may be suitable for regeneration of bone, carti-
lage, muscle, and tendon tissue. One example is the
implantation of chondrocyte pallets for growth plate re-
construction. Although in vitro expansion offers the po-
tential to generate a large number of progenitor cells,
culture expansion also adds substantial cost and some
risks, such as contamination with bacteria or viruses or
depletion of the proliferative capacity of the connective
tissue progenitors prior to implantation (5).

2.4. In vitro Tissue Generation and Transplantation

In vitro tissue generation and transplantation is the
creation of organized tissues in vitro and transplanta-
tion/integration with use of pedicle flaps and microvascu-
lar techniques. It involves three main challenges: the
generation of functional tissues, transplantation (in a
way that conserves the viability and function of cells);
the biological and mechanical fixation; and, finally, the
integration with the surrounding local tissue. A means to
deal with difficult tissue reconstructive or replacement
problems is to engineer new tissue using cell transplanta-
tion on scaffolds. Functional biologic prostheses are cre-
ated by encapsulating cells into biodegradable substrates
that act to transport the cells to the suitable site. They also
provide a void for cell encroachment and tissue develop-
ment. A major challenge, however, is the regeneration of
tissue capable of maintaining its integrity over the long-
term.

In all settings in which cells are transplanted, access to
substrate molecules (oxygen, glucose, and amino acids)
and clearance of products of metabolism (CO2, lactate, and
urea) are critical to cell survival (5). In most tissues,
passive diffusion along concentration gradients is the
principal mechanism for mass transport, particularly for
small molecules. In the case of transplantation scaffolds,
diffusion distance is critical, oxygen and nutrients become
limited toward the center of the transplant, and cells
compete with each other for them. In situations (e.g.,
clinical grafts) where diffusion distance from the edge to
center is larger then in natural situations, diffusion is only
able to support a limited number of transplanted cells
before metabolites pile up in the center of the graft,
resulting in central necrosis (5). The survival of trans-
planted progenitors also depends on the response of these
cells to the transplantation environment such as oxygen
availability and rate and extent of revascularization. For
example, fast revascularization favors osteoblastic differ-
entiation, whereas prolonged hypoxia favors formation of
cartilage or fibrous tissue. These concepts can be con-
verted into several practical strategies to optimize cell
survival in clinical grafts, one method being to reduce the
concentration of transplanted cells (5).

2.5. Transplantation of Cell-Seeded Matrix Scaffolds

A key aspect of cell-based tissue engineering is the matrix
scaffold. The biological profile and architecture of a matrix
scaffold could determine the differentiation of cells seeded.
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Cell-seeded scaffold for implantation has become popular
for tissue regeneration. One example is the matrix-in-
duced autologous chondrocyte implantation (MACI),
which applies type I/III collagen scaffold for the integra-
tion of autologous chondrocyte (Fig. 1). MACI is now
considered to be the second generation of autologous
chondrocyte implantation as the result of tissue engineer-
ing development (Fig. 2), which enables the direct control
of cellular density and integration of cells with matrix
before transplantation. MACI has already demonstrated
its clinical efficacy for the treatment of cartilage defects by
the restoration of hyaline-like cartilage (Fig. 3).

Matrix scaffolds provide a vehicle for delivery of cells to
a desired site and provide surfaces that facilitate the
attachment, survival, migration, proliferation, and differ-
entiation of these cells (6). They also provide a void volume
in which vascularization and the formation of new tissue
can occur. However, scaffolds serve as a quick-fix for only a
limited time period; therefore, functional integration into
surrounding tissue remains a challenge (4). Structural
matrix designs are limitless, involving differing macro-
structures such as geometric shapes, amorphous struc-
tures, and randomly integrated structures. Also, natural
materials have been ‘‘borrowed’’ from nature for their
desired structure, such as the interconnected porous
corals. Nanostructural features (o100 nm) may also
have important effects on cell behavior, by changing sur-
face texture or diffusion of soluble materials (4). Mechan-
ical properties, such as strength, are determined by the
scaffold’s material properties and structure. So as not to
limit success of tissue healing before regeneration, match-
ing mechanical properties of a scaffold to the implant
environment is vital. A challenge in scaffold design is
the control of the mechanical properties over time, as in
most cases degradation of the scaffold must parallel the
regeneration of tissue (4). Cells in their native environ-
ment are suspended in a complex extracellular matrix
(ECM) composed of multifunctional macromolecules. Sur-

face chemistry of a scaffold can be controlled by functio-
nalizing the surface with one or another element of the
tissue’s natural ECM; however, these reduced environ-
ments usually fail to mimic the signaling complexity
achieved in the cells natural environment. The ECM
proteins (structural and regulatory), as well as soluble
molecules (cytokines and growth factors), coordinate a
broad range of cellular signaling pathways that regulate
cell adhesion, migration, proliferation, gene expression,
differentiation, and death (4). Cell scaffold interactions are
the direct outcome of their unique chemical environment,
involving interaction between a given surface and biomo-
lecules that adsorb to the surface (5). For example, cell
adhesion is caused by the interactions between surface
proteins (receptors) and proteins in the ECM, or on the
surface of other cells or biomaterials (ligands) (7). Cells
adhere and interact with their extracellular environment
via integrins. Their capability to activate associated down-
stream signaling pathways depends on the characteristics
of adhesion complexes formed between cells and the ECM
(4).

Bioprocesses of stem cells and progenitors (attachment,
proliferation, and differentiation) can be modulated in
vitro by precoating scaffolds with specific bioactive pro-
teins (4). Proteins can be selectively concentrated and
presented on surfaces with use of nonspecific surface
interactions. Retention of these bioactive proteins once
the scaffold is implanted is related to the solubility and
protein isoelectric point. Current protein delivery strate-
gies are considered technically simple, however, require
high concentrations to allow the protein to diffuse into
tissues adjacent to the implant to act on local stem cell/
progenitor populations. They provide relatively little con-
trol over the rate of delivery, presentation, clearance, or
degradation of the delivered protein (4). Proteins and
small bioactive peptides can also be specifically concen-
trated and presented by linking them covalently to a
surface, providing additional conformation control, slower
rate of discharge from the surface, and extended retention
(5).

3. CULTURE SYSTEMS FOR CELLULAR ENGINEERING

The development of cell culture technology, principally the
ability to grow cells under controlled laboratory condi-
tions, has been critical in the advancement of cellular
engineering and has resulted in an acceleration of basic
cell biology research and the use of living cells in product
applications. Many factors that influence our ability to
grow cells exist; however, a thorough understanding of
cellular bioprocesses is needed to engineer an in vitro cell
culture environment that truly simulates in vivo physio-
logical conditions (1). With an understanding of these
influences, cell subsets can be isolated and cultured in
vitro to increase their numbers, activate functions, or
induce cell maturation (8). Cell culture systems are se-
lected according to application-specific requirements, with
methods varying according to media, substrate, vessel,
and incubation conditions.

Figure 1. Scanning electron microscopy of autologous chondro-
cytes seeded onto the rough side of type I/III collagen membrane
evidences the attachment and integration of chondrocytes into
the collagen matrix and their redifferentiated globular cell mor-
phology following in vitro culture.
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Many methods for the culturing of cells exist; but the
majority of cell cultures are attached and propagated on a
plastic or glass substrate as a monolayer. However, some
cultures, primarily transformed cells, or hemopoietic cells,
can be cultured in suspension. Although it is difficult to
scale-up and control parameters such as pH and oxygen in
monolayer cultures, they are relatively easy to wash and
change media, and are more flexible as they can be used
for all cell types. Also, many cells will express a required

product more effectively when fixed to a substrate,
whereas other cell lines will grow as a suspension in a
system used for monolayer culture, therefore called a
static suspension culture. For example, lymphoblastic
lines and some hematopoietic lines are able to grow in
this manner; however, as with monolayer cultures, scal-
ing-up is difficult in this system (9).

Many fields of bioengineering and biotechnology favor
suspended, aggregated cell cultures (3). Bioreactor culture
vessels are specifically designed to provide an in vitro
environment in which cell-polymer constructs can develop
into functional tissue with improved structure and mate-
rial properties (10). Bioreactors can improve flow/mixing
to create spatially uniform seeding of scaffolds, uphold
required concentration of nutrients and gases in the
medium, supply effective mass transfer through media
and to the growing tissue, and expose tissue to physical
stimulation during its development (10). Stirred suspen-
sion systems offer the advantage of relative simplicity, for
example, subcultures only require dilution rather than
trypsinisation, and no requirement exists for increased
surface area with increased cell density (9). Stirred sus-
pension cultures also provide a homogeneous culture
environment with an ease of scaling-up and harvesting,
and are appropriate for studying the various culture
parameters, such as oxygen tension or cytokine concen-
tration, that may influence cell behavior. Some cells,
particularly those of hematopoietic cell lines, grow best
in suspended cultures, whereas most need to be adapted
(9). When considering stirred cultures, a culture medium
optimized in static conditions may not be adequate, as

Biopsy of healthy
cartilage taken

Chondrocyte cultivation
up to 4 weeks
(10x increase in cell number)

Defect

Collagenase digestion of
cartilage matrix

Injecton of cultured
chondrocytes under
periosteal flap into
debrided defect

Periosteal
flap sutured
over defect

A: Conventional ACI (Periosteal flap)

B: MACI (Matrix-induced autologous chondrocyte implantation)

Cell suspension
(∼107 cells)

Chondrocytes seeded
onto MACI membrane
(∼107 cells)

Debrided defect
filled with fibrin
sealant

Seeded MACI membrane
shaped to defect
geometry and pressure
fit into defect

Periosteal
flap excised
from medial tibia

Figure 2. Conventional ACI versus the new generation (MACI). Conventional ACI (A) involves
the injection of a chondrocyte cell suspension into the defect under a sutured periosteal flap excised
from the medial tibia. The simpler MACI technique uses bioengineered collagen membrane and
fibrin glue to deliver chondrocytes to the defect, alleviating the need for periosteum and suturing.

Figure 3. Histology of hyaline-like cartilage regeneration of a
patient treated by matrix-induced autologous chondrocyte im-
plantation (MACI) at 6 months postoperatively. Hyaline-like
cartilage was seen in the superficial (a) and transitional zones
(b) of the regenerative tissue, with observable spherical cellular
morphology, mature lacunae housing, and matrix staining similar
to that of healthy articular cartilage.
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agitation of the cell environment may require differing
physiochemical properties and growth factor supplemen-
tation (3,8).

Almost all cell cultures require the supplementation of
serum in culture, with the fetal bovine serum being the
most popular. As the risk of the potential transmission of
prion-associated diseases from serum-supplemented
media has been evidenced recently, a trend toward the
use of serum-free culture media has occurred. In most
cases, these serum-free media substitute specific chemical
mediators such as cytokines or growth factors in place of
serum.

Cytokines are small proteins (such as interleukins,
lymphokines, tumor necrosis factor, and interferon) that
are released by activated cells and act to influence cell-cell
interaction, communication, and the behavior of other
cells. Growth factors are proteins (such as platelet-derived
growth factor PGF or insulin-like growth factor IGF) that
are involved in cell differentiation and growth and play an
essential role in normal cell cycle. The combination of
cytokines and growth factors delivered to the microenvir-
onment of cells, and the methods used to maintain their
potency over time, are major features of cell culture
systems. A particular challenge in optimizing cell cultures
is the selection of cytokine composition for the mainte-
nance of cell differentiation programs, as multiple cell
types often compete for several cytokines (3,11). Thus,
the dynamic nature of the cytokine supplementation
needs to be taken into account in order to predict the
proliferation and differentiation of cells. In complex cul-
ture systems typically used for stem cell cultures, the
production of cytokine and growth factors (known and
unidentified) are likely to affect the long-term outcome of
culture systems. Following is a list of common cytokines
and growth factors and their principal activities (Table 1).

4. ORGAN-BASED CELLULAR ENGINEERING

4.1. Bone and Cartilage Tissue

Mesenchymal stem cells (MSC) have a number of applica-
tions in cellular and tissue engineering; in the formation
of bone, stem cells give rise to progenitor cells, which
become pre-osteoblasts and then osteoblasts. Osteoblasts
give rise to both the matrix of new bone tissue and the
downstream cells that comprise bone tissue (5,10). Osteo-
blasts become osteocytes, lining cells on the surface of
mature bone, or they die by apoptosis at the end of their
functional life (10,12,13). The repair and regeneration of
bone following a bone-grafting procedure follows the same
steps (5). The mechanisms of human MSC regulation and
the importance of specific growth factors during the
different stages of osteogenic differentiation are important
in the engineering of bone, as bone comprises numerous
cell types each expressing individual differentiation pat-
terns (5). To induce MSC osteogenesis in vitro, cells are
treated with glucocorticoid dexamethasone, which stimu-
lates proliferation and aids osteogenesis. Organic phos-
phates also support osteogenic lineage differentiation by
assisting in mineralization and modulation of osteoblast
activities (14). Free phosphates can bring about mRNA

and protein expression of osteogenic markers and effect
the production and export of a principal osteogenic reg-
ulatory gene core-binding factor alpha 1 (12). Supple-
ments, such as 1,25-dihydroxyvitamin D3, ascorbic acid
phosphate, and dexamethasone, may be used for osteo-
genic induction, with the former involved in increasing
alkaline phosphatase activity in osteogenic cultures (5).
Bone morphogenetic protein (BMP) or other growth fac-
tors can also be used for osteoinduction (Table 1).

When cultured in osteogenic supplements, MSCs un-
dergo a developmental cascade characterized by the at-
tainment of osteoblastic morphology, transient induction
of alkaline phosphatase activity, and deposition of a
hydroxyapatite-mineralized extracellular matrix (10).

In the case of cartilage damage, the potential exists for
regeneration of cartilage tissue using autologous chondro-
cytes or MSCs in tissue engineering practices (6). The
function of healthy articular cartilage is to minimize
friction between joints, thereby enabling uncompromised
joint movement (5,10). However, damaged cartilage has a
very limited ability to heal and is often not restored to a
completely functional state. Studies have found that cul-
ture conditions favorable for inducing chondrogenesis of
MSCs need high-density seeding and growth in serum-
free medium, with additional supplements and growth
factors (5,10). Members of the TGF- superfamily, such as
BMPs, are well-known proteins used to regulate chondro-
genesis (Table 1).

The use of natural and synthetic biomaterials as car-
riers for MSC delivery have shown increasing promise for
orthopedic therapeutic applications, especially bone for-
mation (15). The relationship between bone formation and
vasculature is a major focus when considering the delivery
of osteoprogenitor cells, as sufficient space must be pro-
vided for close juxtapositioning of capillaries to osteopro-
genitor cell sheets. Success of such cell-based tissue
engineering of bone depends on the use of a suitable
matrix scaffold. The ideal matrix for bone formation
requires specific material properties; resorbability to pro-
mote uniform cell loading, division, and retention; rapid
vascular invasion support; formation of new bone in
relevant shapes; and osteoconduction encouragement
(10). Natural scaffolds, such as collagen, have shown
potential in early studies of cartilage repair, for example,
Wakitani et al. (1994) were successful in repairing full-
thickness defects on the laden surface of medial femoral
condyles using autologous MSCs seeded into a collgen-
type-1 gel (16). Synthetic scaffolds, such as hydroxyesters
PLA and PGA, and their copolymer PLGA have also
shown potential in cartilage tissue engineering (17,18).

4.2. Tendon

The major foci in tenogenesis are culture conditions,
physical stimulation (such as mechanical loading), and
growth factors. Members of the TGF superfamily, parti-
cularly the growth/differentiation factors (GDFs), have
been implicated in tendon formation. Marrow-derived
MSCs can be used for Achilles tendon repair, whereby
MSCs seeded into collagen-type-I constructs (incorporated
into healing tendons) are said to show better load-related
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Table 1. Cytokines and Growth Factors that are Commonly Used in Cellular Engineering Applications

Name Source Target cells and biological effects

Growth factors:
Epidermal growth factor EGF Platelets, endothelium, many other

cell types
Promotes epithelial, glial, and mesenchymal

proliferation; important in wound repair;
stimulates bone resorption; induction of
inflammatory mediators in epithelial cells

Platelet-derived growth factor PDGF Platelets, smooth muscle, monocytes,
megakaryocytes endothelium

Promotes proliferation of mesenchymal,
smooth muscle, and glial cells; mitogenic
for fibroblasts because of its ability to
enhance production of fibronectin,
hyaluronic acid, and collagenase, as well as
induce synthesis of autocrine factors;
important in tissue and wound healing;
may be involved in mediating chronic
inflammatory processes

Fibroblastic growth factors FGF Pituitary gland, brain and many other
cell types. Associated with the ECM

Stimulates mitogenesis in many cell types,
including neuroectodermal cells, vascular
endothelial cells, fibroblasts, osteoblasts,
and chondrocytes; angiogenic (blood
capillary promoting) activity; may play role
in tissue vascularisation; b-FGF (basic)
promotes osteogenic differentiation of
mesenchymal stem cells in vitro; inhibits
some stem cells

Nerve growth factor NGF Salivary gland, neural tissue Varying effects depending on target cell;
important as a neurotropic factor, which
regulates the survival and differentiation
of neural tissue; important roles in wound
healing

Insulin Pancreas Although not a cytokine, insulin promotes
DNA synthesis and cell proliferation in a
wide range of cells in culture, therefore is
considered a mitogenic growth factor

Insulin-like growth factor-I IGF-I Liver, neural tissue Although structurally similar to insulin, IGF-
I and IGF-II are true cytokines that
promote proliferation of many cell types;
stimulates differentiation of
musculoskeletal precursors

Insulin-like growth factor-II IGF-II A variety of cells including liver Cell differentiation of musculoskeletal
precursors; promotes proliferation of many
cell types, primarily of fetal origin

Neuroleukin Muscle, brain, kidney Implicated in motor neuron development
Amphiregulin Breast tumor cells Has similar effects on cells as EGF/TGF-a

(only on some cell types)
Hepatocyte growth factor HGF Liver, spleen Important in the regulation of liver

regeneration following hepatic injury;
promotes angiogenesis

Colony stimulating factors:
Macrophage- Colony stimulating

factor
M-CSF Monocytes/ macrophages, stromal

cells, endothelium
CSFs regulate proliferation and

differentiation of various types of
hematopoietic cells. M-CSF controls
macrophage proliferation, differentiation,
and activation; important role in immune
response

Granulocyte-Colony stimulating
factor

G-CSF Monocytes/ macrophages, stromal
cells, endothelium

Controls proliferation, differentiation, and
activation of granulocyte precursors and
the mature cells of this hematopoietic
lineage; activates neutrophils; may have
chemotactic properties

Granulocyte/ macrophage-CSF GM-
CSF

T lymphocytes, fibroblasts,
endothelial cells, monocytes/
macrophages

Promote proliferation and differentiation of
bone-marrow-derived progenitors of
granulocytes and macrophages; promotes
proliferation of mature granulocytes and
macrophages; inhibits apoptosis of target
cells
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Table 1 Continued

Name Source Target cells and biological effects

Erythropoietin EPO Kidney and some other tissue Encourages erythroid cell differentiation;
stimulates proliferation and differentiation
of erythroid precursor cells in bone
marrow; EPO is only active on cells already
committed to their specific lineage

Leukemia inhibitory factor LIF T lymphocytes, carcinoma cells, mast
cells, endometrium

Promotes monocyte/macrophage
differentiation; assists survival and
proliferation of hemopoietic stem cells;
stimulates proliferation of muscle cells;
affects bone and cartilage resorption

Transforming growth factors:
Transforming growth factor -a TGF-a Tumor cells, keratinocytes,

macrophages, common in
transformed cells

Related to EGF, TGF-a binds to the same cell
surface receptors, however, with only 50%
activity; promotes cell proliferation in a
variety of tissues including epithelial and
mesenchymal cells; important in
resorption and formation of bone; plays
important role in normal wound healing

Transforming growth factor -b TNF-b Megakaryocytes (TGF-b1),
macrophages (b2), lymphocytes and
bone (b3)

Inhibits growth of many cell types, including
epithelial cells, muscle cells, and
hematopoietic cells; stimulation of
connective tissue synthesis; promotion of
angiogenesis; plays important roles in
tissue repair and regeneration, including
accelerated wound healing; together with
related molecules such as BMPs, they also
stimulate cartilage formation and bone
remodeling; anti-inflammatory

Bone morphogenetic proteins BMP Marrow stromal cells Directs cartilage and bone formation; promote
and maintain chondrogenesis and
osteogenesis; stimulates differentiation of
mesenchymal or muscle cells into
chondrocytes and osteoblasts

Tumor Necrosis factors:
Tumor Necrosis factor-a TNF-a Macrophages, T lymphocytes,

fibroblasts
Induction of MHC antigens in many cell

types; involved in proliferation of T and B
cells; generally inhibit proliferation of
hematopoietic cells; important role in
control of inflammatory responses;
enhances activity of granulocytes and
eosinophils; antiviral, antibacterial and
antiparasitic activity

Tumor Necrosis factor-b TNF-b T lymphocytes, natural killer cells
(NK)

Cytostatic or cytotoxic effect on some tumor
cells by stimulation of terminal cell
differentiation or generation of arachidonic
acid metabolites and free radicals;
antiviral, antibacterial, and antiparasitic
activity

Interferons:
Interferon-a and -b IFN-a T and B lymphocytes, macrophages,

neutrophils, fibroblasts
Antiviral, antitumor and antimicrobial

activities; antiproliferative action;
immunoregulatory actions; activation of
natural killer cells

IFN-b
Interferon-g IFN-g T lymphocytes, NK cells, dendritic

cells, macrophages
Induces MHC class II expression; stimulates

macrophage, NK cell, and neutrophil
activation; antiviral, antibacterial, and
antiparasitic actions

Lymphocytes:
Interleukin-1 IL-1 Monocytes, lymphocytes, endothelia,

epithelia
Induction of other cytokines in many cell

types; hematopoiesis; stimulates
proliferation of fibroblasts; activates
endothelium; neuroendocrine activity
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structural and material properties than unseeded con-
structs (5,10,15). A key issue in cell-based tendon engi-
neering is the rate and magnitude of mechanical loading
in the activation of forming tissue. Studies on tendon/
ligament fibroblasts suggest that tensile strength and
stress loading are vital for accurate alignment and forma-
tion of the tendon or ligament structures.

4.3. Adipose Tissue

The engineering of adipose tissue in vitro requires specific
supplements such as dexamethasone and 3-isobutyl-1-
methylxanthine. Vital for adipogenesis is the activation
of transcription factor peroxisome proliferators-activated
receptor gamma, which can be achieved by adding indo-
methacin to the medium. Many other transcription fac-

Table 1 Continued

Name Source Target cells and biological effects

Interleukin-2 IL-2 T lymphocytes, NK cells Formally known as T-cell growth factor.
Controls proliferation of T lymphocytes, B
cells; stimulates T cell motility,
differentiation; may enhance proliferation
of fibroblasts and epithelial cells

Interleukin-3 IL-3 T lymphocytes, NK cells Assists proliferation and differentiation of
pluripotent myeloid progenitor cells;
induces MHC class II and LFA-1 in
macrophages

Interleukin-4 IL-4 T lymphocytes, mast cells Stimulates proliferation and differentiation of
B cell; expression of Ig and MHC class II on
B cells; T cell proliferation; encourages
growth and function of monocytes, mast
cells, and eosinophil

Interleukin-5 IL-5 T lymphocytes, mast cells, eosinophils Eosinophils growth, differentiation,
chemotaxis, and activation

Interleukin-6 IL-6 T lymphocytes, macrophages,
fibroblasts, bone marrow stroma

Plasmacytomas mitogenesis and
differentiation; stimulates B cell
proliferation, T cell growth and CTL
differentiation; induces hematopoiesis;
stimulates liver acute-phase proteins

Interleukin-7 IL-7 Bone marrow stromal cells, thymic
stroma

B cell proliferation and differentiation; T cell
proliferation

Interleukin-8 IL-8 Monocytes/ macrophages, endothelial
and epithelial cells

Stimulates neutrophil chemotaxis/activation,
T cell chemotaxis, keratinocyte
mitogenesis/chemotaxis, and angiogenesis

Interleukin-9 IL-9 T cells Promotes erythroid and myeloid growth and
differentiation; stimulates T cell and B cell
activation

Interleukin-10 IL-10 T cells, B cells, macrophages Suppresses cellular immunity; inhibits
cytokine production; promotes B cell
proliferation and antibody production

Interleukin-11 IL-11 Stromal cells Stimulates hematopoietic and thrombopoietic
effects

Interleukin-12 IL-12 B cell, macrophages Natural killer cell proliferation; promotes
production of INF-g; stimulates cell-
mediated immune system

Interleukin-13 IL-13 T-cells Promotes B-cell proliferation and
differentiate, inhibits inflammatory
cytokine production and TH1 cells

Interleukin-14 IL-14 T-cells, dendritic cells Enhances memory B-cell production and
proliferation

Interleukin-15 IL-15 Epithelial cells and monocytes Enhances T-cell proliferation in the blood
Interleukin-16 IL-16 CD8 T-cells Acts as an adhesion molecule and activator

for T-cells. Plays a role in asthma and
autoimmune diseases

Interleukin-17 IL-17 T-cells Activated neutrophil, induced production of
inflammatory cytokines

Interleukin-18 IL-18 Macrophages, osteoblasts Stimulated the release of T-helper lymphocyte
cytokines, induces IFN production, inhibits
osteoclast formation

The cytokine or growth factor is listed, followed by its abbreviation, site of action, and principal physiological-or culture-based activity.
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tors, such as the C/EBP family, also promote adipogenesis
(15). Wnt signaling (through Wnt-10b expression by pre-
adipocytes), has been showed to decrease adipogenesis in
vitro and to promote mesenchymal cell fate; however,
when suppressed in pre-adipocytes and myoblasts, cells
follow an adipogenic lineage (19).

4.4. Neural Regeneration

Peripheral nervous system (PNS) tissues are capable of
regeneration following injury; however, in some cases,
such as extensive damage or disease, recovery may be
limited (10). Central nervous system (CNS) tissues, in
contrast, show very limited healing ability. This limited
regeneration in both PNS tissues and CNS tissues is a
result of adult neuron inability to proliferate in vivo or in
vitro. In healing PNS nerves, axons sprout from the
proximal nerve tissues and cross the injury site. These
axons penetrate the distal nerve tissue and form connec-
tions with target structures. In absence of natural nerve
regeneration, nerve guidance channels may be used to
entubulate cut nerve ends, whereby the ends are situated
in the lumen of the cylinder and secured with sutures.
These guidance channels prevent scar tissue formation
and offer directional support for growing axons. Once the
cylinder is attached, nerve end blood vessels secrete fluid
containing fibrin (a clot-forming protein) and neurotrophic
factors that assist survival and growth of the nerve. The
secreted fibrin serves as a scaffold within the cylinder for
the out-growing cells, and axons to migrate. Cells such as
fibroblasts, endothelial cells, and Schwann cells move
from the nerve ends to begin the elongation of nerve
stumps (10). The addition of insoluble gel in the guidance
channel is one approach to nerve repair, for example,
prefilling the cylinders with fibrin gel (oriented longitud-
inally) or laminin gel has been shown to accelerate
regeneration (10,20). ECM proteins can also be added to
the nerve guidance channel, such as glycoprotein laminin
and glycoprotein fibronectin, which have been found to
support nerve growth in vitro and in vivo (10,20). The
added ECM proteins enable control of cell-substrate adhe-
sion and cell-cell communication. Seeding neuronal sup-
port cells is another approach to regenerate neural tissue.
Support cells, such as Schwann cells, ensheath all axons
(myelin sheath surrounds larger axons), and the basal
lamina of the Schwann cell is capable of encouraging
growth of neurons. They may be proliferated in vitro
from small nerve biopsies and grown within the nerve
guidance channel; therefore, on implantation, the cells
can be in direct contact with the nerve stumps (10,21). As
normally occurring CNS support cells (in adults) are
inhibitory to regeneration, olfactory ensheathing cell cul-
tures can be expanded in vitro and used to assist regen-
eration of CNS axons (19). Genetically engineered cells
can also be embedded within the nerve guidance channel,
such as Schwann cells or fibroblasts that are genetically
engineered to secrete growth factors, neuronotrophic, and
neurite-promoting molecules (22). Studies have shown
that fibroblasts that are genetically engineered to exude
NGF (nerve growth factor) improve neuronal survival
after lesion of the fimbria-forna (a CNS structure con-

cerned with Alzheimer’s disease) (23). As damage to the
CNS tissue is naturally irreversible, study of neural stem
cells in tissue engineering is important for use in repair
strategies for the CNS. Unlike adult neurons, neural stem
cells are able to proliferate and create mature cells with
the properties of the injured tissue. Biodegradable scaf-
folding materials serve to support and organize neural
stem cells, and also provide an attachment site for differ-
entiation (10). Neural stem cells used in tissue engineer-
ing techniques may be applied to neuro-degenerative
processes or neurogenetic degenerative processes such as
Parkinson’s disease or Tay Sachs disease. Other applica-
tions of neural stem cells may repair or replace diseased or
damaged nerves, supplement the creation of other tissue
engineering constructs, as well as direct and organize the
growth and development of other cell types used in the
creation of engineered tissue or organs.

5. CARDIAC TISSUE

Cardiomyocytes are cells responsible for cardiac contrac-
tility; therefore, cardiomyocyte loss because of cardiovas-
cular diseases, such as atherosclerosis, results in
contractile dysfunction (24). Unlike skeletal muscle cells,
cardiomyocytes do not regenerate after birth; therefore,
cardiac tissue engineering applications focus on the trans-
plantation of cells that have the ability to replace non-
functional cardiomyocytes. Implanting cardiomyocytes
into deficient sites is impractical as it is difficult to acquire
autologous heart cells; therefore, an alternative approach
is to use progenitor or stem cells with cardiomyogenic
development potential (24). Skeletal muscle progenitors
cells have been successfully implanted into a human heart
to assist damaged cardiac muscle; however, these cells are
difficult to isolate and proliferate in vitro (24,25). Bone
marrow cells are easier to obtain and culture then skeletal
muscleprogenitors. Human autologous bone-marrow-de-
rived MSC have been successfully implanted into athymic
rat hearts by an injection directly into the ventricle wall,
where they were engrafted and expressed muscle-specific
proteins. Human embryonic stem cells are also capable of
differentiating in vitro into myocytes with the structural
and functional properties of cardiomyocytes (24).
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1. HISTORY

Chaos theory was first introduced in the 1970s in the field
of meteorology (1). The hallmark of chaotic systems was
their sensitivity to initial conditions, with a small change
in the initial condition resulting in a large change in long-
term behavior. Chaotic systems, however, are determinis-
tic, not random. Given the same initial condition, the long-
term results are repeatable. Since the introduction of the
idea of chaos, two fairly distinct areas of research have
emerged. The first was based on the concept of fractals.
Fractals are essentially repeated patterns on different
scales. This concept is found extensively in nature. Some
examples are the structures of plants, as can be seen in
leaves that subdivide into similar components on repeated
smaller scales. From the notion of fractals, the concept of
fractal dimension emerged. A fractal dimension departs
from the normal state of the world, which we view in
three-dimensions. Fractal dimensions need not be inte-
gers. The fractal dimension indicates the degree of irreg-
ularity. An example is the coastline. The length of the
coastline is dependent on the degree to which small vari-
ations are taken into account. In the medical domain,
fractal monitoring has been used to model body compo-
nents. For example, the structure of the lungs is fractal in
nature. The second area of research is the use of chaotic
concepts to model complex systems, including biomedical
signals. Many studies have investigated the connection of
chaos with disease, with a debate over whether chaos rep-
resented the normal or the chaotic state. Recently, the
term ‘‘chaos’’ has been replaced with nonlinear dynamics
or analysis of complex systems (2,3).

2. MATHEMATICAL BASIS OF CHAOS

The basic concept underlying chaotic systems is that
seemingly simple equations can produce extremely com-
plex behavior when followed over time. One of the earliest
equations studied was the logistic equation, sometimes
called the Poincaré equation. This equation is in the form
of a recurrence relation, in which subsequent terms are
some combination of previous terms. For example, in the
logistic equation, the (nþ 1)th term in the sequence is
given in terms of the nth term:

anþ 1¼Aanð1� anÞ n¼ 0;1; 2; . . . ; ð1Þ

where A is a constant chosen in the range 2 � A � 4, an is
the value at time n, and a0 is the initial condition. In this
equation, n is normally assumed to take only integer val-
ues. The only boundary condition is a0, 0 � a0 � 1. Figure
1 shows a bifurcation map of the logistic equation. For
values of A close to 2, the sequence converges to a single

value. As the value of A increases, the sequence bifurcates,
oscillating between two values. These bifurcations then
bifurcate for higher values of A. When A exceeds 3.57, all
values begin to fill in, an indication of the onset of chaos.
The logistic equation displays the standard characteristics
of a chaotic equation if the constant A exceeds the value of
3.57. These conditions include lack of a repeating periodic
pattern and sensitivity to initial conditions. A small
change in the value of a0 results in a large change in
long-term behavior; thus, two points that are close to each
other at n¼ 0 may have significantly different values
when n is large. Figure 2 illustrates this behavior. The
graph shows two plots of n versus an, with different initial
conditions, a0¼0:25 and a0¼ 0:3, A¼ 4, result in a dra-
matic change in the subsequent values of an. For an initial
value of a0¼ 0:25, the equation converges, representing a
point of stability even in the region of chaos. For an initial
value of a0¼ 0:3, chaos results (4).

The logistic equation is an example of a seemingly sim-
ple equation that results in chaos. Many systems of non-
linear differential equations also result in chaos, posing a
major problem in modeling many physical processes that
are often represented by these nonlinear models. Applica-
tions that result in nonlinear dynamic models include
fluid dynamics, meteorology, and biomedical signals. As
the models for these systems usually have mathematical
formulations that cannot be solved analytically, numerical
methods that involve discrete solutions of the continuous
models are necessary. One problem that develops in the
modeling process described is determining whether the
systems are chaotic or whether the discrete numerical so-
lution introduces chaotic factors that are not present in
the original continuous model. Insight into this problem
can be gained through the examination of the solution of
the logistic equation that in fact has an exact solution for
the values A¼ 2 and A¼ 4. It is also possible to obtain an
approximate solution for other values of A.

1

21
0

3 4

Figure 1. Map of logistic function for various values of A.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



2.1. Discrete Versus Continuous Modeling

Most approaches to chaotic modeling involve discrete
models although the processes that they represent are
continuous. The process of discretization may introduce
problems, including singularities. The resulting discrete
systems may seem to be chaotic because important infor-
mation has been lost in the process. These problems can be
illustrated by looking at the continuous solution of the lo-
gistic equation that exists for A¼ 4. The solution is as fol-
lows:

an¼ 1=2½1� T2nð1� 2a0Þ�; ð2Þ

where TnðxÞ is the Chebyshev function, valid for all real
values of n. This solution has several interesting proper-
ties, emphasizing that it is well behaved, including or-
thogonality, satisfying the relation (5):

1
R

fnða0Þfmða0Þ½a0ð1� a0Þ�
�1=2da0¼ 0 nOm

0 B n¼m;

ð3Þ

where

fnða0Þ¼
ðanþ 1Þ

ff

1�2an�1
for ff¼1; 2; 3; . . .

n¼ 1; 2; 3; . . .

m¼ 1;2; 3;

ð4Þ

B¼
ðffpÞ4ffþ 1ð1=2Þ2ff ð1=2Þ2ff�1

ð4ffÞ!
ð5Þ

ðcÞk ¼ cðcþ 1Þ . . . ðcþk� 1Þ; k � 1

¼ 1 k¼ 0

An interesting special case occurs for l� 1, giving a value
of p.

Figure 3 shows a graph for A¼ 4 with the integer val-
ues generated by Equation 1 along with the continuous

solution (dotted line) for three initial values: a0¼ 0:25,
a0¼ 0:5, and a0¼ 0:75. Note that the discrete solution pro-
duces chaos for a0¼ 0:5, but for a0¼ 0:75, a straight line
results, and for a0¼ 0:25, the value actually goes to zero.
However, the continuous solution shows similar patterns
for all three initial values, thus showing for the logistic
equation, the dependence on initial values is only a con-
struct of the discrete representation (6).

The solution given in Equation 2 is only valid for A¼ 4,
a point at the furthest region of chaos. As no exact solution
is available for other values within the region of chaos,
Cohen et al. derived a soft solution for any value of A,
2 � A � 4 (7). This solution exhibits all properties of the
discrete solution, including the bifurcation pattern for in-
teger values. The continuous solution, however, is well
behaved. In addition, it shows that the behavior of the
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Figure 3. Continuous versus discrete logistic equation.
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Figure 2. Behavior of logistic equation, A¼4, a0¼0:25, and
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equation does not change dramatically at A¼ 3.57 and in-
deed follows a consistent pattern throughout. Measures
based on the continuous approach can thus be used to
model systems that may or may not be chaotic, an impor-
tant point for practical applications in which the behavior
is not known a priori (8).

The concept of continuous chaotic modeling raises sev-
eral issues in the analysis of chaotic systems (9). Many
discrete approximations to continuous models have limi-
tations that must be observed. If boundary conditions are
not known, it is difficult to verify the correctness of the
solution. This proviso applies not only to the discrete mod-
els of chaotic equations but also to other discrete mathe-
matical approaches such as the numerical solution of the
partial differential equations through methods such as the
finite element approach, as well as to the use of the fast
Fourier transform, the discrete analog of the Fourier
transform. In discrete equations that exhibit chaotic prop-
erties, care must be taken. Because of the sensitivity to
initial conditions, round-off error caused by computer rep-
resentation can become an important factor. Even with
very long word length in double precision, errors will occur
after a few hundred iterations. Under some conditions,
these errors can overtake the actual solution.

3. FRACTALS

An important topic that is connected to chaos is the con-
cept of fractals. Fractals have the characteristic of repeti-
tion of the same pattern on different scales (10). As can be
seen in Fig. 3, the continuous solution of the logistic equa-
tion repeats itself but with an increasingly compact rep-
etition. Likewise, fractals are constructed by using the
small pattern and repeating it at smaller and smaller
scales. In nature, the idea of a fractal can be observed if
one looks at a structure such as a coastline on a map. De-
pending on the scale of the map, the details of the coastline
will change. If a map of the state of California is consid-
ered, a few major curves may be noted that indicate San
Francisco Bay, Monterey Bay, and so on. If, however, a
map of San Francisco is considered, many more details are
seen in San Francisco Bay, which contains many smaller
indentations. This process can be continued down to the
scale of grains of sand. Thus, the length of the coastline
depends on the length of our measuring device. This pro-
cess leads to the concept of fractal dimension, which in
short is the measure of irregularity of a surface. It is an
intermediate measure that extends the idea of one, two, or
three dimensions to include fractional dimensions. Thus, a
fractal dimension is any noninteger dimension. The idea
of fractal dimension is also important in measuring the
irregularity of mathematical constructs that may not be
geometric in nature. Thus, we can model a system and
look at its fractal dimension to determine the nature of the
system in terms of chaotic behavior. Mathematical details
of this approach will be given in the next section. In an-
other type of application, fractals have found widespread
use in computer graphics to produce realistic images
based on patterns repeating on different geometric scales.

4. MEASURES OF CHAOS

The exact definition of chaos is dependent on the mathe-
matical representation, as observed above. However, even
if the concept of chaos is ignored, several useful tools for
data analysis have been introduced from these represen-
tations, both in graphical and numerical form. These rep-
resentations give insight into the behavior of nonlinear
systems and can be used for both theoretical models and
experimental data. Strange attractors are also used as in-
dicators of chaos and have fractal dimensions.

4.1. Graphical Measures of Chaos

4.1.1. Bifurcation Maps. Referring to the bifurcation
map in Fig. 1, it is easy to see the progression from con-
vergence to bifurcation to chaos. Although this map is for
the logistic equation, similar maps can be drawn for other
chaotic equations. The logistic map offers another method
for viewing the same phenomenon.

4.1.2. Logistic Maps. Using Equation 1, logistic maps
also can be drawn that use the differential equation analog
of the difference equation:

dx=dt¼Axð1� xÞ: ð6Þ

The logistic map consists of three parts:
A parabolic curve y¼Axð1� xÞ.
A diagonal line xnþ 1¼ xn.
A set of lines connecting the value at xn with the value

at xnþ 1.
The set of lines is repeated until a steady state is

reached. Figure 4 shows this graph for A¼ 2 and initial
condition x0¼ 0:3. If the system exhibits chaotic proper-
ties, the logistic map will be characterized by boxes that
begin to cover the entire space (11).

4.1.3. Strange Attractors. Strange attractors were first
described by Ruelle and Takens (12) and are another
method for describing chaotic systems. The basic idea is
that a phase state is created in which the state of the pro-
cess is represented by a point. The strange attractor then
charts this point through time. Other types of attractors,
fixed points and limit cycles, have been used in physics for
some time. An attractor is a point of convergence. Attrac-
tors are often used in phase space. The phase space is de-
fined for a particle moving in one dimension by its position
x and its velocity v; thus, its phase space is a plane. Sim-
ilarly, a particle moving in two dimensions would have a
four-dimensional phase space: two for position and two for
velocity. If a phase space is conservative (constant energy),
then all points in a given area of phase space at one point
in time move so that the area occupied by these points re-
mains constant at later points in time. In three-dimen-
sional systems, the areas become volumes, with
appropriate generalizations to higher dimensions. Dy-
namical systems can be classified as conservative or dis-
sipative. In dissipative systems, the phase areas contract.
Equations of motion can be determined for conservative
and dissipative systems. Consider a set of phase points in
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a box of volume V. In time dt, the volume will change to
V þdV. Using the product rule and approximating the re-
sult with a Taylor series yields the logarithm volume
change (13):

ð1=VÞdV=dt¼rF; ð7Þ

where F represents the equation of motion. If rF is zero,
the system is conservative; if it is negative, the system is
dissipative. A contractive space representing the phase
space trajectories is that of a damped pendulum that con-
tracts to a point. This point is said to be an attractor (14).
In chaotic systems, the concept of attractors becomes more
complex. A chaotic attractor has a fractal dimension
greater than two. An attractor that has a noninteger di-
mension is called a strange attractor. The presence of a
strange attractor indicates the presence of chaos. In gen-
eral, low-dimensional attractors are embedded in lower
dimensional space. As the actual dimension increases, it is
necessary to have more points available to achieve repre-
sentative results. This often limits the usefulness of this
approach in dealing with experimental datasets (15). A
Poincaré section simplifies phase space diagrams for com-
plex systems. It consists of cutting a spiral attractor at
regular intervals along the f axis through the (y,o)-plane.

4.1.4. Poincaré Plots. A Poincaré plot is obtained from a
time series by taking the value of the time series at time n
and plotting it against the value at ðn� 1Þ. In general,
nonchaotic systems will have points clustered close to-
gether, whereas chaotic systems will have more dispersed
points.

4.1.5. Second-Order Difference Plots. Second-order dif-
ference plots are similar in nature to Poincaré plots, but
they are centered around the origin and represent the rate

of variability. The second-order difference is constructed
by plotting Tnþ 2 � Tnþ 1 versus Tnþ 1 � Tn, where Tn is the
nth point in the time series. Figures 4 and 5 show second-
order difference plots for ECGs and EEGs respectively.

4.1.6. Power Spectrum Analysis. A common technique
used in the analysis of time series is spectral analysis.
Spectral analysis involves the use of the Fourier transform
F(o) of the time series f(t):

FðoÞ¼ ½1=ð2pÞ�
Z 1

�1

f ðtÞ expð�iotÞdt: ð8Þ

The Fourier transform is useful in discerning properties of
the time series. In general, periodic functions result in
power spectra that contain one principle component at the
drive frequency along with some higher frequency har-
monics. Chaotic systems, on the other hand, generally re-
sult in a broad-band power spectrum with substantial
power at low frequencies (16).

4.2. Numerical Measures of Chaos

Numerical methods for evaluating the chaotic nature of a
system include fractal dimension, Lyapunov exponent,
and central tendency method (CTM). The higher the
fractal dimension, the more chaos is present in the sys-
tem. The fractal dimension can be used to determine the
dimension of strange attractors. The Lyapunov exponent
is used in the same way and is related to the fractal di-
mension. The CTM is used as a numerical summary of the
second-order difference plot. A low value indicates a high
degree of chaos (few points are centered near the origin).
Mathematical details for these methods are given in the
following sections. Although graphical representations are
useful for obtaining insight into chaotic systems, the use of
numerical methods allows information to be used in more
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complex decision algorithms for the purposes of classifi-
cation. Several numerical measures of chaos have been
developed, some of which are described here.

4.2.1. Feigenbaum Number. In a system that exhibits
bifurcations, the ratios of spacing between subsequent bi-
furcations have been found to be constant. This number is
called the Feigenbaum number d such that

lim
k!1
ðAk � Ak�1Þ=ðAkþ 1 � AkÞ¼ d¼4:669 . . . ; ð9Þ

where Ak is the value at the kth bifurcation. This number
applies to maps with a quadratic maximum such as the
logistic map for the logistic equation.

4.2.2. Fractal Dimension. There are several interpreta-
tions of the fractal dimension. The most common is the
capacity dimension dc. The approach is to cover a set of
points C by volume elements needed to cover C, where C is
a subset of the Euclidean space Rn. Let NðeÞ denote the
smallest number of n-dimensional cubes with sides of
length e required to cover C. Then

dc¼ lim
e!1

log½NðeÞ�= log½1=e�: ð10Þ

The fractal dimension can also be used to determine the
dimension of an attractor. Other types of fractal dimen-
sions include information dimension, correlation dimen-
sion, kth nearest-neighbor dimension, and Lyapunov
dimension (17). The fractal dimension gives a measure of
the degree of irregularity, or the efficiency of the object in
the amount of space that it occupies. For example, a one-
dimensional line occupies no space. But the outline of a
Kock curve that has infinite crowding into a finite space
occupies more space than a line but less than a two-di-
mensional form. Mandelbrot developed a method of calcu-
lating the fractal dimension (2).

4.2.3. Lyapunov Exponents. The Lyapunov exponent
provides a method for measuring the effects of stretching,
contracting, and folding in the phase space of an attractor

that gives a picture of properties that lead to stability or
instability (3). The Lyapunov exponent l can be used to
measure the degree of dependence on initial conditions. It
is easily computed for one-dimensional maps such as the
logistic map shown above. Consider two different initial
conditions, x and xþ e. If l is negative the trajectories
converge and there is no chaos. If l is positive, then the
trajectories are sensitive to initial conditions and chaos
exists. For a one-dimensional map, where xnþ 1¼ f ðxnÞ,

fnðxþ eÞ � fnðxÞ � eeln; ð11Þ

where fn(x) is the function at the nth iteration. Then

ln ½ðfnðxþ eÞ � fnðxÞÞ=e� � nl: ð12Þ

As e approaches 0,

l � ð1=nÞ ln jdfnjdxÞ: ð13Þ

Using the chain rule,

l¼ lim
n!1
ð1=nÞ

X

n�1

i¼ 0

jf 0ðxiÞj: ð14Þ

For n-dimensional maps, there are n Lyapunov exponents.

4.2.4. CTM. The CTM quantifies the degree of variabil-
ity in the second-order difference plots discussed above
(18). The CTM is computed by selecting a circular region
around the origin of radius r, counting the number of
points falling within the radius, and dividing by the total
number of points. Let t¼ total number of points and r¼
radius of central area. Then

CTM¼
X

t�2

i¼ 1

dðdiÞ

" #,

ðt� 2Þ; ð15Þ

Tn+2−Tn+1 versus Tn+1−Tn where Tn is the nth point in the time series. 
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where

dðdiÞ¼ 1 if ½ðaiþ 2 � aiþ 1Þ
2
þ ðaiþ 1 � aiÞ

2
�:5or

0 otherwise:
ð16Þ

The radius r is chosen depending on the character of the
data.

4.3. Detection of Chaos

Many of the approaches discussed above give measures for
evaluating the presence of chaos of theoretical models. It
becomes more difficult to verify the presence of data in
experimental models. In the evaluation of time series data
collected experimentally, possible approaches for determi-
nation of the presence of chaos are the Lyapunov expo-
nent, the fractal dimension, and the CTM. The Lyapunov
exponent and the fractal dimension are used in general to
determine the presence or absence of chaos in the system.
The CTM is used differently in that it indicates the degree
of chaos in the system and can be used to consider prob-
lems in which the system is not chaotic.

5. NONLINEAR SYSTEMS AND COMPLEXITY

Recently, in biomedical applications, the terms ‘‘nonlinear
dynamics’’ and ‘‘complexity’’ are used increasingly to indi-
cate analysis performed based on chaotic principles. Non-
linear dynamics describes the analysis of any time-
dependent nonlinear system. Complexity has a variety of
meanings depending on the area of research of the inves-
tigator. In signal analysis applications, complexity is often
used interchangeably with nonlinear dynamics and chaos;
however, complex systems may contain other components
in addition to the signal analysis results. The term ‘‘chaos’’
has become controversial partially because of the various
interpretations of chaos that differ between discrete and
continuous interpretations and because of the conflicting
evidence as to whether chaos exists in the diseased state,
the healthy state, or at all. It is clear that nonlinear anal-
ysis is crucial to biomedical applications, which are cer-
tainly nonlinear by their nature and certainly complex by
any definition. The measures described here can be useful
in biomedical data analysis if applied carefully. Examples
are given in the next section.

6. BIOMEDICAL APPLICATIONS

A major area of work that uses chaos theory is the mod-
eling of nonlinear dynamical systems. Chaos theory is at-
tractive for these models because traditional
mathematical models cannot be solved analytically. By
far the largest effort has been in cardiology where several
chaotic techniques have been employed to model the func-
tioning of the heart and circulatory system. Models are
used both to explain the system at a functional level and to
classify patients according to presence or absence of dis-
ease. The goal is to determine the degree of chaos, or vari-
ability, which is present. The classification process is

based on the identification of chaos, or the degree of chaos,
associated with specific diseases.

6.1. Biomedical Signal Analysis

The most important input for chaos applications in bio-
medicine is the physical measures of system behavior such
as electrocardiograms (ECGs), which are time series data
that show the functioning of the heart through the inter-
pretation of electrical signals. Time series data can be
considered in two categories: those with built-in patterns,
for example, ECGs, and those without built-in patterns,
for example, electroencephalograms (EEGs). Chaos is use-
ful in other biomedical time series such as hemodynamic
studies (19), electromylograms, and intensive care unit
monitoring.

6.1.1. ECGs. Automatic analysis of ECGs is largely de-
pendent on variations from the normal QRS complex that
denotes the pattern of each heartbeat. However, other as-
pects of the ECG, such as heart rate and R–R interval
fluctuations, are also components, but to use them as a
contributing parameter in diagnosis, some type of prepro-
cessing or summarizing must be done. Chaotic analysis
has been shown to be useful in the analysis of ECGs in
many studies (20–22). These approaches are based on
analysis of the R–R interval, or time between heartbeats.
In Ref. 7, the CTM measure is used to determine a degree
of variability in the series based on 24-hour Holter record-
ings that contain in excess of 100,000 points, a more gen-
eral measure in that chaos as specified by the
mathematical definition does not need to be present. The
mean CTM for normal controls versus congestive heart
failure patients differ markedly, indicating that this mea-
sure alone can be used as an indicator of disease. Sample
second-order difference plots on which this measure is
based are shown in Fig. 4. The CTM measure becomes
more powerful if combined in higher order decision mod-
els. This aspect is discussed later. Later studies using
analysis of the degree of variability confirmed this behav-
ior (23). A recent survey summarizes applications in car-
diology and other areas of medicine (24).

6.1.2. EEGs. Time series without repeating patterns
such as the R–R interval pose a more difficult problem.
In the EEG, spikes are important for determination of
brain activity. Both the frequency of occurrence and the
magnitude of spikes may represent important clues. Ad-
ditional complications with EEGs are the many channels
recorded (up to 22), resulting in very large datasets. Al-
though controversy still exists, many studies have shown
the usefulness of chaotic measures in EEG analysis, in-
cluding phase space analysis (25), CTM measures (26),
Lyaponuv exponents (27), and other chaotic approaches
(28,29). A summary is provided in Ref. 30.

6.2. Chaotic Analysis in Decision Support Systems

From the point of view of decision-making systems, the
contribution of chaos theory is a measure of either the
presence or the absence of chaos in a system or of the de-
gree of chaos present. The use of measures of chaos in de-
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cision-making systems presupposes that these measures
are different in the diseased state than in the normal
state, or that they differ from one disease to another. Ex-
perimental evidence can lend support to these conjectures.
In the case of the ECG, there is mounting evidence that
this is in fact the case, and that these measures can be
effective in diagnostic problems. Numerical measures of
chaos can be used directly as input to neural network
models as one or more parameters in the decision-making
process. For the graphical measures, some method of com-
parison must be established.

In many applications, especially in medicine, often the
presence or absence of chaos in a time series such as the
ECG is used to indicate presence or absence of disease.
Viewing the logistic equation for continuous rather than
discrete values shows that the transition to chaos is not
significant in the context of the time series. Thus, it is the
degree of chaos or variability that is a better indicator for
determination of presence of disease. Thus, one numerical
or graphical measure can be used directly for classifica-
tion. In most cases, however, the problem is not that
straightforward and other parameters must be consid-
ered. If a numerical measure of chaos is used, it can then
be combined with other parameters, such as results of
laboratory tests, information from patient history, and
physical examination, in a decision-making model such
as neural network modeling, decision analysis, or Bayes-
ian decision making to determine the classification that
indicates whether a particular disease is present.

6.3. Other Medical Applications

Recently, the application of chaos and complexity has be-
gun to impact areas of medicine outside of traditional bio-
medical engineering areas. The theory has been used to
combine social and biomedical factors, emphasizing the
multiplicative interactions among variables (31). Along
similar lines, dynamical systems theory has been used to
model clinical processes, including measuring the value of
the electronic medical record (32). In another application
to surgical oncology, a combination of nonlinear analysis,
neural networks, chaos, and complexity theory deal with
protein and cell construction, cell-to-cell interactions, mo-
rphogenesis of entire organs, and population interaction
with disease (33). Nonlinear system theory has also been
applied to a homeopathic view that emphasizes the person
rather than the disease (34).
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Clinical decision support systems (CDSSs) are entities
that intend to support clinical personnel in medical deci-
sion-making tasks. A number of definitions for CDSSs can
be found in the literature. A highly descriptive and broad
enough definition is the one proposed by Wyatt and Spie-
gelhalter (1): ‘‘active knowledge systems which use two or
more items of patient data to generate case-specific ad-
vice.’’ In medical science, both in theory and clinical ap-
plication, the necessity of taking decisions and making
judgments is vital, and the existence of a reliable tool that
could be used as an assistant is of great importance. The
level of contribution of a CDSS varies, as it could provide
from simple routines that convert a decision system to
electronic textbook, up to more intelligent methodologies
that are based on self-obtained knowledge via autotrain-
ing (unsupervised) procedures, which provide documented
solutions in complex situations.

In order to understand the role that CDSSs play in
medical decision making and their use (from diagnosis to
treatment) in clinical practice, a more detailed description
of a CDSS must be provided. A CDSS is a computer-based
system that assists doctors in the clinical decision-making
process. The degree of CDSS contribution to the decision-
making procedure depends mainly on the complexity of
the clinical application. Usually, CDSS’s users (medical
doctors, clinicians, etc.) do not have the same level of ex-
pertise, and a different level of support is required.

The diagnostic procedure is a complex procedure com-
posed of several discrete steps (Fig. 1). First, the clinician,
mainly from the patient history and an interview, tries to
understand the patient’s health condition before the ap-
pearance of the disorder or disease. He evaluates symp-
toms, indications, and signs. Disease signs and patient’s
data are combined with other similar diseases symptoms
to eliminate a large number of erroneous diagnoses.

Based on the diagnostic capabilities of the case-related
clinical tests and examinations, a medical doctor may
reach a possible disease scenario. At this point, the clini-
cian makes his diagnosis and decides the treatment plan
to propose. The last stage in the diagnosis procedure is the
evaluation of the diseases’ conformation and the therapy
used on the specific patient over the time period. A CDSS
must simulate the medical process described above.

Today, we understand that a CDSS must cover the
whole diagnostic methodology in order to finally deliver a
complete decision-making system. Early CDSSs assumed
that the diagnosis is a global procedure, that starts with
processing of the patient’s signs and delivering a decision
about the patient and the appropriate treatment. The cur-
rent trend in CDSSs is based on the idea of segregation of

the global diagnosis problem into discrete steps, so inde-
pendent CDSSs are responsible for every specific task. In
this way, clinicians are involved in the whole diagnostic
procedure, can interact with the system, and are not in-
active observers waiting for the output of a ‘‘black box’’
device.

Diagnosis and treatment are the most significant pro-
cedures in clinical practice, which are based on clinical
protocols, examination routines, and vital signs analysis.
Both procedures are extremely complex because of the
empirical nature of medical science and the limited knowl-
edge about the underlying mechanisms on how the human
body works and reacts to different external conditions. In
addition, the absence of in-depth understanding of how
patient data are processed to extract a reliable clinical in-
terpretation is a disadvantage that makes the process
more difficult. Artificial intelligence and knowledge man-
agement methodologies can significantly improve the ‘‘hu-
man-oriented’’ typical interpretation procedures in
clinical practice. However, decision support systems for
medical and clinical use could be designed using two ap-
proaches: (1) The system is designed in order to simulate
the clinicians’ pathway of interpretation involving the
identification of those patient characteristics that the doc-
tors use, and (2) the decision supporting system intro-
duces new diagnostic parameters, generated by the
analysis of the collected signs and patient information.
However, the use of clinical meta-data, generated by the
second approach, must be undertaken with caution be-
cause the possibility of false interpretations, as a result of
the absence of intermediate inspections, increases.

1. TYPES OF DECISIONS

A CDSS provides answers with a degree of uncertainty.
The support offered by a CDSS refers mainly to the spe-
cific options or alternatives that could be followed during a
diagnostic procedure. During the decision-making pro-
cess, in clinical practice, several doubtful issues could be
generated and should be answered. The main types of is-
sues include:

1.1. Usual-Typical Diagnosis Process

Through the verification of patient’s symptoms, the clini-
cian tries to recognize the abnormalities and the disor-
ders. Several disease scenarios are considered based on
the physical examinations, the history, and the main ini-
tial clinical tests of the patient.

1.2. Questioning Methodologies

The selection of critical examinations and the collection of
patient data is, in most cases, the key for an efficient di-
agnostic process. The questionnaires focus on the areas of
interest after receiving the patient’s history to understand
the patient’s real situation. The selection of the appropri-
ate tests to classify the patient in relation to his condition,
as well as the evaluation of the results relative to associ-
ated risks, are of major importance for the differential di-
agnosis process. In such a diagnostic procedure, the exact
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type and diagnostic value of each test/examination is
judged, resulting in the identification of the necessary
and efficient information that should truly characterize
the patient’s disease.

1.3. Management of the Patient

During the diagnosis process, the management of the pa-
tient, which is of major importance, causes several spec-
ulations. The level of experience that the clinician has, the
selection of the optimum treatment plan based on the col-
lected tests, and additional doubts that develop during the
diagnostic procedure must be taken into consideration.
The development of protocols that could describe, with de-
tail, actions and treatment could improve the supplied
health-care services.

2. TECHNOLOGY OF CDSSS REASONING MECHANISMS

The process of diagnosis is a long path composed of nu-
merous queries and hypotheses that the clinician must
answer in order to clarify the reasons for a patient’s ab-
normal condition. Based on the patient’s initial symptoms,
clinical tests are performed to collect the necessary patient
data. The clinician, considering the specific information,
should support or reject the hypothesis of the particular
disease. In the case of CDSSs, an analogous mechanism
should be implemented. The CDSSs that have been pre-
sented in the literature so far use several techniques for
the modeling of the decision-making procedure. These
techniques belong mainly to the following categories: (1)
rule-based approaches that use strict rules or values with
a specific degree of uncertainty, (2) probabilistic method-
ologies, and (3) machine learning structures employing
diagnosed examples for their training.

(1) Rule-based systems consist of several rules and cri-
teria resulting, in most cases, in the development of
a classification tree scheme. Depending on the type
of system, the rules could express a true situation
(deterministic) or have a degree of truth based on
principles from fuzzy set theory. However, the use
of rules appears weak in the description of complex

clinical situations, as a precondition is usually a
conjunction of many parameters. On the other
hand, most medical evidence is not deterministic
(true/false) but mainly probabilistic (likely/un-
likely).

(2) Probabilistic schemes are employed, as alternative
approaches, in the process of reasoning. In such
structures, a probabilistic model is defined by de-
scribing the local probabilistic relations among the
variables. The architecture of a probabilistic model
can be designed with knowledge of causal depen-
dences, influences, and correlations. The most at-
tractive feature of such systems is that it is possible
to combine information from various sources (e.g.,
starting by defining a probability distribution of a
variable and then refining it using additional data).

(3) Machine learning techniques. Current research for
the improvement of the reasoning mechanism of
CDSSs is directed toward the development of intel-
ligent methodologies having the ability to identify
and produce correlations of clinical data by unsu-
pervised procedures. Based on disease-specific rep-
resentative examples, machine learning techniques
extract the dependences among the variables pa-
rameters that are present in medical knowledge but
are quite difficult to extract because of the complex
nature of medical science. Although such tech-
niques have not been integrated in generalized
CDSSs, they are promising methodologies aimed
at the improvement of the decision making effec-
tiveness. Neural networks are a typical delegate of
such machine learning techniques. Most of the col-
lected variables are used as inputs to a network
that consists of one or more hidden layers composed
of several nodes. The output of the neural network
is computed based on a nonlinear combination of
the input data. The optimization of weights among
the nodes provides the ability for an accurate clas-
sification of the employed data. A disadvantage of
neural networks is their weakness in processing
huge amounts of clinical data derived from complex
medical situations. Additionally, their ability to
identify a specific disease or clinical condition can
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Figure 1. The diagnosis process.
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be difficult if data are limited. Neural networks,
from the clinician’s point of view, operate as ‘‘black
boxes,’’ a fact that introduces difficulties in the ac-
ceptance of the decisions made. Thus, their outcome
could not be easily employed in evidence-based
schemes and in reliable reasoning procedures.

3. HISTORICAL OVERVIEW

The first generation of CDSSs appeared in the late 1950s.
Those systems were based on methods that used decision
trees or truth tables. Most of those systems remained pro-
totypes. The next generation was based on statistical
methods. The new generation of systems is based on ex-
pert methods, and increased intelligence has been in-
cluded. The evaluation of CDSSs changed the way those
systems interact with the user in the following ways:

* Some of those systems require direct interaction be-
tween the system and the user. The clinician opens a
session with the system and inputs patient data by
entering the symptoms or answering questions.

* Some other CDSSs communicate directly with de-
vices to acquire patient data. This category includes
devices such as vital signal recorders or laboratory
computers.

* Other CDSSs are integrated into Computer Patient
Records (CPRs) and use data directly from these
sources.

With an historical review, someone must address issues
related to the system clinical domain, type of decisions
they support, method to obtain patient data, etc. Since
1950, several systems have been developed. Only a few
have been used in clinical practice. Below, an overview of
some of the most important systems that have received
wide recognition in the CDSSs research area are provided.

3.1. Leeds Abdominal Pain System (2)

An integrated computer-based decision support system
was proposed by de Dombal from the University of Leeds
at the late 1960s. His methodology aims at identifying the
origin and the diagnosis of several cases of acute abdom-
inal pain. In order to categorize the origin of the patient
pain, conditional probabilities and the Bayes’ theorem
were applied. As input data, disease-specific signs, symp-
toms, and examination tests were used. Based on several
cases already diagnosed, from which the system’s knowl-
edge database is composed, the examined patient was
classified as having one of seven possible causes of ab-
dominal pain. The system provided the most probable
cause of pain among the following: diverticulitis, perfo-
rated ulcer, appendicitis, pancreatitis, small-bowel ob-
struction, cholecystitis, and nonspecific abdominal pain.

The performance of the system was encouraging, be-
cause during the analysis of 304 cases, a correct diagnosis
of 91.8% of the examined cases was achieved. The corre-
sponding precedence for doctor’s-made diagnoses was 65–
80% of the examined cases, substantially lower than the
system’s results. The Leeds’ system has been used in sev-

eral hospital departments providing diagnosis estima-
tions, especially in emergency circumstances. However,
the above-mentioned performance in categorization of ab-
dominal pain was the highest that has ever appeared. This
fact was explained as a result of the variation of doctors
during the interpretation procedure and their different
methodology in the entry of the initial signs and signals
values into the system.

3.2. MYCIN (3)

During the early 1970s, Shortliffe proposed a clinical de-
cision system for the diagnosis and treatment recommen-
dations for patients suspected to have been infected by
diseases. The decision scheme, called MYCIN, consisted of
a knowledge database that was composed of numerous in-
fectious diseases and their possible conditions/circum-
stances that had caused them. Medical experts
contributed to the development of the knowledge base
and the formation of the relations among the different test
values and other clinical signs for each patient-specific
clinical situation. The main objective of the MYCIN clin-
ical system was to identify the patients that had been in-
fected by becteremia and meningitis. The innovative
characteristic of MYCIN was the development of a rule-
based methodology that, through a backward chaining
reasoning strategy, with additional heuristic support, was
responsible for the extraction of meaningful information
for the specific patient. The MYCIN decision system, con-
taining hundreds of IF–THEN rules, resulted in the identi-
fication of the infectious disease by eliminating the false
hypothetical explanations for the disease type. Although
MYCIN was never placed into clinical routine, it is a
golden standard in the area of decision support systems,
which are based on rule-based methodology. MYCIN has
the ability to select the appropriate rules and, conse-
quently, to chain them in a flowchart to obtain a conclu-
sive judgment for the specific patient case. In the following
years, several decision support systems with applications
in medical and other research areas were based on MY-
CIN’s approach.

3.3. Internist/QMR (4,5)

Another CDSS that was developed and evaluated in clin-
ical practice was the Internist-I. It was developed at the
University of Pittsburgh in the 1970s and in the early
1980s appeared as Quick Medical Reference (QMR). The
aim of the system was the diagnosis of diseases in the area
of general internal medicine, as well as its use as a teach-
ing tool in differential diagnosis methodology based on the
specific characteristics of diseases and symptoms. In In-
ternist-II (an upgraded form of Internist-I), the knowledge
of over 500 internal diseases (75% of all internal diseases)
has been incorporated into the system. More specifically,
QMR’s knowledge base includes medical histories, symp-
toms, clinical data, physical signs, and laboratory tests.
Disease descriptions are based on medical literature and
clinical observations produced by expert doctors. The re-
lationship between the disease and the clinical data is
achieved by the employment of frequency weight, evoking
strength, and import number parameters that are deter-
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mined by medical experts. Frequency weight expresses
the frequency of appearance of the specific finding with
the specific disease. Evoking strength reflects the likeli-
hood of a patient with the specific finding to be infected
with the examined disease and the probability of occur-
rence of the disease when the finding in question is pres-
ent. The import number is an index that denotes strong
implications that should be analyzed, because they are
caused by abnormal behaviors. The QMR provides three
different function modes. It could be used as a patient-spe-
cific diagnostic device suggesting the probability of occur-
rence of a specific disease based on the amount of
symptoms and collected clinical data. Thus, it could pro-
vide similarities and differences of diseases supporting
differential diagnosis. It could be employed as an electronic
textbook, providing a list of the patient characteristics that
are related with a disease. Finally, it could be used as a
medical spreadsheet, which means that, for a given find-
ing, QMR could suggest how it should be worked up.

3.4. DXplain (6) and Iliad (7)

DXplain and the Iliad systems belong to the same class of
clinical decision systems. DXplain (6) was developed by
Barnett’s group at Massachusetts General Hospital (1986)
and provides a ranked list of diagnoses, which might ex-
plain the clinical manifestations based on sets of clinical
findings such as physical signs, symptoms, and laboratory
data. DXplain suggests possible follow-ups for the pro-
posed diseases in order to justify their origin. DXplain
knowledge database includes over 4500 clinical manifes-
tations associated with over 2000 diseases. Its decision
system uses a modified form of Bayesian logic. DXplain
has similar supplementary characteristics to the QMR
system, which are its use as an electronic medical text-
book and as a medical reference system.

Iliad (7) is a similar system that was developed at the
University of Utah in 1987. It was designed initially for
diagnosis in internal medicine, but its knowledge base was
upgraded to include diseases from other domains. Iliad’s
decision-making scheme employs Bayesian reasoning for
the calculation of posterior probabilities of the diseases,
given the signs and symptoms. Its current use is as a
teaching tool for the training of medical students, al-
though its application in clinical diagnosis is under inves-
tigation.

The above-mentioned systems are standalone applica-
tions aimed at detection and reasoning in a specific med-
ical area. Following the improvement of network
technologies, CDSS applications, today, are able to inte-
grate distributed sources of knowledge and data, as well
as other remote services. The conversion of the existing
systems into Internet-based platforms and the proper up-
grade of the databases could offer online clinical documen-
tation and real-time decision support to distant clinicians
(e.g., DXplain).

3.5. HELP: A Hospital Information System (8)

The HELP (Health Evaluation through Logical Processes)
system is a clinical decision-making system encompassing
the majority of procedures taking place in a hospital. It is

a knowledge-based hospital information system (HIS)
composed of several modules for the detection of adverse
drug events (ADE), collection of clinical information data,
intensive care unit (ICU) monitoring, and decision support
functions. Initially, the decision-making procedure pro-
vides alerts and reminders to inspect the patient data,
which are collected and stored from the hospital depart-
ments. It supplies efficient methods for the comparison of
examination values, concluding with different notices
about the overstepping measurements and the dangerous
situations that have appeared. With more advanced tech-
niques, the HELP system provides patient diagnosis,
mainly in the case of hospital infections. It offers recom-
mendations about patient management based on the par-
ticular health condition of the patient. The HELP system
can be used for the improvement of the applied clinical
protocols because, by the processing of the initial and the
continuously monitored patient data, meaningful infor-
mation is extracted concerning the efficiency of the se-
lected treatment.

HELP processes an enormous amount of information
for each patient. Its decision modules evaluate the data
against a series of protocols stored in a protocol knowledge
database. The knowledge base contains procedures and
practices derived from consensus opinions of experts, med-
ical literature, and clinical results of specific patient cases.
The materialization of the protocols includes the develop-
ment of algorithms for the computation of indicators from
the measured variables, as well as the definition of criteria
for the identification of potential drug allergies, drug-drug
interactions, organ dysfunction, and main changes in sig-
nificant patient parameters.

The most important contribution of the HELP system is
in the case of complex medical situations, such as venti-
lator support during the respiration procedure. In such
cases, several different clinical data are measured, pro-
ducing a huge amount of information that should be val-
idated each time. The organization and grouping of data,
in order to identify if an urgent situation has occurred, is a
complex process. Protocols providing recommendations
have been developed, which suggest the most appropriate
solutions to avoid dangerous situations. Several reports
and clinical documentations inform doctors about the pa-
tient health status and the decision-making systems’ rec-
ommendations.

4. CLINICAL DECISION TASKS

Apart from the system design and the quality of the given
clinical data, the effectiveness of a decision support
scheme depends on the clinical practice, the complexity
of the specific disease or situation, and the implementa-
tion difficulty of the differential diagnosis modules. How-
ever, current CDSSs cover a large area of health domains.
Applications appear to aim at different tasks, from simple
alerting of potential drug interaction to complex auto-
mated medical diagnosis. On the other hand, systems are
used for patient management during and after the diag-
nosis and treatment.
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The purpose of CDSSs in health care is summarized by
the following (9): strategy and planning for total quality
assurance, environmental surveillance, screening and
prevention, population surveillance, disease prevention,
patient diagnosis, patient treatment, patient follow up,
patient monitoring, patient rehabilitation, population and
patient education, health professionals’ education and
training, and health service management. The above-
mentioned clinical processes could be grouped into six
main classes, as follows:

4.1. Alerting and Informing

Usually, it is a simple system that screens the patients’
condition in real-time in order to inspect any unexpected
change in the measured parameters. It is mostly used to
treat patients with chronic diseases or in intensive care
units.

4.2. Diagnostic Support

As the interpretation of a patient status or a disease in-
fection is of major importance, if the situation is complex
or the data are poor in quality, a decision support system
could assist doctors in their diagnosis. Especially when the
examiner is inexperienced, the provision of evident-based
explanations could contribute to the improvement of cli-
nician’s efficiency.

4.3. Development of Therapy Protocols

The system could be used in order to regulate the existing
treatment procedure by adjusting parameters to the spe-
cific patient needs. In addition, it could suggest corrections
on possible errors and oversights. On the other hand,
based on previously obtained knowledge, the successful
suggestions for the planning policy could lead to the im-
provement of the treatment protocols.

4.4. Information Retrieval and Training Tool

A decision-making system could be used as an electronic
medical textbook and a medical reference material. In
such a way, it could provide a complete description of a
disease, highlighting its signs and symptoms, as well as its
etiology, pathology, and prognosis. In reverse mode, a list
of diseases could be identified based on clinical manifes-
tations.

4.5. Signal and Image Recognition—Diagnosis

Biomedical signal and image recording constitute a major
source of patient information. Decision-making systems
for signal and image analysis could provide semiautomat-
ed or fully automated detection and characterization of
abnormalities. Data that are extracted from clinical ex-
aminations, such as ECG, EMG, plane x-rays, mammo-
graphy, CT, and MRI, can be processed and analyzed by
CDSS, resulting in the detection and characterization of
abnormal cases. Such outcomes could help clinicians in
the final diagnosis of the patient’s disease.

4.6. Patient Management

Decision systems applied in a clinical environment based
on statistical data could improve patient management,
providing several patient-specific suggestions for the op-
timization of treatment procedures and the improvement
of the health service organization.

5. CDSS ARCHITECTURE

The functionality of a CDSS includes information and
data collection, knowledge retrieval related to the specific
case characteristics, and decision elicitation based on the
clinical knowledge. Figure 2 represents the main data flow
between a CDSS and its environment.

In order to accommodate such functionality, a CDSS
must include certain hardware and software modules. As
a consequence, a typical CDSS is composed of components
for knowledge management, model1 management, and
communication. Four main subsystems can, therefore, be
identified (see Fig. 3):

The communication subsystem undertakes the commu-
nication between the CDSS and the user. The design of
this submodule, which includes the user interface, even
though it does not ensure the success of the CDSS, is of
critical importance for the acceptance and use of the sys-
tem.

The data management subsystem builds connections to
data. Connections to the CPR, HIS, or other databases, as
well as to measuring devices, are managed through this
subsystem.

The model management subsystem stores and manages
models for the analysis of problem cases. With the model
management subsystem, the user can define new models,
update existing models, or adjust models for facing specific
case features.

The knowledge management subsystem makes it possi-
ble to use existing knowledge in the decision process.
Moreover, it allows storing and management of new
knowledge and, therefore, knowledge delivery to other in-
formation systems.

6. DESIGN AND CONSTRUCTION

A series of features should be taken into account in the
design of a CDSS [adapted from (11)]:

* Acceptability: The system must be accepted by pa-
tient and clinician.

* Currency: The knowledge base of the system must
reflect up-to-date medical knowledge.

* Validity: The clinical inference must be based on ev-
idence.

* Relevance or completeness: The system must ade-
quately cover the field and context in which it is to be
used.

1A model is a conceptualization of the problem and its abstraction
to quantitative or qualitative forms (10).
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* Transparency: The inference must be clear to the
user (so as to ensure that he accepts the results).

* Accessibility-Usability: The system must be easy to
use.

* Nonintrusiveness: The system must not intrude into
the clinician–patient interaction.

Although different approaches can be followed for the de-
sign of a CDSS, a general design framework consists of six
steps. User participation is considered of special impor-

tance, because they will identify needs to be covered and
will provide valuable feedback during the implementation
process. According to users’ feedback on prototypes and
intermediate evaluation, some of these steps may be re-
peated (see Fig. 4). CDSS development comprises the fol-
lowing steps [see also (10)]:

Clinical -
Raw Data

Patient Data
- CPR

Clinical
Knowledge

Patient Specific Information

d

Outcome -
 Suggestions

Alerts & Informing
Patient Management
Information Retrieval
Therapy planing 
Signal-Image Recognition
Diagnostic Support

Literature & Experts
Medical Knowledge

C D S S

User

Figure 2. Data flow in a CDSS.

CPR

Patient

Data management
sub-system

Communication
sub-system

Knowledge
 management
sub-system

Model
management
sub-system

Knowledge Models

UserHIS

CDSS

Measurements, signals

Figure 3. CDSS architecture.
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* Planning: needs assessment; problem diagnosis; and
definition of system’s objectives and goals, including
determination of decisions to be supported

* Research: identifying the approach to address users’
needs and available resources, definition of the CDSS
environment

* System analysis: selection of approach, definition of
resources needed, conceptual design, and feasibility
study

* Design: design of system components
* Development: technical implementation, integration,

and testing
* Testing and evaluation: clinical trials, performance

measurement, and impacts assessment

From the functional point of view, the design and con-
struction of a CDSS deals with five tasks:

* Data acquisition and validation

Acquisition of patient data is of significant importance
for the success of a CDSS because it will be the main input
in the decision model. Techniques to ensure accurate, com-
plete, and efficient data acquisition must be foreseen and
used. The CPR remains the main source of a patient’s
data. Limited use and functionality or accuracy of a CPR
can cause failure in the CDSS. Interoperability with
CPRs, today, is considered a prerequisite for data acquisi-
tion in a modern CDSS. Certain standards exist [e.g., HL7
(12)] and should, therefore, be followed. Manual data en-

try still remains a hard task, although research projects
try to integrate automatic speech recognition (ASR) and
natural language processing (NLP) techniques. Structur-
ing and encoding of medical data is also a crucial task. A
CDSS, which takes advantage of several databases and
repositories (available even worldwide), requires the clin-
ical situations to be described in a standard manner. The
use of controlled medical terminologies [such as the Inter-
national Classification of Diseases (ICD) (13), developed
by World Health Organization, and SNOMED (14), devel-
oped by College of American Pathologists] can provide
more precise and user-independent (doctor-independent)
diagnostic evaluations. The diversity of terminologies and
the lack of advanced middleware systems that enhance
the use of these terminologies for clinical support refrain
the standardization of the content of CPRs. Standards for
knowledge representation [e.g., Guideline Interchange
Format (GLIF) (15), developed by the InterMed Collabo-
ratory] will support knowledge sharing. Medical informa-
tics researchers are expected to provide significant
support in both directions. In this context, UMLS (Uni-
fied Medical Language System) (16), developed by the
American National Library of Medicine, can be seen as
an ‘‘umbrella project’’ unifying medical terminologies.

Still, not all medical narrative nuances can be reported
by a terminology system. Moreover, often other nonmed-
ical factors (e.g., facts in patient history or emotional prob-
lems) should be taken into account in the decision process,
which are hard to model in a CPR.

* Representation—Modeling of medical knowledge

The goal of knowledge representation is to provide in-
telligent systems with information about a specific domain
in a form that can be processed efficiently. The represen-
tation scheme along with the domain facts constitute a
knowledge base (KB).

Production rules (condition(s)-action(s) structures), se-
mantic networks (graphical knowledge networks), and
frames (structures describing ‘‘pieces of knowledge’’ as ob-
jects) have been used for knowledge representation.

Time and space dimensions, used in clinical decisions,
also need to be accommodated by the representation
scheme. Moreover, significant effort is needed to describe
knowledge that is considered ‘‘common sense.’’

Uncertainty is rather common in the medical domain
and should, therefore, be faced in the design of a CDSS.
Uncertainty can appear in different ways, such as the ex-
istence of partial, approximate, imprecise, or even con-
flicting information.

* Knowledge elicitation

Knowledge elicitation is the accumulation, transfer,
and transformation of (medical) expertise from knowledge
sources (experts, literature) to a computer program for
constructing or expanding its knowledge base. Potential
sources include medical experts, textbooks, databases, re-
search reports, or even the web.

Planning

Prototype
evaluation

Research

Analysis

Design
Communication

sub-systems

Design
Knowledge

components

Design
Model

components

Design Data
management
sub-system

Prototype
 development

Development of
complete system

Testing
Evaluation

Complete system

Discard
prototype

Not acceptable

Improve
system

Acceptable

Not satisfactory

Satisfactory

Figure 4. CDSS development steps.
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A knowledge engineer can usually assist human ex-
perts in building the knowledge base. A knowledge engi-
neer interprets human responses and brings to light
conceptual difficulties. Dealing with multiple experts in-
troduces an extra difficulty in knowledge elicitation, be-
cause they often disagree. The same may happen when
literature is evaluated. Evidence-based medicine (17) can
contribute to the elicitation of knowledge. Machine learn-
ing techniques, such as rule induction, case-based reason-
ing, neural computing, and genetic algorithms, can reduce
the need for knowledge engineering support and help to
automatically elicit knowledge.

In any case, the knowledge base to be created should be
consistent, complete, and updated. Updating is of special
importance as the medical knowledge continuously
changes and expands. Several CDSSs failed because their
knowledge base was outdated. According to Miller (18),
the long-term value and viability of a CDSS depends on
the quality, accuracy, and timeliness of its knowledge base.

* Medical knowledge reasoning

Once the knowledge is acquired, it must be processed
(reasoned with) to provide clinical support. An inference
engine is responsible for controlling the reasoning process.

Propositional logic is considered to be the most basic
inference mechanism in CDSSs. Rule-based systems, such
as MYCIN, and Bayesian computation, such as in Leeds
abdominal pain system, are reported in many CDSSs.
Causal reasoning uses deep domain knowledge to assist
in the decision-making process. Advanced probabilistic
reasoning, such as belief networks, has been used to over-
come the limitations of simple Bayesian systems (the need
for conditional independence). Case-based reasoning is
based on knowledge from previously solved problems
and provides decision support according to past experi-
ence.

In any case, development of real-world diagnostic sys-
tems involves a constant balancing of theory (model com-
plexity) and practicality (ability to construct and maintain
medical databases and knowledge bases and ability to cre-
ate systems, which respond to users’ needs within an ac-
ceptable time interval) (19).

* Communication with the user

The communication between the system and the user is
achieved through the user interface. User interface is crit-
ical, because this is the part of the system (that should be)
offering usability, flexibility, ease-of-use, and adaptability
to specific user needs. For some users, the interface is the
system itself, because this is the only part of the system
they interact with (20), which is the reason that when
planning a CDSS, a significant amount of resources
should be foreseen for the design and development of the
system interface. The user interface must provide graph-
ical capabilities, several types of data views, and several
interaction modes. Speech and natural language should be
considered as the most convenient interaction methods
(but also the most computationally demanding ones).

7. CDSSS FROM A TECHNICAL POINT OF VIEW

7.1. Decision Models

The main component of a CDSS system is the inference
engine. This module is responsible for the decision-making
procedure and is actually the ‘‘heart’’ of the decision sup-
port system. The inference engine combines the input data
(patient’s symptoms, clinical tests, vital signs, etc.) accord-
ing to some intelligent mechanism for the extraction of
meaningful output data. In most cases, the clinicians or
the users of the CDSS do not know the exact technique
that is employed by the system. In some of them, the in-
cluded knowledge is obtained directly by the clinicians, as
in the case of the rule-based system MYCIN. In reverse,
some of the CDSSs inference engines obtain knowledge by
autotraining procedures based on data mining and pat-
tern recognition techniques.

7.1.1. Rule-Based Systems. The rule-based decision sys-
tem employs several regulations, which have been ex-
tracted mainly by the clinical experts, to categorize the
examined patient or disease’s symptoms. In most cases,
such rules compose a decision tree that operates as a clas-
sifier characterizing the unknown disease based on its
symptoms and the collected clinical data. Such rules are
used by the MYCIN system for the diagnosis and pre-
scription for bacterial infections of the blood (later men-
ingitis). For example, rule 037 is:

IF the organism
1. stains grampus
2. has coccus shape
3. grows in chains

THEN
There is suggestive evidence (7) that the identity
of the organism is streptococcus

The primary limitations of a rule-based approach are
that logical rule sets usually make rigid, binary (yes or no)
decisions as to whether to classify given findings as im-
portant with no sense of a continuous degree of confidence.
As a result of the above limitations, additional rule sys-
tems are developed based on fuzzy methodology. A fuzzy
CDSS uses a collection of fuzzy membership functions and
rules, instead of Boolean logic, to make a judgment about
data. The rules in fuzzy systems have a form of:

IF A is HIGH
AND

B is QUITE LOW
THEN

C has a MEDIUM value
where A and B are known input variables; C is the output
variable; and HIGH, QUITE LOW, and MEDIUM are lin-
guistic labels characterized by membership functions de-
fined on A, B, and C, respectively.

7.1.2. Probabilistic Models: Bayesian Approach. The
probabilistic techniques, called Bayesian methods, provide
formalism for decision making about partial beliefs in the
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presence of uncertainty. We assume that the prior proba-
bility, P(Di), of the occurrence of a disease, Di, is known for
the specific population group. We wish to calculate the
posterior probability, P(Di/S), of the occurrence of the dis-
ease given that a symptom is present. Given the proba-
bility, P(S/Di), that the symptom occurs when the disease
is present, Bayes’ rule expresses the conditional probabil-
ity, P(Di/S). The mathematical form of the Bayes’ rule is

PðDi=SÞ¼
PðS=DiÞPðDiÞ
P

j

PðS=DjÞPðDjÞ
:

It should be noted that the assumption of the Bayes’ rule is
that only one disease is present. Bayesian networks are, in
general, highly complex when they describe multiple clin-
ical conditions, but they could be a reliable knowledge an-
alyzer because of their flexibility.

7.1.3. Artificial Neural Networks. Artificial neural net-
works (ANN) are systems inspired by the structure of a
biological neural system. They are composed of many el-
ements, called nodes, which are connected in between
(Fig. 5). The connection between two nodes is weighted
and, by the adjustment of these weights, the training of
the network is performed. The weights are network pa-
rameters and their values are obtained after the training
procedure has occurred. The networks are usually com-
posed of several layers on nodes, including the input, the
output, and the hidden layers, which could be one, two, or
more. During the training procedure, the inputs are di-
rected in the input layer with the desirable output values
as targets. In this stage, a comparison mechanism oper-
ates between the output and the target value and the
weights are adjusted in order for the achieved error to be
reduced. This procedure is repeated until the network
output matches the targets.

Several architectures and training methodologies had
been proposed in numerous research areas to solve clas-
sification and regression problems. ANN performance is
usually higher than the performance of rule-based
schemes. Disadvantages of neural networks are their

high dependence on the training data (high number of
training cases, selection of representative cases, etc.) and
that they do not provide explanations for the decisions
they make.

7.1.4. Genetic Algorithms. Genetic algorithms (GAs)
are machine learning algorithms based on the mechanics
of natural evolution. First developed by Holland (21), they
have been shown in practice to provide a set of efficient,
domain-independent search heuristics for a broad spec-
trum of applications. The simplicity in development, along
with the ability to work equally well in a series of cases,
has led to many applications of genetic algorithms for
medical tasks, including decision support [an overview
can be found in Pena-Reyes and Sipper (22)].

The basic idea of a genetic algorithm is to maintain a
population of knowledge structures (called chromosomes)
that represent candidate solutions to the current problem.
This population evolves over time through competition
and controlled variation with the application of genetic
operators. In an iterative process, each chromosome is
evaluated according to its performance. Chromosomes are
selected according to their performance (selection opera-
tor) and are combined in order to produce new chromo-
somes, hopefully combining the ‘‘good characteristics’’ of
the parent chromosomes (crossover operator). Some alter-
ations in chromosomes are allowed in order to ensure that
all parts of the search space will be reached (mutation op-
erator).

7.2. Knowledge Representation

Knowledge representation is a critical function within a
CDSS, because it ensures that acquired knowledge re-
mains accessible and understandable. A series of repre-
sentation schemes can be found in the literature, the most
important of which are shortly described hereafter.

7.2.1. Decision Trees. In a tree, representation nodes
represent goals and links represent decisions. Trees can be
easily used for diagramming knowledge, which is their
main advantage. Moreover, decision trees can be automat-
ically converted to rules with the use of specific software.

7.2.2. Semantic Networks. Semantic networks are
graphical depictions of knowledge presenting concepts
(nodes) and their relations (links). Although in the early
applications causal relationships were represented
through a network scheme, [e.g., in the CASNET (23)
and the INTERNIST (4) systems], conceptual representa-
tion has been introduced to describe concepts and their
relationships. Specific conceptual semantic networks (on-
tologies) (see Fig. 6) for the medical domain have been
created, extending medical vocabularies and terminolo-
gies [see, for example, SNOMED (14)].

7.2.3. Frames. Frame-based representations are appli-
cations of object-oriented programming grouping values
that describe a common object into a unit named frame.
Knowledge within frames is partitioned into slots.. Each
slot can contain either declarative knowledge (e.g., a tem-

2nd hidden layer 

Input layer

1st hidden layer 

Output layer 

. . . 

. . . 

. . . 

Figure 5. Artificial neural network architecture.
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perature or a date) or procedural knowledge (e.g., a rule if
temperature is above a threshold) (see Fig. 7).

Frames are organized in hierarchies. The basic infer-
ence mechanism is instantiation, in which the attribute
values of a new instance are obtained by inheritance, com-
putation, or default.

7.3. Reasoning

7.3.1. Case-Based Reasoning. The basic idea of case-
based reasoning is to analyze situations based on experi-
ence. Therefore, previous solutions are exploited to solve
new cases. Similarity is the main feature measured in
such an approach. For this reason, specific similarity met-
rics (indices) are assigned in the event/situation according
to its characteristics and are used for retrieval of the most
relevant past cases (knowledge base). Modification rules
describe how to adapt the past case to fit the current sit-
uation, and repair rules are used to alter a solution if it
fails. Case-based reasoning is useful when the solution
domain is difficult or even impossible to formalize using
rules (due to complexity, existence of contradictory rules,
or an unknown causal model) and previous cases can be
used for the reasoning process.

7.3.2. Rule-Based Reasoning. In rule-based reasoning,
the production rules (IF–THEN rules) are used in the infer-
ence process. Rules can be used in two modes: The first
mode is deductive, data-driven, known as forward chain-
ing, where certain conclusions are drawn from available
information; the second mode is inductive, goal-driven, as
backward chaining, where a hypothesis (expectation) is
derived and evidence that supports or contradicts the hy-
pothesis is sought.

7.3.3. Causal Reasoning. Causal reasoning uses deep
domain knowledge (e.g., physiopathology) to assist in the
decision process. Two main approaches can be identified.
(1) The first is a network approach, where states or events
such as findings, causes, and diseases are network nodes
that are connected by causal relationships. Probabilities
are also included. CASNET (24) is a representative of this
approach. (2) The second approach models the system in
terms of variables and relations (qualitative models) [see,
for example, the CHF Advisor system (25)]. Causal rea-

soning can describe evolution of diseases over time, rea-
soning about interactions among diseases or drugs, and
the ability to understand specific mechanisms (26). How-
ever, such an in-depth causal knowledge is not always
available in medicine, while representation of pathophys-
iologic knowledge requires special emphasis on the notion
of time (27).

7.4. Performance of Decision Models

The reliability and the performance of a decision support
system have been analyzed by many researchers. The cli-
nician must be convinced about the accuracy of the system
before it is introduced in clinical practice. Measures of
certain formalism have been developed for assessing the
quality of the decision systems. The criteria that are used
in most of the validation procedures in the area of decision
support systems are presented in Fig. 8.

It is clear that a simple measure, such as sensitivity
and specificity, is not an objective indicator of the quality
of the decisions available from a particular system. The
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Figure 6. An indicative snapshot of a medical
ontology.

Label Attribute Value 
a.1 Patient Identifier 44312897 
a.2 Event Family Diagnostic procedure
a.3 Event template ID 003 
a.4 Event Instance ID 1001
a.5 Event date & time 10-23-91 14:25 
a.6 Event store date & time 10-23-91 16:43   
b.3 Procedure type Chest x-ray 
c.2 Technique PA 
c.3 Number of views 1 
c.4 Film identification BW report #22 
f Semantic link (instance 1)
f.1 Semantic relationship Compared to 
f.2 Linked event template ID 003 
f.3 Linked event instance ID 222 
f Semantic link (instances 2-16) 
f.1 Semantic relationship Has observation
f.2 Linked event template ID 005 
f.3 Linked event instance  ID 1002, 1003,1004,

1005, 1006,1007,
1008, 1009, 1010,
1011, 1012,1013,
1014

Figure 7. A frame representation in HELP system (23).
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ability of the test to discriminate abnormal cases from
normal cases can be evaluated using Receiver Operating
Characteristic (ROC) curve analysis (28,29). Additionally,
ROC curves can also be employed for the comparison of
the performance of two or more decision applications. To
obtain a ROC curve, the true positive fraction (sensitivity)
is plotted against the false positive fraction (1� specific-
ity) for a range of cut-off values (Fig. 9).

The closer the ROC curve is to the top-left corner of the
graph, the more accurate the test is, because the true pos-
itive rate is closer to 1 and the false positive rate is closer
to 0. The area under the ROC curve (called Az) constitutes
an overall measure of system performance, and as its
value approaches one, the system’s performance is better.

8. EVALUATION OF A CDSS

A rigorous evaluation of a CDSS includes verification (de-
termination whether the system was developed as
planned) and validation (determination whether the sys-
tem performs as planned).

System validation must take place as a carefully
planned process instead of ad hoc single tests. The vali-
dation process must conclude whether the combination of
the user and the system performs better than the unsup-
ported user. A ‘‘gold standard’’ must be defined for the
validation process, which is usually easy to achieve in di-

agnostic systems, where results from diagnostic proce-
dures (biopsy, surgery, or autopsy) are available, but
rather difficult to define in other cases, such as medica-
tion and dosing systems where even doctors often disagree
(30).

Specific case characteristics (e.g., the lack of personnel
with computer experience) should also be taken into ac-
count. Moreover, knowledge validation with the use of test
cases must be conducted in order to verify that the CDSS
operates as planned and that the knowledge quality is

Measure Definition

True Positive (TP)

True Negative (TN)

The percentage of cases which have disease and for which the decision system decides 
 that they have disease.   

The percentage of cases without the disease for which the decision system correctly
identifies the absence of disease.  

False Positive (FP) The percentage of cases without the disease,but for which the decision system incorrectly
decides that they have disease.

False Negative (FN) The percentage of cases which have disease but and for which the decision system
incorrectly decides that they have no disease.

Sensitivity
(true positive
fraction)

The probability of the procedure finding disease among those who have the disease or the
proportion of cases with disease who have a positive test result. 

TP + FN

TP

Number of truly positive cases

Number of truly negative cases

Number of correct positive assessments

Number of correct negative assessments

Sensitivity

Specificity

==

Specificity 
(true negative
fraction)

The probability of the procedure finding NO disease among those who do not have the
disease or the proportion of cases free of a disease who have a negative test. 

TN + FP

TN
==

Figure 8. Quantitative measures of performance.
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adequate. Accuracy, completeness, robustness, and valid-
ity are the main measures of validation.

A literature review reveals that no global, generally
accepted evaluation methodology exists. The majority of
evaluation studies in literature focus on the system’s
(qualitative) performance, diagnostic accuracy, timeliness,
and user satisfaction. RCTs (randomized clinical trials)
are the main evaluation means used. However, the em-
phasis on RCTs has underlying assumptions that do not
address the user’s perception of a system, the importance
the system has for the user, and whether he is willing to
accept it into routine clinical practice (31). The fitness of
the CDSS to the environment is usually neglected in the
evaluation process. However, the application of a CDSS in
clinical practice not only supports decision making but
causes changes in practices, processes, and organizational
patterns. An evaluation methodology should examine,
apart from quality of the decision suggestions, several
other effects such as the process change, the potential
change in the patient–clinician relation, or even the even-
tual degradation of the clinicians’ ability for independent
problem solving. Miller (18) notes that sociologic, cultural,
and financial issues have much to do with the success of a
system, as do technological aspects.

A general evaluation framework should evaluate the
structure and representation of knowledge, measure the
performance of the system, and identify the system’s fit-
ness to its environment. For this reason, a three-axis eval-
uation scheme can be followed, as shown in Fig. 10.

Moreover, it should be noted that because most of the
time the development life cycle includes prototype devel-
opment, evaluation is the one that will provide necessary
and valuable feedback to the design and construction pro-
cess (constructive evaluation).

9. CRITICAL ISSUES ON THE SUCCESS OF A CDSS

Literature review shows that, although numerous CDSSs
have been developed, only few are used in everyday clin-
ical practice. Although there could be a series of explana-
tions for this limited use, some main critical factors can be
identified.

* Users’ participation in the whole system development
life cycle is the most important factor safeguarding
the success of the system. Systems have failed be-
cause their scope was not considered to be of great
assistance to doctors, either relieving them from
heavy workload or providing them support in diffi-
cult-to-handle cases. Heathfield and Wyatt (32) re-

port that several CDSSs failed because they did not
manage to address physicians’ real needs, or were
perceived as threats to physician autonomy. Al-
though most advances in medical informatics are
considered to be mainly technology driven, where a
real-life system is concerned, users must clearly de-
fine their needs. There must be a convergence be-
tween developers’ and users’ goals. Several systems
failed because of such disagreements (33). Moreover,
users should, through intermediate evaluation, pro-
vide valuable feedback before the system is fully con-
structed.

* Changes in organizational and work patterns im-
posed by the introduction of a CDSS must be care-
fully taken into consideration when planning a
system. Southon et al. (34) attribute the failure of
several large systems used in public health to prob-
lems of fit among key components of the organiza-
tional structure, strategy, management, people’s
skills, and technology. Reluctance to use or even boy-
cotting may restrain system’s success. Systems failed
because of the caused information overload, clerical
task load increase, work organization rigidity, and
expert autonomy negation (35).

* The evaluation procedure is considered to be critical
for the implementation of the system because it will
demonstrate its benefits and, mainly, will reveal its
deficiencies. A carefully planned evaluation method-
ology must be developed, an activity that is not al-
ways implemented in practice. Continuous
evaluation through prototypes minimizes failure
risk. Quantitative and qualitative evaluations must
be conducted. Randomized trials should preferably
randomize physicians, groups, or even environments
to achieve realistic results. A system may be good for
one physician, but it may fail for another. Moreover,
in a different environment with different measure-
ment methodologies or techniques, results may differ.

* Finally, the maintenance and update of the knowl-
edge of the system in the evolving medical field is a
prerequisite for systems’ validity and acceptance.

10. LEGAL AND ETHICAL ISSUES

The use of information technology in the medical field in-
troduced new ethical and legal issues covering the rela-
tionship between patient and doctor, liability, and the use
and misuse of computerized systems. These issues are of

• accuracy
• functionality
• usability

Impacts

• utility
• environmental
• effects to users

Evaluation

•  completeness 
 of knowledge base 

Structure Performance

• accuracy

Figure 10. 3-axis evaluation scheme.
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special value when decisions about health issues are con-
cerned, as in the case of CDSSs.

On the ethical side, one can say that the use of a CDSS
could alter the relationship between patient and physi-
cian. In this relationship based on trust and confidence, a
third party (the CDSS) now participates. Some patients
may feel alienated by their doctors. Others may feel more
confident because of the perception that their doctor uses
state-of-the-art technology. Some argue that patients
should be aware of the use of such systems, whereas oth-
ers argue that they should not. The answer depends on the
patient’s sophistication and the patient/doctor relation-
ship (36).

Moreover, some stress the ‘‘deskilling’’ effect CDSS may
cause (37), meaning that some health professionals may
rest on such systems for clinical practice. Some physi-
cians, mainly inexperienced, computer naive, or poorly
trained on the use of the system, may not identify cases
where the CDSSs provides false results. Some propose
that a certain knowledge level should be required for the
users of such systems. However, who, exactly, is going to
regulate that?

On the legal side, practitioners are, and according to
our point of view will continue to be, responsible for what-
ever decisions they make. A CDSS is software that needs
human (clinician) intervention between the advice and the
patient. Even with these assumptions, a series of ques-
tions developes. Are CDSS devices? If yes, premarket ap-
proval must be obtained. Such an approach requires
significant effort, time, and money, because the whole
knowledge base and its accuracy should be tested to
work well under all possible circumstances. Software
quality auditing is also clinically impractical, because
not all possible circumstances can be predicted and mod-
eled so as to be tested (38).

A great discussion takes place if CDSSs should be con-
sidered as services versus products. In the first case, mal-
practice is examined. Was the system use correctly or not?
Negligence laws are then applied. However, critical issues
occur at this point: Is it easy to have all the data known to
the doctor and to keep a log file of all his actions? (Note: An
introduction of such a monitoring procedure may increase
reluctance to use the system). Physicians are obliged to act
according to a standard of care. Are CDSSs considered a
standard? Is the ‘‘lack of use’’ of a CDSS considered a mal-
practice?

In the second case, if a CDSS is a product, developers
are liable for faults. The one who is compensated by rel-
evant laws is the purchaser (the care provider) and not the
patient himself.

Finally, because health data and medical records are
used in CDSSs, protection of personal data and data se-
curity must be covered. Specific Acts (in the United States)
and Directions (in European Union) provide the legal
framework for these issues.

11. FUTURE OF CDSSS

As information technology evolves, knowledge sharing be-
comes easier, and networking provides access to remote

knowledge resources and users, CDSSs are expected to
gradually become a reality in everyday clinical practice.

The critical issue for this is the widespread use of
CPRs. As CPRs are the main source for patients’ data,
their global use or, even more, the use of the lifelong Elec-
tronic Healthcare Record (EHR) will boost the use of
CDSSs. Moreover, the need for manual data entry, which
may be causing reluctance to use such systems, is ex-
pected to be reduced. However, certain issues appear. In-
formation in CPRs should be structured and coded in a
standard way to ensure interoperability between systems.
Specific standards for interoperability and for medical
coding, such as controlled terminologies or even ontologies
(which also provide conceptual data representation),
should be followed by developers of health-care systems.
Intelligent systems to acquire medical data in a natural
form (speech or natural language) and to convert it to
structured medical records according to medical stan-
dards can assist.

According to Haux et al. (39), in years to come, as med-
icine will continue to advance, diagnosis and therapy will
become more differentiated, which will raise the need for
more powerful clinical decision systems to process a
greater volume of knowledge. On the other hand, knowl-
edge sharing will be facilitated. As web technologies
evolve, available knowledge volume increases signifi-
cantly. Tools to derive knowledge from global knowledge
sources already exist [see the MEDLINE/PUBMED (40)
initiative] and will bring patients and physicians closer
together.

Web applications of CDSSs will benefit from network-
ing technologies; decision support can now be remote. At-
tention, however, should be paid in both ethical and legal
issues concerning this change. Ethical issues mainly con-
cern the new form of the relationship between patient and
doctor, whereas legal issues should deal with liability.

As far as the design and construction of a CDSS is con-
cerned, a combination of different reasoning mechanisms
for each decision component is expected to produce inte-
grated systems that will meet more complex decision tasks
(30) compared with standalone applications.

Users participation in all life cycles of a CDSS devel-
opment should be enhanced, although system evaluation
is expected (or has) to become a well-planned process, tak-
ing into account other equally important issues, apart
from the purely technical issues, such as the organiza-
tional change and the impact of CDSSs into the hospital
environment and to the care offer. A global/general eval-
uation methodology will facilitate developers and will al-
low for system comparison.
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CLINICAL TRIALS
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1. INTRODUCTION

Human subject studies are often required to collect evi-
dence on safety and effectiveness of a medical device. To
ensure the rights of human subjects and ensure the in-
tegrity of the study, many federal and international reg-
ulations and standards govern the planning and execution
of clinical trials involving human subjects. It is beyond the
scope of this article to discuss all the details of planning
and conducting human clinical studies. Instead, this arti-
cle will provide an overview of the major steps and con-
siderations for conducting a medical device study. The
study can be divided into roughly three major phases—
preparation, execution, and analysis.

The preparation phase consists primarily of the follow-
ing steps: writing a protocol and informed consent docu-
ment, determining whether the study is of significant risk,
identifying a clinical site, obtaining all necessary approv-
als for the study, ensuring that the device is ready for in-
vestigational use, and preparing all necessary study
procedures, forms, and computerized systems that will
be used to execute the study. It is often surprising how
long it takes to prepare for a clinical study, but it is crit-
ically important to carefully think through the needs and
processes before initiating the study.

The execution phase starts with a study initiation
meeting that often provides training to the clinical staff.
As subjects are enrolled and the study proceeds, monitor-
ing activities are conducted to verify that the protocol is
being followed. During this phase, the forms used to col-
lect data (case report forms) are completed and checked.
They are often sent off to the data management group for
entry into a database. This is often the most intense phase
of the clinical study, especially if the subjects are all get-
ting treated in groups and many forms are being filled out
for analysis.

When the visits, testing, and forms have been com-
pleted and the data from the case report forms have been
entered into a database, the database is typically checked
for consistency and completeness. Complex studies usu-
ally result in missing or improperly filled out forms, or
deviations in procedure. Any such discrepancies or ques-
tions are investigated further with the study monitors and
the site staff. Corrections to the forms are made as appro-
priate and then entered into the database. Statistical
analysis of the data is then conducted, and the results
are reported.

2. ROLES

Many different groups and persons are involved in clinical
studies, and each has a defined role to play. Listed below
are common terms used to describe the different roles.

Sponsor—An individual, company, institution, or orga-
nization that takes responsibility for the initiation, man-
agement, and/or financing of a clinical trial.

Investigator—A person responsible for the conduct of
the clinical trial at a trial site. If a trial is conducted by a
team of persons at a trial site, the investigator is the re-
sponsible leader of the team and may be called the prin-
cipal investigator.

Clinical Research Organization—A person or organiza-
tion (commercial, academic, or other) contracted by the
sponsor to perform one or more of a sponsor’s trial-related
duties and functions.

Institutional Review Board (IRB)—An independent
board that includes medical, scientific, and nonscientific
members. Their responsibility is to ensure protection of
the rights, safety, and well-being of human subjects in-
volved in a trial by reviewing, approving, and providing
continuing oversight of trial activities and operation, pro-
tocols, and amendments.

Monitor—A person that oversees the progress of a clin-
ical trial and works to verify that it is conducted, recorded,
and reported in accordance with the protocol, procedures,
and applicable regulatory requirements.

3. REGULATIONS, STANDARDS, AND GUIDANCE
DOCUMENTS

Studies involving human subjects using investigational
devices are regulated by the Food and Drug Administra-
tion (FDA). The key requirements for clinical studies of
devices that have not yet been cleared by FDA are as fol-
lows:

* Approval of the study by an IRB
* Approval of an Investigational Device Exemption

(IDE) application by the FDA if the study involves a
significant risk device

* Labeling the device for investigational use only
* Monitoring of the study
* Required records and reports

The applicable regulations for medical device studies are
as follows:

21 CFR Part 812—Investigational Device Exemption—
This regulation describes procedures for conduct of a clin-
ical study and includes the responsibilities for sponsors
and investigators.

21 CFR Part 50—Protection of Human Subjects—This
regulation provides the requirements for information con-
tent of informed consent forms and process by which sub-
jects volunteer for a study.

21 CFR Part 56—Institutional Review Boards—This
regulation describes the procedures and responsibilities of
the IRBs that review and approve the investigational pro-
tocols and informed consent forms.

21 CFR Part 54—Financial Disclosure by Clinical In-
vestigators—This regulation requires disclosure of finan-
cial compensation of the clinic and investigators, which is
part of the FDA’s assessment of the reliability of the clin-
ical data.
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21 CFR Part 11—Electronic Recordkeeping and Elec-
tronic Signatures—As almost all clinical studies use com-
puterized systems for the collection and analysis of data,
the study must also comply with this regulation to ensure
that the computerized systems used are under adequate
control.

21 CFR Part 820.30—Design Controls—This regula-
tion requires that the device that will be used is being de-
veloped under appropriate design controls. These controls
include the following key design activities: development
planning, generating design inputs, generating design
outputs, design verification, design validation, design re-
view, and control of design changes.

HIPAA—Heath Insurance Portability and Accountabil-
ity Act—In regard to clinical studies, this regulation con-
tains requirements that help to ensure protection of the
patient’s protected health information.

Many guidance documents are available from the In-
ternational Conference of Harmonization of Technical Re-
quirements for Registration of Pharmaceuticals for
Human Use (ICH). A very helpful guidance document
from this group is the E6 Good Clinical Practice: Consol-
idated Guidance (1), which covers all aspects of planning
and running a clinical trial.

There are also many useful guidance documents from
the FDA. A listing of these documents can be found at
http://www.fda.gov/oc/gcp (2).

Finally, the FDA also has some device-specific guidance
documents for study designs. To find whether there is a
guidance document that pertains to your product or dis-
ease, search the FDA guidance document database located
at http://www.fda.gov/cdrh/guidance.html.

4. SIGNIFICANT RISK VS. NONSIGNIFICANT RISK

One key consideration for any clinical study is whether
the device presents a significant risk of injury or harm to
the subject. If the device is considered a significant risk
device, an IDE application must be filed by the Sponsor
with the FDA and approved by the FDA before starting
the study. Nonsignificant risk studies (NSR) are deemed
to be already approved by the FDA, and the sponsor does
not need to submit an IDE application. A significant risk
device study is defined [21 CFR 812.3(m)] as a study of a
device that presents a potential for serious risk to the
health, safety, or welfare of a subject and (1) is an implant;
(2) is used in supporting or sustaining human life; (3) is of
substantial importance in diagnosing, curing, mitigating,
or treating disease, or otherwise prevents impairment of
human health; or (4) otherwise presents a potential for
serious risk to the health, safety, or welfare of a subject.

To determine whether a study is NSR, it may be helpful
to check the FDA guidance document on the topic. The
IRB must also review the NSR rationale and explicitly
determine, in writing, that the device is NSR. However, it
is important to note that the FDA has the final say on the
NSR status of the device and may override the IRB’s de-
termination. If a formal determination from FDA is de-
sired or required, it may be requested.

5. RESPONSIBILITIES

The IDE regulation identifies the responsibilities of the
sponsors and the investigators who are performing a clin-
ical study using a significant risk device. It is important to
include these requirements in any staff training and pro-
cedures used during the clinical study.

5.1. Sponsor Responsibilities

* Select qualified investigators and provide them with
information needed to conduct the investigation
properly.

* Ensure proper monitoring of the investigation.
* Obtain IRB review and approval.
* Obtain FDA approval on IDE application.
* Inform the IRB and FDA promptly of any significant

new information about the investigation.
* Control distribution of the investigational devices—

they can only go to participating qualified investiga-
tors.

* Obtain a signed investigator agreement.
* Ensure that each participating investigator obtains

informed consent unless informed consent is waived
by the IRB.

* Investigate and report unanticipated adverse effects.
* Maintain accurate and complete records relating to

the investigation.
* Provide required reports to the FDA, the IRB, and/or

the investigators.
* Provide appropriate investigational device labeling.
* Refrain from promoting the investigational device.

For studies involving a nonsignificant risk device, an ab-
breviated set of these responsibilities applies. Details on
these abbreviated requirements can be found in 21 CFR
812.

5.2. Investigator Responsibilities

* Conduct the study in accordance to the protocol and
procedures.

* Obtaining informed consent from subjects.
* Supervision of device use to ensure it is only used for

the approved study.
* Device disposal or return at the end of the study as

per the Sponsor’s directions.
* Provide financial disclosure as per 21 CFR 54.
* Maintain accurate and complete records relating to

the investigation.
* Provide required reports to the FDA and IRB.

6. PREPARATION FOR A CLINICAL STUDY

The study design and protocol development is probably
the most crucial part of a successful study. A common de-
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ficiency in protocols is questionable scientific soundness; it
is important to consult with medical specialists and stat-
isticians in formulating the study design. The typical con-
tents of a protocol recommended in the ICH Good Clinical
Practice Guidance (1) include the following:

* Background information
* Trial objectives and purpose
* Trial design
* Selection and withdrawal of subjects
* Inclusion/exclusion criteria
* Treatment of subjects
* Assessment of efficacy
* Assessment of safety
* Direct access to source data/documents
* Statistical methods used
* Quality control and quality assurance
* Ethics
* Data handling and recordkeeping
* Financing and insurance
* Publication policy
* Supplements

One often starts to identify potential clinical sites as the
protocol is developed. It is usually helpful to work with
investigators to finalize the protocol, as it improves inves-
tigator compliance. Site and investigator selection should
include a pre-study visit to ensure that the clinical site can
actually conduct the study adequately. In addition, the
qualifications of the investigator should be documented. A
list of banned investigators on the FDA website should be
checked. Factors to consider when selecting a clinical site
include whether the facilities are adequate, the likelihood
of achieving the target sample sizes and ethnic diversity,
the personnel resources available for the study, and finan-
cial considerations.

Once a study site has been selected and a study design
is being finalized, it is important to identify the appropri-
ate IRB to review the study. For most hospitals and aca-
demic institutions, an associated local IRB will review the
study. If there is no such IRB locally, the sponsor should
identify a third-party IRB. Review by an IRB is a require-
ment per the federal regulations 21 CFR Part 56.

One critical document to be generated is the Informed
Consent form. It is required by 21 CFR 50 to obtain in-
formed consent from all subjects. This regulation also de-
tails the required elements of the informed consent form.
It is possible to waive the requirement for informed con-
sent in certain cases, but the IRB must approve the
waiver. Historically, Informed Consent forms have been
closely scrutinized by regulatory agencies and any defi-
ciencies can be a source of later problems.

Other administrative preparation for a clinical study
includes the development of a budget and research agree-
ment with the clinical site, execution of an investigator
agreement, and working with the clinical site to ensure
that the facilities and staff required for the study are
available. Sometimes these other administrative tasks are

as difficult and time consuming as developing the protocol
and getting approvals, so it is wise to start this process
early.

Standard operating procedures that govern the differ-
ent processes in the study need to be written and ap-
proved. Typical procedures that are written include:

* Overall conduct of the study (a master SOP)
* Monitoring
* Problem handling
* Adverse event handling procedures
* Data entry
* Data management
* Statistical analysis

In addition to procedures, forms that are used in the study
need to be designed and approved by the IRB. There are
two general types of forms—those that are used to collect
data from the study (case report forms) and those that are
used to document required activities (administrative
forms). Case report form design requires careful thought
to help ensure that the forms capture the needed infor-
mation, but also remain simple and easily understood by
the wide range of subjects or staff that may be completing
them.

Computers are almost always used in handling data
generated during clinical trials. To ensure the integrity of
the data, it is necessary to have good control of the com-
puterized systems. Control of computerized systems is
also required by the FDA as per 21 CFR Part 11. A use-
ful guidance document can be found at http://www.fda.gov/
ora/compliance_ref/bimo/ffinalcct.htm (3). One key step in
controlling the computerized system is validation of the
tools that will be used. Examples of computerized tools
include the database, any database entry software, and
data analysis tools such as the Microsoft Excel spread-
sheet. General steps in validation include defining re-
quirements and intended use for the tool, describing how
the tool was built (design description), and testing the tool
to ensure that the design meets the requirements and in-
tended use. These validation steps must be documented.

In addition to preparing all documents and systems to
support the clinical study, the Sponsor must also develop
the investigational device under design control require-
ments. Typically, later stage prototypes or pilot production
builds are used in these studies. A design review before
release for use on human subjects should be conducted to
ensure that design control is being followed and that ap-
propriate verification testing has been completed and
passed. Typically, the verification testing required will
be a subset of the full verification test suite. For example,
all safety-related tests are usually conducted, but some
performance or reliability requirements may not need to
be tested before use for clinical studies.

7. EXECUTION OF CLINICAL STUDIES

Once all approvals have been obtained, the agreements
have been signed, and the clinical study infrastructure is
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ready, a study initiation visit is held to formally initiate
the study. The initiation visit is primarily a training visit
where the protocol and detailed procedures are reviewed
with the clinical staff and monitors. Also, at this meeting,
the responsibilities of the Investigator, Clinical Site, and
the Sponsor are reviewed. After the initiation visit, the
first subject may be enrolled. Subject management, case
report form management, data entry, and database man-
agement become the main activities during this phase.
Active monitoring visits to verify that protocol and proce-
dures are being followed are also a key activity in this
phase (4). The monitor will typically do the following dur-
ing a monitoring visit:

* Check on the progress of the study enrollment.
* Check the Case Report Forms (CRFs) for legibility,

accountability, and completeness.
* Review any Adverse Events that have occurred.
* Review and help resolve any logistical problems in

the study.
* Check that the administrative forms for being com-

pleted as required.
* Check on the state of the Study Files.
* Help to resolve any data discrepancies found.

As with all required activities, it is important to document
monitoring visits. When the study is completed, a study
closure visit is performed. At this final monitoring visit,
the monitor typically collects the investigational device
and supplies, reviews, and finalizes the study files, en-
sures that all discrepancies are resolved, meets with the
investigator/team, and makes preparations for archiving
of the study documentation.

8. ANALYSIS AND REPORTING OF CLINICAL STUDIES

Data entry from the CRFs typically is ongoing during the
study. Often it may take a little time to finish entering the
data, so the data entry often lags the progress of the actual
study. There are multiple sources of error in the database,
including incorrect values on the forms themselves and
database entry errors. The CRF forms should be checked
by the monitor(s) for completeness, legibility, and accuracy
before submission for data entry. A common method used
catch and correct data entry errors is the use of double-
data entry. In this method, the data are entered twice and
then compared. Most key entry errors can be detected by
this method. Other methods for validating the data in-
clude database queries for checking consistency and cor-
rectness of the data. For example, are the data within the
expected ranges or are the dates of the visits consistent
with the start and completion of the study? Questions that
are raised from these types of queries are documented and
reported back to the monitor for resolution.

Once all data discrepancies have been resolved, the da-
tabase is locked and no further changes should be made.
The locked database is then sent for statistical analysis.
Statistical analysis should proceed according to the sta-
tistical analysis plan and procedures that were created in
the preparation phase (5). The final steps of the clinical
study are to prepare the final report. The ICH has a guid-
ance document entitled E3: Structure and Content of Clin-
ical Study Reports (6) that details the contents of a clinical
study report.

9. SUMMARY

This article only provides a brief overview of some key el-
ements related to clinical trial preparation, execution, and
reporting. As one can observe from even this short de-
scription, this is a complex task that requires coordination
of people with multiple disciplines (e.g., clinicians, statis-
ticians, clinical trial experts). Clinical trials also are heav-
ily regulated, and thus, care and attention must be paid to
fulfilling requirements of these governing regulations.
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1. INTRODUCTION

Biomedical applications often require models of closed-
loop systems in which the output of a subsystem influ-
ences the input of a second subsystem and vice versa. In
this condition, information circulates and model identifi-
cation requires particular attention because it has to dis-
entangle the feed-forward and the feedback components of
the loop, displayed in Fig. 1.

Closed-loop configurations are well studied in control
theory for their widespread applications in automatic con-
trol systems (1). In biomedical fields, they are encountered
any time the study of operating physiological control
mechanisms is attempted (2), when artificial devices are
applied to the regulation of physiological functions, or, fi-
nally, when a human controller is considered.

These three application frameworks relevant to bioen-
gineering will be briefly revised in the Application Frame-
works section of this chapter to permit the reader to
recognize the application range of various approaches fol-
lowed by the theory of closed-loop identification. In fact,
identification methods largely depend on the a priori
knowledge about parts of the loop and also about its whole
layout, which are often a consequence of the application.
These conditions have to be correctly pinpointed in order
to adopt one of the identification approaches, direct, indi-
rect, or joint process, which are detailed in the Theory
section of this chapter.

In physiological regulation, control mechanisms oper-
ating through feedback pathways are ubiquitous starting
from the scale of biomolecular interactions, passing
through cellular processes, tissue structural and func-
tional control, and ending at the scale of organ and sys-
tem regulation (3).

Vital functions are regulated through dedicated endo-
receptors that start appropriate corrective actions in order
to maintain homeostasis. Body temperature, for example,
is sensed by skin and hypothalamic receptors and is cor-
rected via a modulation of metabolism, skin blood flow,

sweating, shivering, etc. Arterial blood pressure affects
the firing of baroreceptors in the aortic arch and carotid
bodies and starts short-term responses involving periph-
eral resistances, heart rate and contractility, venous re-
turn, as well as longer-term humoral mechanisms varying
the circulating blood volume (4–6). Glucose concentration
modifies pancreatic insulin production, which in turn reg-
ulates glucose release from the liver and glucose absorp-
tion by utilizing and storing tissues (7).

Blood gas concentrations via chemoreceptors influence
respiratory centers in the medulla (8,9). Hormonal activ-
ity governing growth and reproductive processes operates
through sophisticated chains of factors including feedback
at almost any level (10).

Also, in motion and posture systems, any efferent tract
is assisted by feedback mechanisms. A few examples of
closed-loops include: the extrapiramidal circuit of the
basal ganglia (11) and the reflex arcs between propriore-
ceptors and spinal motor neurons. Conversely, afferent
neurosensory ways are modulated by efferent pathways at
any level starting from the input regulation (pupil aper-
ture and oculomotor control in the visual system, timpanic
tension in the hearing system), receptor modulation, and
ending to the cortico-thalamic recurrent loops (12).

The theory of system identification provides a set of
methods and algorithms that permit one to build a math-
ematical description of a dynamic system by exploiting an
experimental record of input/output data (13). This ap-
proach to modeling is adopted whenever the knowledge of
the addressed physical mechanism is insufficient to con-
struct a model starting from its inner laws. If nothing is
known on the underlying system, a black-box modeling
approach may be the only viable solution. According to
such an approach, a family of (very general) mathematical
input/output relationships, which are presumed to include
the correct behavior, is arbitrarily chosen. Then, an iden-
tification method selects the model that best fits the data.
In other cases, the structure of the model is known, but
the physical parameters are to be determined from exper-
imental data (gray-box modeling). When dealing with
physiological systems, a set of exact physical relationships
is seldom available, and both cases are very common: the
complexity of interactions often dictates a black-box mod-
eling approach, but in other situations, although the
model is known, its parameters are subject to wide bio-
logical variability, and identification from a specific data
record is needed to yield valuable indications about a sub-
ject in a particular condition.

Open-loop identification (see subsection entitled Open-
Loop System Identification of this chapter) of an input/
output relationship is based on the assumption of a one-
way causal relationship of the input over the output sig-
nal, thus excluding any dependence (correlation) of the
input on the past history of the output. As the signals
usually derive from sampled measurements, it is obvious
to resort to the modeling framework of discrete time sys-
tems; henceforth, the time index twill be an integer (in the
case of continuous time dynamic equations of a gray-box
model, a conversion to difference equations has to be pre-
liminarily carried out). With the further assumptions of
linearity and time invariance, it is possible to exploit the
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Figure 1. Closed-loop configuration.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



powerful mathematics of z-transform (i.e., the analogue of
Laplace transform in discrete time), freely moving be-
tween the time domain and the frequency domain. Ac-
cording to the notation of z-transform, the symbol z� 1

represents the one lag operator (i.e., a delay of one sam-
ple), and radian frequency o (i.e., 2p frequency, in radians/
sec) is obtained by imposing z¼ ejo. Nonparametric iden-
tification methods are typically carried out in the fre-
quency domain; by means of spectral and cross-spectral
analyses, they compare sinusoids in the output with sinu-
soids in the input, which, of course, can be done if these
roles are well established. Parametric approaches are
mainly based on time relationships and exploit the depen-
dence of the output from past input values. Nonparamet-
ric and parametric methods are theoretically equivalent in
an open-loop context. Both methods are able to statisti-
cally separate the deterministic effect of the input from the
stochastic one affecting the output (Fig. 2); the latter ac-
counts for all nonmeasured variables disturbing the sys-
tem. It can be said that identification of the deterministic
part is obtained despite the presence of noise on the out-
put. A central issue is the requirement that the input sig-
nal is informative enough to assure identifiability of the
model; this requirement is technically expressed by the
condition of persistent excitation of the input. Basically,
such an assumption implies that all system dynamical
modes are properly excited; a typical persistently exciting
signal is white noise (i.e., a signal with a flat spectrum
over all frequencies).

The results discussed in the text apply to wide sense
stationary stochastic processes (i.e., time invariance of
first- and second-order moments is assumed). Assuming
stationarity of the stochastic inputs, system stability is
necessary to guarantee stationarity of the output as well.

In closed-loop systems, rather different problems do de-
velop, which impose to avoid a naive approach implied by
considering only one of the two causal directions. None-
theless, theoretical results shown in the Theory section of
this chapter demonstrate that an approach to identifica-
tion is still possible provided that the input of the pathway
to be estimated is suitably disturbed. For example, with
the direct approach we are allowed to apply to closed-loop
systems the wide repertoire of methods and algorithms
developed for open-loop systems. If both the feed-forward
and the feedback blocks have to be identified, both distur-
bances are needed. In contrast with the open-loop situa-
tion, identification is carried out thanks to the presence of
perturbing noise inputs (obviously, additive observation
noise, not entering the loop, does not contribute in this
sense while blurring the data). Furthermore, the loop

should be sufficiently responsive to external perturbations
in order to provide enough experimental information
about its dynamics. Paradoxically, a well constructed con-
trol system, keeping stiffly the set-point despite perturba-
tion, will display low sensitivity and will be identified with
less accuracy.

In a closed-loop system, an immediate interchangeabil-
ity of time and frequency domain approaches to identifi-
cation no longer holds. As stated above, stochastic
perturbations (i.e., innovation) are needed, but frequency
methods addressing deterministic periodical components
are not best suited in exploiting innovation. Time-domain
predictive models are, by contrast, easily adapted to the
task of disentangling causal relationships interacting in a
closed-loop. It is useful to recall the general concept of
causality in the sense introduced by Granger (14): A signal
causes a second one if the knowledge of the past of the
former helps in the prediction of the latter. In the presence
of two related data series, Granger’s condition can be sat-
isfied in one direction, in the opposite direction, or in both
directions. The last case demonstrates the presence of a
closed-loop, which, in turn, is identified by the estimate of
the feed-forward and the feedback predictive models, thus
disentangling the two causal pathways.

A problem that is peculiar to closed-loop systems is the
necessity to provide a correct description of perturbations
entering the loop. Namely, when they are stochastic per-
turbations, it is necessary to fully identify their dynamics
in order to avoid a bias of the loop estimate. In open-loop
systems, conversely, a precise identification of the stochas-
tic part shown in Fig. 2 can be skipped.

Intuitively, in open-loop systems, a re-entry in the out-
put noise generation mechanism (i.e., an autocorrelation
over time, rendering the noise colored) is easily separated
from the deterministic effect of the input, because the two
contributions are uncorrelated. In closed-loop systems, by
contrast, the same re-entry in the stochastic part can be
confounded with the deterministic feedback, unless both
mechanisms are properly identified.

As for stationarity, it should be noted that stability
must be verified for the overall closed-loop system (as it is
well known, stability of the individual blocks does not im-
ply stability of the closed-loop and vice versa).

2. THEORY

2.1. Open-Loop System Identification

Prior to deal with closed-loop identification, it is useful to
briefly summarize some results that serve as a benchmark
in the following discussion about feedback systems.

Classic theories for black-box identification are based
on the assumption that a clear causal relationship be-
tween the input signal u(t) and the output signal y(t) ex-
ists, thus excluding any dependence or correlation of the
input on the past history of the output. In other words, it is
supposed that the system operates in an open loop. If we
restrict our attention to single-input single-output (SISO)
linear models, the usual framework is the one depicted in
Fig. 3, where the object (or plant) to be identified is de-
scribed as a finite-dimension linear time-invariant dis-
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Figure 2. Open-loop identification problem.
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crete-time system with additive noise v(t) affecting the
output. Letting G(z) be the transfer function (a rational
function in the complex variable z), the model has the
form:

yðtÞ ¼GðzÞuðtÞþ vðtÞ: ð1Þ

As for the noise, a typical assumption is that v(t) is a col-
ored noise, namely, it is the output of a linear filter driven
by a white noise process e(t), statistically independent of
the input u(t), with zero mean and variance l. In other
words,

vðtÞ¼HðzÞeðtÞ; eðtÞ � WNð0; lÞ: ð2Þ

The identification problem consists of obtaining an esti-
mate of G(z) (and possibly H(z)) from a finite record of ex-
perimental data UN ¼fuð1Þ;uð2Þ; . . . ;uðNÞg and
YN ¼fyð1Þ; yð2Þ; . . . ; yðNÞg.

Most of the currently available black-box identification
techniques can be classified in two main categories: non-
parametric methods and parametric methods. The former
aim at determining an estimate of G directly from the
cross-spectral analysis of the input/output data or, equiv-
alently, at determining an estimate of the impulse re-
sponse from the correlation analysis of the same data [see,
for example, (15)]. By contrast, when using a parametric
method, the solution is searched within a family of trans-
fer functions described by a finite-dimensional parameter
vector. Hence, the estimation problem reduces to an opti-
mization procedure in a finite-dimensional space.

Concerning parametric methods, the paradigm of min-
imum prediction error is often adopted (13), leading to the
so-called prediction error methods (PEM). According to
this approach, the family of candidate models is defined as

yðtÞ¼Gðz; WÞuðtÞ þHðz; WÞeðtÞ; ð3Þ

where both the dynamic model G and the noise model H
are transfer functions of a given order and depend on an n
dimensional vector W of free parameters. If e is white noise,
G is causal, and H is monic, causal, and has a stable in-
verse, the one-step-ahead predictor associated with Equa-
tion 3 is given by

ŷðtjWÞ¼H�1ðz; WÞGðz;WÞuðtÞþ ð1�H�1ðz; WÞÞyðtÞ ð4Þ

and the prediction error is

eðtjWÞ¼ yðtÞ � ŷðtjWÞ ¼H�1ðz; WÞðyðtÞ �Gðz; WÞuðtÞÞ: ð5Þ

A sensible way to determine an estimate of W that best fits

the experimental data is to select the value of W that min-
imizes the averaged square prediction error. To this aim,
introduce the quadratic loss function

JN ¼
1

N

X

N

i¼ 1

e2ðtjWÞ: ð6Þ

Then, the best estimate of W is obtained as

ŴN ¼ arg min
W

JN : ð7Þ

Obviously, the minimization algorithm may be more or
less complex, depending on the parametrization of G and
H. For example, if GðzjWÞ¼BðzjWBÞ=AðzjWAÞ,
HðzÞ¼ 1=AðzjWAÞ, where B and A are polynomials with co-
efficients WB and WA, respectively (and A is monic), it is
easily verified that JN is a quadratic function of the pa-
rameter vector W¼ ½W0A W0B�

0, and, as such, a closed form ex-
pression for the minimum can be easily worked out. This
parametrization corresponds to the class of so-called ARX
(AutoRegressive with exogenous input) models. By con-
trast, when v is a colored noise, described by
HðzÞ¼CðzjWCÞ=AðzjWAÞ, the estimate ŴN that minimizes
JN can be computed only iteratively, by means of some
nonlinear optimization routine. The prediction-error esti-
mate enjoys the following important statistical properties,
under mild hypotheses, such as system stability and the
input signal u being persistently exciting.

* Consistency. If the selected family of models is rich
enough to include the ‘‘true’’ model (i.e., a value Wo
exists such that GðzjWoÞ¼GðzÞ and HðzjWoÞ¼HðzÞ),
then the estimate ŴN converges with probability 1
to the ‘‘true’’ value Wo, as the number N of data tends
to infinity.

* Bias distribution. In any case, as N tends to infinity,
the estimate tends to the value of W that minimizes
the integral

Z p

�p
ðjGðejoÞ �GðejojWÞj2FuðoÞþFvðoÞÞjHðejojWÞj�2do;

ð8Þ

where FuðoÞ and FvðoÞ denote the spectral density of
u and v, respectively. This result provides a useful
frequency interpretation of the identification proce-
dure when the ‘‘true’’ model cannot be exactly de-
scribed within the family of candidate models, and
the noise model is fixed, HðzjWÞ¼H�ðzÞ. In that case,
Equation 8 becomes

Z p

�p
jGðejoÞ �GðejojWÞj2FuðoÞjH�ðejoÞj�2do

þ termsnot depending on W:

ð9Þ

The first term can be regarded as a frequency qua-
dratic norm of the bias between the true model and
its approximation, weighted by the function

+

+
G(z)

yu

v

Figure 3. Typical open-loop modeling framework.
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gðoÞ¼FuðoÞjH�ðejoÞj�2. It means that the limiting es-
timated model is an approximation of the ‘‘true’’ one
that aims at reducing the bias, especially at those
frequency where the weight gðoÞ is high. Hence,H�ðzÞ
can be selected as a design parameter so as to stress
some frequencies over others. For instance, a low-
pass noise model H�ðzÞ penalizes high-frequency mis-
fit much more than putting H�ðzÞ¼ 1. Of course, an-
other possible way to adjust the frequency weight is
shaping the input spectrum FuðoÞ appropriately,
when this is possible (experiment design).

* Accuracy. When a true description of the system is
available in the model set, it is possible to derive ex-
pressions for the asymptotic (i.e., for large N) vari-
ance of the parameter estimation error. It turns out
that Cov ŴN decays as 1/N, and, under gaussianity, it
reaches the asymptotic Cramer–Rao lower bound. In
other words, the estimate ŴN is asymptotically effi-
cient. As for the estimates of the transfer functions
ĜN ¼GðzjŴNÞ and ĤN ¼HðzjŴNÞ, they are asymptoti-
cally uncorrelated, and their covariances are approx-
imately

Cov ĜN �
n

N

FvðoÞ
FuðoÞ

;

Cov ĤN �
n

N
jHðejoÞj2;

ð10Þ

where n is the model order. Such expressions are
valid when both N and n tend to infinity.

A special mention is deserved to the comparison of
models with different parameter number n. A naive ap-
plication of the minimum prediction error criterion would
lead to an unlimited increase of n, because the fitting of
identification data is necessarily improved by extra pa-
rameters; however, this apparent enhancement is ob-
tained at the expense of accuracy, as is shown by the
proportional relationship between the transfer function
covariance and n in Equation 10. Indeed, an over-fitting of
identification data causes worse predictions on new data,
which should be used to validate the predictor. This ob-
servation leads to the principle of parsimony (i.e., param-
eters should be limited to the least number necessary to
describe significant model behavior). Model order choice is
usually carried out by the minimization of cost figures
such as final prediction error (FPE), Akaike’s information
criterion (AIC), Rissanen’s minimum description length
(MDL), which, in general, correct the prediction error
variance on the identification data (or a function of it)
with a penalty increasing with n (13,16,17).

A completely different parametric approach to open-
loop system identification is the so-called subspace projec-
tion method (18). Following this approach, a linear state-
space model is assumed, whose matrices are suitably pa-
rameterized. Then, these matrices are estimated from in-
put-output data, essentially by using Least Squares
techniques. This method is particularly well-suited for
multivariable systems and is grounded on very reliable
numerical algorithms of linear algebra, such as QR-fac-

torization and Singular Value Decomposition. Again, the
standing assumption to derive good estimates is that the
noise affecting the system is uncorrelated with the input
signal u.

2.2. Closed-Loop System Identification

Sometimes, one is faced with the problem of identification
of a certain system from closed-loop data. The reason may
be that the system is a component of a more complex
scheme, including some inherent feedback mechanisms, or
it is controlled by an external feedback regulator.

In a closed-loop configuration, such as the one illus-
trated in Fig. 4, the problem of system identification be-
comes more involved, mainly because of the correlation,
induced by the feedback, between the noise v and the in-
put signal u.

The symbols in Fig. 4 have the following meanings: The
transfer function G(z) denotes the system to be identified,
whereas C(z) is the transfer function of the feedback reg-
ulator (here supposed linear); the signal r may represent
the control system setpoint (i.e., the desired behavior of y),
and w is another external signal affecting the regulator
output (it could be either a disturbance on the actuator or
an intentional bias on u). Depending on the context, w and
r may be considered as measured signals or unmeasured
disturbances. As before, the signal v represents the un-
measurable noise acting on the system.

The mathematical model of the closed-loop system is
then

yðtÞ¼GðzÞuðtÞþ vðtÞ; ð11Þ

vðtÞ¼HðzÞeðtÞ; eðtÞ � WNð0; lÞ; ð12Þ

uðtÞ ¼CðzÞðrðtÞ � yðtÞÞþwðtÞ: ð13Þ

For simplicity, it is assumed that the loop transfer function

LðzÞ ¼CðzÞGðzÞ ð14Þ

is strictly proper, so as to ensure well-posedeness of the
feedback system, and that the closed-loop system is stable.
The transfer function from v to y (or from w to u) is the so-
called sensitivity function

SðzÞ¼ ð1þLðzÞÞ�1: ð15Þ
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Figure 4. Typical closed-loop modeling framework.

4 CLOSED-LOOP SYSTEM IDENTIFICATION



The setting of Fig. 4 is essentially taken from automatic
control applications. In several biological regulation prob-
lems, the distinction between the plant and the regulator
is not so sharp and the role of the external inputs may be
different. However, this notation is maintained for ease of
discussion.

Again, the identification problem consists of obtaining
an estimate of G (and possibly of H) from a finite set of
experimental data and the available information. Depend-
ing on the situation, the estimator may or may not rely on
the knowledge of the regulator.

A first difficulty with closed-loop identification is that,
because of the correlation between v and u, identifiability
of G may be lost even when the input signal u is persis-
tently exciting. In other words, from the measurement of u
and y, it may be impossible to distinguish between differ-
ent models. In order to obtain informative data, it is nec-
essary that the external driving signals r or w be
persistently exciting. Another way to make the closed-
loop experiment informative enough for the identification
of G is to use a more complicated controller (high-order,
time-varying, or nonlinear). For instance, identifiability is
recovered when the controller switches between two dif-
ferent linear regulators, say C1 (z) and C2 (z).

A second problem developing in closed-loop systems is
that some classic methods that work satisfactorily in open-
loop systems yield biased estimates when applied to
closed-loop data, which is again related to the correlation
between v and u. For instance, prediction-error methods
with a fixed noise model may fail to give a consistent es-
timate. For the same reason, subspace methods or corre-
lation and spectral analysis may also fail.

In general, the accuracy of the estimate may also be
lower in closed-loop. The reason is essentially related to
the inherent feature of any feedback system to reduce the
sensitivity of the output signal to variations in the system
parameters, especially at low frequencies, where the mag-
nitude of the loop transfer function is high. The covariance
of the estimate is affected accordingly.

2.3. Main Approaches to Closed-Loop Identification

The methods for closed-loop identification can be grouped
under three basic approaches:

* The direct approach. A prediction error method is
straightforwardly applied to identify G from input/
output data UN and YN, ignoring feedback existence
and neglecting other measured signals, such as r and
w.

* The indirect approach. First, a closed-loop transfer
function (e.g., the one from w to y) is identified, then,
assuming that the regulator is completely known, G
is explicitly computed.

* The joint input/output approach. The signals u and y
are regarded as the outputs of an augmented system
driven by the signals v, w, and r; this joint system is
identified, and the estimates of G and C are eventu-
ally recovered.

The main features, the properties, and the limitations
of these different methods are now briefly reviewed.

2.3.1. Direct Approach. The data UN and YN are used
as in open-loop operation to construct the estimate of G
(and possibly H). An advantage of this method is that no
knowledge on the feedback mechanism is indeed required,
and standard open-loop algorithms can be used to obtain
the parameter estimates. Moreover, if both candidate dy-
namic models and noise models are sufficiently flexible to
include the ‘‘true’’ ones, then consistency and optimal ac-
curacy are ensured, as with open-loop data.

A major drawback is that a correct noise model must be
known, or at least estimated, to avoid bias. For instance, if
an arbitrary fixed noise model is selected, say
HðzjWÞ ¼H�ðzÞOHðzÞ, the estimated transfer function
ĜN , as the number of data tends to infinity, does not con-
verge to G, but to GþB, with the bias B having this ex-
pression:

jBðejoÞj2¼ jHðejoÞ �H�ðe
joÞj2l

Fe
uðoÞ

ðFuðoÞÞ
2
; ð16Þ

where FuðoÞ is the spectral density of u and Fe
uðoÞ is the

component of this spectral density originating from the
feedback. Thus, any discrepancy between the ‘‘true’’ noise
model and the fixed one causes a bias. Moreover, the bias
is small only when: (1) such a discrepancy is small; (2) the
feedback is weak, namely Fe

uðoÞ is negligible; and (3) the
signal-to-noise ratio ðFuðoÞÞ

2=l is large.
Therefore, in closed-loop systems it may be critical to

use a fixed-noise model H�ðzÞ as a design parameter for
frequency weighting in order to improve the quality of the
estimate in a prescribed frequency range. A way to cir-
cumvent this difficulty is to first fit a high-order model to
the data (thus reducing the bias), and then find a low-or-
der approximation using the proper frequency weighting.

Finally, differently from Equation 10, the asymptotic
covariance of the transfer function ĜN (assuming r(t)¼ 0)
is given by

Cov ĜN �
n

N

FvðoÞ
jSðejoÞj2FwðoÞ

¼
n

N

FvðoÞ
Fw

u ðoÞ
; ð17Þ

where FwðoÞ is the spectral density of the external signal
w, and Fw

u ðoÞ is the component of the spectral density of u
originating from w. As only this component, and not the
total spectrum of u, appears in the denominator, the vari-
ance of the estimate is greater than in open-loop systems.
Moreover, this variance is high at a low frequency, where
usually the sensitivity S is low. As discussed above, this is
a common drawback of all closed-loop identification tech-
niques.

2.3.2. Indirect Approach. Assume that the only mea-
sured signals arew and y. The associated transfer function
is

FðzÞ¼
GðzÞ

1þCðzÞGðzÞ
: ð18Þ
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The idea behind the indirect approach is to first identify
this closed-loop transfer function and then to retrieve the
information on G indirectly. As a matter of fact, from an
estimate F̂ of F, and assuming a perfect knowledge of the
regulator C, it is immediate to obtain

ĜðzÞ¼
F̂ðzÞ

1� F̂ðzÞCðzÞ
: ð19Þ

The main advantage of this method is that the first stage
is a genuine open-loop identification problem, because w
and v are uncorrelated. Consequently, the estimation of F̂
inherits the properties of open-loop estimation. For in-
stance, even with a fixed noise model H�ðzÞ, different from
the ‘‘true’’ one, the method still guarantees consistency
and unbiasedness, provided that the ‘‘true’’ model F is
represented within the model set. Note also that other
classic methods, such as subspace methods or spectral
analysis, can be successfully applied in this first step.

The second stage is more critical, because the transfer
function of the regulator must be perfectly known. In
practical applications, however, the control law may be
nonlinear, or may contain some nonlinear effects (for in-
stance, because of saturations). Any deviation from the
assumed linear model will result in an estimate error, un-
less these nonlinearities are taken into account when de-
riving Ĝ from F̂.

It should be noted that the indirect approach may lead
to undesired high-order models, because the computation
of Equation 19 generally gives a transfer function whose
order is the sum of the orders of F̂ and C. To avoid this,
some variants have been proposed, based on suitable pa-
rameterizations of the model set used in the first stage
[see, e.g. (19)].

As for accuracy, the indirect method enjoys the same
properties as the direct approach. In particular, the for-
mula in Equation 17 for the asymptotic covariance of the
estimated transfer function is still valid.

2.3.3. Joint Input/Output Approach. The rationale of
this third approach is to consider the closed-loop system
as a whole and to identify the parameters of some closed-
loop transfer functions relating the external driving sig-
nals v,w, and r to a bivariate output vector containing both
u and y. From these transfer functions, an estimate of both
the plant G and the regulator C (supposed linear, but un-
known) can be worked out.

Assuming that the external signal w is an unmeasured
noise, and r(t)¼ 0, the system of Fig. 4 can be modeled as

yðtÞ

uðtÞ

" #

¼GðzÞ
vðtÞ

wðtÞ

" #

; ð20Þ

where the entries of the transfer matrix G can be ex-
pressed as

GðzÞ¼
SðzÞ GðzÞSðzÞ

�CðzÞSðzÞ SðzÞ

" #

¼
G11ðzÞ G12ðzÞ

G21ðzÞ G22ðzÞ

" #

: ð21Þ

If an estimate Ĝ of G is obtained (e.g., by means of a mul-
tivariable prediction error method), then an estimate of G
can be formed by dividing Ĝ12 by Ĝ11, and an estimate of C
can be formed by dividing �Ĝ21 by Ĝ22. Note that because
the identification of the system in Equation 20 is actually
a (multivariable) open-loop identification problem, any
other open-loop technique can be adopted. For instance,
standard spectral methods are directly applicable.

The joint input/output approach gives consistent esti-
mates of the open-loop transfer functions G and C as long
as the regulator has the assumed linear structure. Con-
trary to the indirect approach, it does not require an a
priori knowledge of C.

A somewhat similar idea is exploited in the so-called
two-stage method (20). Suppose that w is measured. Then,
the second row of Equation 20 can be written as

uðtÞ¼SðzÞwðtÞþ ~vðtÞ ð22Þ

with appropriate definition of the noise ~v. After applying a
standard identification method to this (open-loop) model,
the estimated transfer function ŜN is exploited to generate
the simulated time-series ûðtÞ¼ ŜNðzÞwðtÞ, that represents
an estimate of the noise-free component of the input signal
u. Now, the data ÛN and YN can be used to identify the
plant transfer function G in the model

yðtÞ ¼GðzÞûðtÞþ vðtÞ ð23Þ

without incurring in the risk of bias because û should be
now uncorrelated with the noise v. This method will fail if
the regulator is nonlinear, but suitable variants have been
developed to cope with arbitrary feedback mechanisms
(see, e.g., the projection method of Forssell and Ljung (21),
where a noncausal parametrization of S is adopted). The
two-stage method offers the freedom of arbitrarily shaping
the frequency bias distribution for G, by means of an ap-
propriately chosen fixed noise model H�ðzÞ to be used in
the second step of the algorithm. The price to pay, with
respect to a direct method, is an increased variance of the
estimates.

3. APPLICATION FRAMEWORKS

Both purely biological systems and the interactions be-
tween artificial and biological systems are characterized
by a high degree of complexity. It is therefore important to
isolate the possible closed-loops to be addressed and the
parts of regulation systems on which reasonable working
hypotheses can be drawn in order to design an effective
identification procedure. In the following paragraphs, ex-
amples of closed-loops in biomedical and bioengineering
fields are briefly outlined that are obviously far from being
exhaustive but are intended to indicate typical problems
and provide suggestions as to the choice among the closed-
loop identification approaches introduced above.

3.1. Physiological Control Mechanisms

Although in physiological control systems, the analogue of
a plant (feed-forward or controlled process) and a feedback
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controller can still be defined, yet investigators have to
face problems in which both sides of the loop are to be
modeled as parts of a highly complex system. It can be said
that many skills applied in the definition of experimental
protocols and in the adoption of experimental models aim
at enucleating specific subsystems as selectively as possi-
ble; often this process is aimed at opening the loops by a
deactivation of feedback links, by the evocation of tran-
sient reflexes, or by clamping some variable in the loop to a
constrained value. However, observations in closed-loop
systems are closer to normal operation modes and physi-
ological functioning.

The typical situation in this condition is to observe the
process from measuring points that are inside the loop
yielding the data series UN and YN, whereas an exact
knowledge of external perturbations v and w is seldom
available. An external reference signal r is usually not
present, as a feature of physiological regulation is to op-
erate around an embedded set-point. In this condition, the
direct approach can be applied, thus permitting one to ob-
tain the feed-forward path G (as stressed in Fig. 5) sepa-
rately from the feedback (however, a joint process
approach would yield the entire system).

It is important to stress the hypotheses that are nec-
essary to carry out identification and that are usually im-
plicitly assumed, such as the uncorrelation between noise
v and noise w, which is far from being a trivial assumption
in physiological systems characterized by a high degree of
complexity and connectivity. It is advisable to carefully
consider this condition and separate any known input that
could be common to both u and y by measuring it and ex-
plicitly describing it as an exogenous input (22).

Secondly, in order to identify G with good accuracy,
noise w (in order to identify C, noise v) is assumed infor-
mative in all frequency bands of interest (i.e., persistently
exciting). However, this signal is not available, otherwise
we would exploit this measure with a different approach.
When possible with limited invasivity, it is useful to ex-
ternally perturb some variable known to affect w even
through dynamics that are not entirely known. Random
sequences are widely applied as broad-band disturbances.
An example is the random addition of a moderate CO2

concentration to inspired air for the analysis of chemore-
flex regulation (23).

Both of the above hypotheses can be a posteriori tested
only if both branches of the loop are identified (e.g., by a
double application of the direct approach). In this case,
both residuals v and w can be analyzed with respect to
their uncorrelation and their information content. In ad-
dition, the appropriateness of the respective stochastic
parts has to be tested in order to assure that no bias has
been imposed to the loop components. A major point in this
regard is the whiteness of the respective prediction errors.
Finally, the computation of the prediction error variance
matrix is a core element in loss figures, such as Akaike’s
information criterion (AIC) figure, to be minimized with
the purpose to decide the best model order (16).

3.2. Artificial Control of Physiological Systems

An important task of biomedical engineering is in permit-
ting the control of physiological parameters through the
application of external or implanted devices, which sense
the controlled variables, compute optimal control strate-
gies, and act through effectors imposing the desired con-
trol variables. Overlooking the severe interface problems
of both the sensing and the acting sides, it is the classic
topic of tuning a known control system over the features of
a plant, G, which needs to be correctly identified for a cor-
rect design and adaptation of the controller.

Several examples are in drug delivery control in which
an automatic infusion pump controls the plasmatic (or
other body fluid) concentration of the drug (or its metab-
olites) (24–28). The plant dynamics is the pharmacokinetic
response to the drug, which accounts for the mass ex-
changes between various compartments and the excretion
and metabolic processes involved. Alternatively, the con-
trolled variable can be a physiological parameter affected
by the drug through a pharmacodynamic response. Im-
portant cases are insulin infusion for the control of plas-
matic glucose levels (29), infusion or inhalation of
anesthetics for the control of sedation levels (30) and the
control of muscular tone and arterial blood pressure dur-
ing specific surgical interventions. Another application
range is the control of ventilation and oxygenation in sur-
gery, in intensive care, or in assisting the chronic patient
(31,32). Finally, we mention control of movement and pos-
ture through functional electrical stimulation (33,34).

In most of these applications, the strict correspondence
to automatic control problems permits one to refer to stan-
dard strategies of adaptive control in which the controller
is tuned on the basis of a time-varying identification of
either the plant or of the closed-loop as a whole. The pro-
cedure supervising adaptation can exploit the perturba-
tion induced by changes in the reference signal r(t), which
are required by the normal functioning or even induced
(within acceptable limits) to favor identification; a second
possibility is to perturb the control variable with an ap-
propriate noise w. In both cases, an external signal is
known or even maneuvered and the indirect approach is
readily applicable, thanks also to the knowledge of C (in
the former case, input r can be translated to w simply
posing w¼Cr). However, the implementation of control-

G(z)
u(t ) y (t )

v(t)

-C(z)

w(t )

H(z)
e(t)

Figure 5. Closed-loop identification of the feed-forward path
with a direct approach; identified parts are evidenced by the
plain line.
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lers based on nonlinear laws or soft-computing methods
(fuzzy, neural networks) (35) may suggest one to turn to a
direct approach based on the measurement of u (pertur-
bations are obviously welcome).

3.3. A Biological System as Controller

A human governing a machine represents a situation that
is symmetrical to those described in the previous para-
graph. Interestingly, the image of a man steering a boat
has been chosen as a paradigm of cybernetics (36), after
kybernetes (steersman in ancient Greek). In bioengineer-
ing applications dealing with the design of human/ma-
chine interfaces and ergonomics, the identification of the
feature of the human controller has a remarkable impor-
tance (e.g., for the assessment of reaction times) (37). Ac-
curate models of human dynamic responses were
developed and can be used in a generic design process or
tuned in open-loop systems to match the characteristic of a
specific user (38). However, if an intelligent adaptation to
changes in users or user performance is carried out while
the control is operating, a closed-loop identification prob-
lem is posed.

Most of the considerations of the previous paragraph do
apply, provided that the role of controller and controlled
system are here inverted as to the need for identification.
Referring again, to Fig. 4 the system to be estimated is, in
fact, the human controller, �C(z); reference r assumes the
meaning of a target to be tracked with minimum error;
G(z) is the maneuvered machine with its inertial lags. An
indirect approach can be applied, if the machine dynam-
ics, G, is a priori modeled and if a deterministic input is
measured and sufficiently perturbs the loop. For example,
by imposing small random changes to the target r, it is
possible to identify the transfer function from r to y

Mð zÞ¼
CðzÞGðzÞ

1þCðzÞGðzÞ
ð24Þ

and derive the unknown transfer function C with a pro-
cedure similar to Equation 19:

ĈðzÞ¼
M̂ðzÞ

ð1� M̂ðzÞÞGðzÞ
: ð25Þ

4. CONCLUSION

Closed-loop identification is a frequently encountered
problem in the biomedical field because of both the neces-
sity of a black-box description of data and the widespread
presence of feedback loops inside biological systems and in
the compounds of artificial and natural systems. This topic
deserves particular attention and a clear discussion of
working hypotheses in order to correctly match appropri-
ate methodological approaches. Nonetheless, theoretical
results assure the possibility of obtaining a consistent
analysis of control systems, if the correct structure of the
problem is considered. Emphasis has been given to this

aspect, opening to the application of a wide range of spe-
cific parameterizations and algorithms that the reader can
find in specialized textbooks and that are also offered by
the main computational packages.
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1. HEARING AND DEAFNESS

Figure 1 is a sectional diagram of the human auditory
anatomy. (The figure includes components of a typical
cochlear implant system, which will be described later.)
The pinna, at the left, directs airborne sound via the
external ear canal to the tympanic membrane, or ear-
drum. Sound pressure waves produce vibration of the
eardrum, which is coupled to the cochlea, or inner ear,
by means of three articulated bones, known as ossicles.
The cochlea is a spiral-shaped structure containing fluid
in several chambers separated by membranes. Acoustic
vibrations generate oscillatory motion of structures inside
the cochlea. The physical properties of the internal co-
chlear structures result in a mechanical filtering charac-
teristic that distributes this motion spatially in
accordance with the frequency content of incoming acous-
tic signals. High-frequency sounds produce most move-
ment near the base of the cochlea, where vibrations are
introduced from the ossicular chain, whereas lower fre-

quencies produce maximal activity at places closer to the
cochlear apex.

The motion of the structures inside the cochlea is
transduced into neural signals by approximately 15,000
hair cells that are distributed regularly around the spiral.
Sound vibrations apply shearing forces to projections,
known as stereocilia, on the hair cells. Deflections of the
stereocilia initiate a sequence of electrochemical events
that result in the production of action potentials in
auditory neurons. These action potentials are conveyed
from the cochlea by fibers of the auditory nerve to neural
processing centers in the brainstem. Ultimately, these
signals modulate neural activity in the auditory cortex of
the brain, where hearing sensations are perceived.

In sensorineural hearing impairment, a partial or total
loss of hair cells usually occurs. Damage to, or loss of, hair
cells causes a loss of hearing sensitivity because the
mechanical vibrations created in the cochlea by sound
waves are not represented in neural excitation patterns.
The hair cells tend to be more susceptible to permanent
damage from various causes than most other structures in
the ear that are essential for hearing. Some common
causes of hair-cell damage include prolonged exposure to
excessive levels of noise, diseases such as meningitis and
otosclerosis, head trauma, and treatment with certain
antibiotic drugs. Once destroyed, hair cells in humans do
not regenerate (although hair-cell regeneration is ob-
served to occur in some other species). However, many of
the primary auditory neurons survive even in cases of
total hair-cell loss. Therefore, it is possible to create
hearing sensations even in an ear that is profoundly or
totally deaf as a consequence of extensive loss of hair cells
by stimulating auditory neurons directly with electric
currents. The purpose of a cochlear implant (CI) is to
generate electric stimuli that are appropriately controlled
to convey useful information about sounds, and that do not
cause major undesirable side effects even with chronic
application.

2. DESIGN OF COCHLEAR IMPLANT SYSTEMS

Although many different designs of CIs have been de-
scribed over at least the past three decades, all designs
have general features in common. The components of a
typical CI system are shown in Fig. 2. All implant systems
pick up sound signals with a microphone, which is usually
packaged in a small enclosure that is worn on the user’s
pinna, as with conventional hearing aids of the behind-
the-ear type. An electric signal representing the variation
of air pressure associated with airborne sound waves is
conveyed from the microphone to an electronic signal
processor. The processor is designed to convert selected
features of acoustic signals into a pattern of electric nerve
stimuli that will provide useful hearing sensations to the
implant user. Considerable flexibility is available to de-
signers of sound processing circuits and algorithms, which
has led to the development and evaluation of a number of
distinct processing schemes. Functional details of the
most important schemes that are currently in use are
presented later.

Figure 1. Cutaway diagram showing a right human ear and a
cochlear implant. Behind the pinna (external ear) at the left is the
sound processor. The transmitting coil, above the pinna, is
aligned with the receiving coil of the device implanted under
the skin. The electrode array lies inside the spiral-shaped cochlea
shown at the lower right. A separate lead connects the receiver-
stimulator to an extracochlear electrode that has been placed
immediately above the receiving coil. Also shown are the external
ear canal leading from the pinna to the eardrum, and the ossicles
that couple sound vibrations from the eardrum to the inner ear.
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In most cases, the output of the sound processor con-
sists of a digital code specifying the parameters of the
electric stimuli to be delivered to the implanted electrode
array. The code is usually conveyed to the implanted
device via an inductive link (see Fig. 2). The link operates
on the same principle as a transformer, and comprises two
coils of wire separated by the skin overlying the implant.
An electric current flowing in the external coil magneti-
cally induces a secondary current in the implanted coil.
The currents are modulated by the transmitter circuit of
the sound processor to represent the encoded information
specifying the required electric stimuli. An integrated
circuit in the implant, often called the receiver-stimulator,
demodulates the signal obtained from the subcutaneous
coil. In addition, the inductive link serves to provide
electric power to the implanted electronics and hence to
the electrodes. The power is extracted by rectifying and
smoothing the modulated alternating current induced in
the implanted coil. This technique obviates the need for a
power source, such as a battery, in the implant. The
absence of an implanted battery helps to ensure that,
after the device has been implanted, no further surgical
intervention should be necessary throughout the lifetime
of the implant user.

2.1. Implanted Components

A typical implantable device, including a receiver-stimu-
lator and electrode array, is illustrated in Fig. 3. The
receiver-stimulator decodes the information transmitted
by the external sound processor, which specifies para-
meters such as the onset time and magnitude of the
stimulus to be generated, and the particular electrodes
that are to conduct the stimulus current. To prevent
unintended stimulation, the receiver-stimulator contains
circuits to check that the received code is free from errors,
and that adequate power is available from the inductive
link to generate the required stimulus. Thus, little chance
exists that the implant will be activated incorrectly or
unexpectedly as a result of poor coupling between the
coils, or the reception of electromagnetic fields generated
by devices other than the sound processor, which is one
advantage of implanting a relatively complex receiver-
stimulator rather than connecting the signal received
from the implanted coil directly to the stimulating electro-
des. However, the latter technique has been employed in

some simple CI systems, and some of its characteristics
are discussed further later.

In many recent implant systems, the receiver-stimula-
tor has the additional capability of transmitting informa-
tion outward for external analysis and monitoring. Such
information might include measurements of the electrical
impedances of the electrodes, or an indication of the state
of the internal power supply. This information can be used
to diagnose faults in the implant, or to minimize the
amount of power that the sound processor needs to
transmit for a given user. The power requirements depend
on various individual factors including the thickness of
the skin separating the transmitting coil from the receiv-
ing coil, which affects the coupling efficiency of the in-
ductive link. When measurements of the electrical state of
the implanted components are available externally, it is
possible for the transmitter of the sound processor to be
adjusted automatically to provide the minimum required
power, and thus to maximize the lifetime of the battery.

The output of the receiver-stimulator is usually a
precisely controlled electric current that is directed to
one or more of the implanted electrodes. In the majority
of existing implant systems, the stimulus waveform is
usually a symmetric, biphasic, rectangular pulse (Fig. 4,
top). This waveform comprises two intervals, or phases, of
equal duration, during each of which current flows
through the selected electrodes. The phases may be sepa-

Signal
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signal spectrum

Stimulus 
production

Microphone

Electrode array Inductive
link

User-specific
stimulus parameters 
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and power 
generation

Stimulus
parameter encoding

and transmission

Figure 2. The main functional blocks of a
typical cochlear implant system.

Figure 3. Photograph of a cochlear implant, showing the receiv-
ing coil with magnet at center, the electronics package, the
intracochlear electrode array, and the separate extracochlear
electrode.
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rated by a short time during which no current flows. The
insertion of such an inter-phase gap can reduce the
current required to produce an audible sensation, at the
expense of a small increase in the overall stimulus dura-
tion. Current flows in opposite directions during the two
phases, but with equal magnitudes. Therefore, the total
charge transferred through the electrodes during the first
phase (i.e., the product of current and phase duration) is
equal to the charge transferred in the reverse direction
during the second phase. This cancellation of the charge
delivered by the electrodes within each stimulating period
has been shown to minimize damage to neurons and other
tissues in the vicinity of the electrodes, and to prevent
corrosion of the electrode materials. Two widely used
methods of ensuring that the charge is balanced accu-
rately between the phases are to couple the electrodes to
the stimulator via capacitors, which prevent accumulation
of charge on the electrodes as a consequence of any
nonzero net current flow, and to connect the electrodes
together whenever the stimulator is not delivering current
(i.e., at all times between successive pulses). The latter
technique helps to dissipate any residual charge remain-
ing in the electrode circuit after the completion of a
biphasic pulse, and is often applied in implanted stimula-
tors regardless of whether coupling capacitors are also
used. However, some stimulators that are designed to
drive a large number of electrodes may not incorporate
coupling capacitors, because such components tend to be
bulky and would require a relatively large implant pack-
age.

The safety of the electric stimulus for chronic applica-
tion is also promoted by using the smallest possible
currents and pulse durations. Both the current and the
pulse duration (as well as other parameters of the stimu-
lation) affect the loudness of electrically induced sensa-
tions. Generally, increases in either of these parameters
increase the number of auditory neurons that are acti-

vated or the rate at which neural action potentials are
produced. At least two additional ways of increasing the
susceptibility of neurons to the stimulation exist. First,
the electrodes can be placed closer to the surviving
auditory neurons. Second, the configuration of the electro-
des can be selected to increase the spatial distribution of
the stimulus currents and thereby to excite a larger
number of neurons. These aspects of electrode design are
discussed further below.

In general, however, the current levels that can be
generated by existing implants range from a few micro-
amps up to a few milliamps, and the pulse durations range
from tens to hundreds of microseconds per phase. The
inter-phase gap (see Fig. 4, top) is usually less than 50 ms
long. In some receiver-stimulator designs, the stimulus
currents are related by a nonlinear function to the digital
code that is transmitted from the sound processor. For
example, each step in the current-level code might result
in a proportional (rather than absolute) change in the
magnitude of the electrode current. This design derived
from an early finding that the loudness of sensations
produced by an implant was related to the current mag-
nitude approximately by a mathematical power function;
thus, loudness can be controlled more regularly when
currents are changed by a constant ratio rather than in
fixed absolute steps. For a particular electrode in a given
implant user, the range of currents (or pulse durations)
that encompasses the widest useful range of loudness is
always much smaller than the full range that the receiver-
stimulator can generate. As numerous individual factors
affect the range of currents that may be required in a
specific instance, and the effects of many of these factors
cannot be predicted accurately before the device is im-
planted, receiver-stimulators must be designed with en-
ough spare capacity to function correctly in any potential
user. In most CI users, the range over which currents (or
pulse widths) vary on each electrode is typically about 5–
20 dB.

In the design of receiver-stimulators, the electrical
impedance of the electrodes is an important consideration.
The impedance of a pair of metal electrodes immersed in a
conductive fluid can be represented approximately by the
equivalent circuit shown in Fig. 5. The circuit includes
capacitive and resistive elements whose values depend on
various parameters, such as the surface area and material
of the electrodes and the electrical properties of the fluid.
It is difficult to predict the precise impedance of electrodes
after implantation, and it is also known that the impe-
dance can vary over time. For stimulation with constant
currents, changes in the electrode impedance cause corre-
sponding changes in the voltage. Fortunately, neurons are
much more sensitive to the local current intensity than to
the voltage at the electrodes, so moderate impedance
changes generally have little effect on the sensations
perceived by the implant user. However, the maximum
current and pulse width that can be applied on a parti-
cular electrode are affected by that electrode’s impedance.
As can be inferred from the circuit of Fig. 5, the onset of a
current pulse (see Fig. 4, top) produces an abrupt increase
in the voltage across the electrode pair. The voltage
increases smoothly during the first phase of the pulse

CURRENT

CURRENT

TIME

0

0

Figure 4. Two types of stimulating waveform generated by
cochlear implants. At the top is a series of two biphasic current
pulses. Each pulse comprises two intervals, or phases, during
which a constant current flows between the active electrodes.
These phases are separated by a brief zero-current interval. The
direction of current flow is reversed between the two phases. At
the bottom is an example of an analog stimulus.
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while the capacitance is charged, and reaches a maximum
at the end of the first phase. For the current generator in
the receiver-stimulator to maintain the intended constant
current throughout the pulse, it is essential that this
maximum voltage be less than a limit known as the
compliance voltage, which is slightly less than the power
supply voltage of the receiver-stimulator. The supply
voltage varies among implant devices, and can also be
affected by factors such as the thickness of the skin
separating the sound processor’s transmitting coil from
the receiving coil, but is usually around 12V.

It is possible with some recent implant systems to
check postoperatively that all electrodes are operating
within their limits of compliance. If it is found that some
stimuli are causing compliance to be exceeded, the pro-
blem can be eliminated in most cases by reducing the
stimulus current, which will usually require an increase
in the pulse width or a change of the electrode configura-
tion (e.g., from bipolar to monopolar). Characteristics of
these and other types of electrode configurations are
described below.

A final requirement for the safe long-term use of
cochlear implants is that the materials from which the
devices are constructed be biocompatible and structurally
and chemically stable. Studies investigating the proper-
ties of candidate materials in the biological environment
have identified a number of suitable metals, ceramics, and
polymers. Electrodes and connecting wires are usually
fabricated from platinum or an alloy having similar
characteristics. Electrode carriers and the protective
jacket surrounding the implanted package are made
from medical-grade silicone rubber compounds. The pack-

age itself is often constructed using titanium or ceramic
materials and is hermetically sealed to prevent fluids
contacting the electronic components inside. The use of
appropriate materials, combined with the intensive test-
ing of implantable devices during and after manufacture,
have generally succeeded in maintaining postoperative
failure rates at acceptably low levels.

2.2. Stimulating Electrodes

In early CIs, the primary objective was to deliver currents
to the entire surviving population of auditory neurons in
people whose degree of deafness was so severe that they
could not perceive sound no matter how much amplifica-
tion was attempted using conventional hearing aids. Often
a single electrode was placed near to the neural popula-
tion, with the electric circuit being completed through a
second electrode that was located at a remote site. In one
device, which was implanted in a relatively large number
of people mainly in the 1970s and 1980s, the single active
electrode was inserted into the basal region of the cochlea
through an opening created surgically at or near the
round window (1). An upgraded version of this device,
manufactured by AllHear Inc. (2), is the only device
presently available from a commercial manufacturer
that does not have the capability of stimulating on multi-
ple electrodes.

Although the use of a single active electrode may be
attractive, mainly because of the relative simplicity of
both the surgery and the stimulator electronics, great
advantages exist in being able to stimulate different
sectors of the population of surviving auditory neurons
with some degree of independence. As mentioned earlier,
in the normal cochlea, an orderly relationship exists
between the frequencies of sounds and the location of
maximal excitation of auditory neurons. The essence of
this relationship is that high frequencies produce most
activity in neurons that innervate hair cells near the base
of the cochlea, whereas lower frequencies activate neurons
that innervate hair cells located at more apical positions.
This tonotopic organization applies not only to hair cells,
but also to the cell bodies and dendrites of auditory
neurons. Therefore, even in cases of profound sensori-
neural deafness, in which there may be few or no surviv-
ing hair cells, it is still possible for a CI to take advantage
of the tonotopic organization of auditory neurons with a
suitably designed array of electrodes. Generally such
arrays comprise many discrete electrodes mounted on a
carrier that can be inserted into the fluid-filled interior of
the cochlea through the round window, or through an
artificial opening near the round window (see Fig. 1).
When an array is inserted deeply into the cochlea in this
way, electrodes near the tip preferentially stimulate neu-
rons that would normally have responded best to low-
frequency sounds, whereas electrodes nearer the cochlear
base stimulate neurons that would normally have been
responsive to higher-frequency sounds.

For this principle to be effective in practice, it is
important that the current delivered by each electrode
can stimulate exclusively a nearby subpopulation of the
available neurons. If excessive spatial overlap exists

E1

E2

from
receiver-
stimulator

Figure 5. Simplified equivalent circuit of an intracochlear elec-
trode pair. The nodes labeled E1 and E2 at the left are driven by
the current generators of the stimulator. Each parallel R/C
combination represents the metal-fluid interface for each elec-
trode, and the resistance on the right represents the current path
within the cochlear tissues.
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among the groups of neurons that respond best to each
member of a set of closely spaced electrodes, then it is
unlikely that the auditory percepts produced by activation
of each electrode will be distinct. Such an electrode array
would provide little advantage over an array having fewer
electrodes, particularly from a perceptual point of view.
The question of how many electrodes should be provided
in a CI is a complex one, and some of the issues involved
are beyond the scope of this article. However, if benefit is
to be obtained from implanting many, rather than few,
electrodes, it is essential that the spatial distribution of
the current delivered by each electrode be restricted to
distinct groups of the available neurons, which is the
rationale for the trend in recent CI developments for
electrode arrays to be positioned closer to the modiolus
at the center of the cochlea, and therefore closer to the cell
bodies of the auditory neurons.

Regardless of the location of the electrodes, different
ways exist in which multiple electrodes can be configured
to deliver stimulating currents to the auditory neurons.
The three main configurations available with existing
devices are illustrated in Fig. 6. The monopolar electrode
configuration comprises an active electrode that is located
close to the target auditory neurons and a second electrode
(sometimes referred to as the ‘‘indifferent’’ or ‘‘ground’’
electrode) that is located relatively far from the neurons
(Fig. 6, left). The indifferent electrode typically has a
larger surface area than the active electrode, and may
serve as the current return path for many discrete active
electrodes. In multiple-electrode implants employing
monopolar stimulation, it is important that the active
electrodes be located close to the target neurons so that
each electrode may stimulate a perceptually distinct sub-
population of neurons. The electric current distributions
associated with each electrode become more overlapping
at increasing distances from the active electrodes, and
would be completely indistinguishable at locations close to
the indifferent electrode.

To improve the spatial separation of stimulating cur-
rents in multiple-electrode implants, bipolar stimulation
is often used. In the bipolar configuration, currents are
passed between two electrodes, both of which are located
relatively close to the auditory neurons (Fig. 6, center).
The decrease in current density with distance from a
bipolar electrode pair is much steeper than the decrease
associated with an electrode used in the monopolar con-
figuration. Theoretically, therefore, the spatial selectivity

of bipolar electrodes should be better than that of mono-
polar electrodes. However, psychophysical studies have
shown that the perceptual distinctiveness of electrodes is
not related exclusively to whether bipolar or monopolar
stimulation is applied (3).

Several variations exist on the bipolar electrode config-
uration that can provide practical benefits in some cir-
cumstances. In one variation, the separation between the
two active electrodes (called the ‘‘spatial extent’’) can be
increased, which results in a reduction of the stimulus
current required to produce an audible sensation because
more auditory neurons are in the path of the current. (For
the same reason, threshold currents are generally lower
with monopolar stimulation than with bipolar stimula-
tion.) Another variation on the bipolar configuration in-
volves mounting the electrodes on their carrier in an
arrangement that directs the current along approximately
a radial, rather than longitudinal, path. Currents that are
aligned radially with respect to the cochlear spiral are
more efficient at producing action potentials in nerve cells
than currents flowing in other directions, and thus radial
bipolar electrode pairs should, at least in theory, provide
better selectivity and lower thresholds than alternative
electrode configurations.

A third type of electrode configuration is known as the
‘‘common ground’’ stimulation mode (Fig. 6, right). In this
configuration, one active electrode is selected, and all of
the remaining intracochlear electrodes are used together
as the return path for the stimulating current. In some
functional respects, the common ground arrangement is
intermediate between the bipolar and monopolar config-
urations. One advantage of the common ground config-
uration is that its use can minimize the adverse effects of
electric short circuits within the electrode array. Unfortu-
nately, such short circuits occur occasionally, and can
occur intermittently as well as permanently. Their occur-
rence is associated with the need, in multielectrode ar-
rays, for many, very thin wires to be packed closely
together in passing between each active electrode and
the implanted receiver-stimulator. When short circuits
occur with a bipolar electrode configuration, the threshold
currents can be much lower than expected, because, in
effect, the spatial extent of the electrode pair is larger than
intended. Use of the common ground configuration cir-
cumvents this problem, and therefore it is often selected in
situations where there are known short-circuits between
some electrodes, or where an intermittent short circuit is
suspected.

A variation on the common ground electrode configura-
tion is used in the COMBI 40þ implant, manufactured by
the company MED-EL (4). The standard intracochlear
electrode array comprises 12 pairs of electrodes. However,
rather than employing the bipolar configuration, the
MED-EL device treats 12 of the electrodes (one from
each pair) as a common current return path for each of
the remaining 12 electrodes. Like other implant manufac-
turers, MED-EL provides modified electrode arrays for
special situations, such as cases where surgical access to
the cochlea is restricted.

In some CI designs, the way in which electrodes are
configured to deliver stimulation can be selected at any

Monopolar Bipolar Common ground

Figure 6. Three electrical configurations of the stimulating
electrodes: monopolar (left), in which current flows between an
intracochlear electrode and a remote electrode; bipolar (center), in
which current flows between two intracochlear electrodes; and
common ground (right), in which current flows between one
intracochlear electrode and all other electrodes.
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time by transmitting appropriate data to the receiver-
stimulator. For example, in the CI24 series of devices,
manufactured by Cochlear Limited (5), there are 22 in-
tracochlear electrodes mounted longitudinally on a flex-
ible carrier that is inserted into the scala tympani of the
cochlea, and two additional electrodes that are located
outside the cochlea (see Fig. 3). The 22 intracochlear
electrodes can be configured in a common ground or
bipolar arrangement without the use of the extracochlear
electrodes. In the bipolar configuration, any two electrodes
can be selected to form a stimulating pair, so that all
spatial extents possible within the limits imposed by the
geometry of the electrode array are available. In addition,
monopolar configurations can be selected using any of the
intracochlear electrodes in combination with either or
both of the extracochlear electrodes. In principle, a differ-
ent configuration could be selected for each pulse of
stimulation to be generated, although in practice the use
of the same configuration for all active electrodes is more
usual.

2.3. Stimulating Waveforms

Previously, the constant-current, biphasic pulse was de-
scribed briefly, because it is the most widely used stimu-
lating waveform in existing CI devices. As illustrated in
Fig. 4 (top), this waveform can be defined completely using
only four parameters: the current level, the pulse onset
time, the duration of the two phases, and the time interval
separating the phases. To generate each pulse of stimula-
tion, data specifying these parameters, and the particular
electrodes to be activated, must be transmitted to the
implanted receiver-stimulator. In part because this small
number of data parameters can be represented in digital
form relatively compactly, the complexity and the electri-
cal power consumption of both the external sound proces-
sor and the implant can be kept to manageable levels,
even when stimulation at high pulse rates is required.
Existing receiver-stimulators have maximum pulse-rate
capabilities of about 15–100kHz. However, research has
shown that different waveshapes can have different effects
when neural tissue is stimulated electrically. Some CI
devices have the capability for delivering waveforms other
than rectangular biphasic current pulses to the electrodes.
These waveforms are generally referred to as ‘‘analog’’
waveforms, because in some CI systems, the stimulus
waveform represents a continuously varying waveform
derived from the microphone signal, usually after some
processing such as filtering (see Fig. 4, bottom). However,
it is also possible to generate nonrectangular waveforms
by specifying the current to be delivered to the active
electrodes at each of a number of discrete time instants.
With this technique, employed in certain existing receiver-
stimulators, it is feasible to construct an approximation to
any desired nonrectangular waveform while retaining the
practical advantages of digital encoding of the data trans-
mitted to the implant.

One way of avoiding nearly all restrictions on stimulus
waveshape is to provide a direct connection between the
external sound processor and the implanted electrodes,
rather than an implanted receiver-stimulator driven via a

transcutaneous inductive link. Such a percutaneous con-
nector was used with the ‘Ineraid’ CI, which is now
obsolete (6). This system relied on a plug and socket to
connect the body-worn electronics with each of 8 (6
intracochlear, 2 extracochlear) electrodes. Although an
arrangement of this type is extremely flexible in terms
of stimulus waveforms and electrode configurations, it has
three serious disadvantages. First, the permanent protru-
sion of the connector through the skin increases the risk of
infection and local tissue damage. Second, it is difficult to
fabricate a reliable connector of acceptable size for use
with a large number of implanted electrodes. Third, the
visibility of the connector would be undesirable to many
potential users of CIs. Nevertheless, percutaneous con-
nectors are valuable for short-term use in research in-
vestigating the perceptual characteristics of stimuli with
parameters outside the range that can be generated by
existing CIs.

For small numbers of implanted electrodes, it is possi-
ble to provide a separate inductive link for each intraco-
chlear electrode pair. This technique was used in previous
single-channel (1,7) and 4-channel (8) devices, and is used
in the present AllHear single-channel system (2). Gener-
ally, the inductive links in these devices convey analog
waveforms to the electrodes by modulating a radio-fre-
quency carrier. The process of demodulating the signal
received by the implant is much less complex than decod-
ing digital data, and therefore the implanted electronic
circuitry is simple and consumes very little power. The
AllHear system is distinctive in that it employs a rela-
tively low carrier frequency (16 kHz) and delivers the
amplitude-modulated carrier waveform directly to the
stimulating electrode without demodulation. An advan-
tage of using multiple inductive links in the devices with
more than one active electrode is that independent, analog
stimulating waveforms can be delivered to the active
electrodes simultaneously. However, the large physical
volume required for both the external transmitting coils
and the implanted receiving coils renders the multiple-
link technique impractical for large numbers of electrodes.

Whether stimulating with analog waveforms confers
perceptual benefits over stimulating with simple rectan-
gular pulses is a research question that is presently
unresolved. Sound-processing schemes using each techni-
que have provided many users of CIs with the ability to
understand speech, as discussed further later. In normal
hearing, the mechanical stimulation of hair cells by vibra-
tions resulting from the variations in pressure associated
with acoustic signals produce action potentials in auditory
neurons. As action potentials are all-or-nothing events,
good reason exists to suggest that the use of brief current
pulses to stimulate auditory neurons directly can convey
as much information about sound signals as can nonrec-
tangular waveforms. On the other hand, it is well known
that, in normal hearing, auditory neurons that innervate
the cochlea at sites distributed along the length of the
basilar membrane convey information about incoming
acoustic signals concurrently. Based on this fact, it seems
reasonable that CIs that can stimulate several locations in
the cochlea simultaneously might provide perceptual ad-
vantages over devices that are restricted by design to
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present stimulation on multiple electrodes nonsimulta-
neously.

2.4. Simultaneous Stimulation

As mentioned above, CIs that employ a percutaneous
connector, or several independent inductive links, to con-
vey stimuli to multiple intracochlear electrodes are in-
herently capable of providing stimulation with analog
waveforms simultaneously to several subpopulations of
auditory neurons. Some implant designs have achieved
similar capabilities using a single inductive link and
digital encoding of stimulus parameters. In general, these
devices contain a complex receiver-stimulator that con-
verts data specifying the required pattern of stimulation
into a set of stimulating currents that are delivered to the
selected active electrodes independently. For example, the
HiRes CI system, manufactured by Advanced Bionics
Corporation (9), is capable of receiving data that specifies
the current to be delivered by up to 16 independent
electrodes simultaneously. The rate at which these data
can be processed is high enough to permit the currents on
the active electrodes to be modified approximately every
12 ms. Alternatively, data can be transmitted to the im-
plant that specifies nonsimultaneous stimulation. Bipolar
and monopolar electrode configurations are available.

Numerous technical problems still need to be overcome
to enable simultaneous stimulation to be produced on
multiple electrodes without undesirable side effects. One
important problem derives from the summation of cur-
rents within the cochlea. As mentioned above, for the use
of multiple electrodes to be beneficial perceptually, it is
essential that the subpopulations of auditory neurons that
are excited by each electrode be at least partially non-
overlapping. With a monopolar electrode configuration,
currents produced simultaneously by several electrodes
combine in the conductive fluids and tissues surrounding
the electrode array and the target population of neurons.
The occurrence of such current summation means that the
effects of the stimulation produced by each electrode are
dependent in a complex manner on the currents produced
by all other electrodes that are active at overlapping
times. In the Clarion device (10), some degree of indepen-
dence among the simultaneously active electrodes is
achieved by delivering currents to the electrodes while
they are configured as bipolar pairs, with the members of
each pair closely spaced. In addition, the stimulator
circuitry is designed to prevent currents destined for a
particular electrode pair from flowing to any other elec-
trodes that are active at the same time.

In addition to the potential perceptual benefits deriving
from the simultaneous activation of subpopulations of
auditory neurons at distinct sites, a further reason for
providing simultaneous stimulation capabilities in CIs is
to exploit some of the effects of current summation. For
example, it is possible in theory to create stimulating
current distributions that are more restricted spatially
than those resulting from a bipolar electrode configuration
by employing three intracochlear electrodes simulta-
neously. In this tripolar configuration (sometimes referred
to as quadrupolar), a central electrode is used to deliver

current that is returned in equal parts by the two adjacent
electrodes. In practice, the tripolar configuration can be
created by activating simultaneously two bipolar electrode
pairs that share one central electrode. Experimental
studies suggest that tripolar stimulation may result in
enhanced spatial selectivity in the target subpopulation of
auditory neurons by comparison with bipolar (or mono-
polar) stimulation. The same principle can, of course, be
applied to any larger number of electrodes to produce a
particular current density distribution along the length of
the cochlea. Whether this would provide perceptual ben-
efits to implant users in comparison with stimulating at
only one site at a time has not yet been determined.

To summarize, the development of CI devices and the
evaluation of their performance over time has enabled
some general principles of good implant design to be
identified. First, better perceptual performance is likely
to be obtained if multiple electrodes are used rather than a
single electrode. Secondly, it is preferable for the stimulat-
ing electrodes to be located relatively close to the target
auditory neurons, and in an arrangement that enables the
tonotopic organization of the cochlea to be exploited.
Third, it is possible to provide substantial perceptual
benefit to implant users by stimulating with rectangular
current pulses delivered sequentially to multiple electro-
des, although the use of analog stimulus waveforms or
simultaneous stimulation may also be worthwhile. Re-
search has also shown that the degree of benefit obtained
by deaf individuals from CIs depends very heavily on the
methods used to process sound signals and to generate
stimulation patterns that represent those sounds. This
topic is discussed below.

3. SOUND PROCESSING FOR COCHLEAR IMPLANTS

The evolution of design of the implantable components of
hearing prostheses has been accompanied by continual
improvements in the design of sound processors (which at
present must be worn externally by implant users). One
recent CI system is illustrated in Fig. 7, showing three
main components: a sound processor, designed to be worn
behind the ear; the implantable receiver-stimulator and
electrode array; and a programming interface that enables

Figure 7. Photograph of a complete cochlear implant system,
including the external sound processor (left), the implantable
device (center), and a programming interface unit (right).
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the sound processor to be connected to a computer. A large
number of distinct sound processing schemes have been
developed and evaluated for CIs so far (11). For various
reasons, it is not realistic to rank implant systems or
sound processor techniques in a strict order of perfor-
mance. For example, different designs have been shown to
provide comparable levels of benefit to individual implant
users, and furthermore, considerable variability exists in
the benefit users may obtain from the same devices and
processing schemes. Nevertheless, three broad categories
of sound-processing schemes (often referred to as strate-
gies) can be identified. Most of the successful strategies
that have been developed for a particular implant device
can also be used by people implanted with a different
device, at least in principle, by changing or reprogram-
ming the sound processor. In spite of the commercial
rivalries among device manufacturers, many fundamental
principles of sound-processing schemes are similar across
systems in each category. In the following, certain super-
seded techniques, including those employed in single-
channel CI systems, are not described in detail.

3.1. Feature-Extracting Strategies

One early and distinctive approach to the design of sound
processors was taken by researchers at the University of
Melbourne, Australia, and the CI manufacturer Cochlear
Limited (formerly Nucleus Limited) (5). Initially, this
approach focused on providing implant users with specific
information about speech sounds. A limited set of acoustic
features of the speech signal that were known to be
important for speech recognition was identified. Stimuli
representing some parameters of those features were
generated by delivering trains of nonoverlapping pulses
to a small number of electrodes selected from an intraco-
chlear array of 22 electrodes. In an evolving series of

designs, the number of features represented was increased
progressively, resulting in improvements in the average
speech perception of implant users. The ultimate in this
series of sound processors was the ‘Multipeak’ (or
MPEAK) strategy (12), a block diagram of which appears
in Fig. 8.

For vowels and other voiced speech sounds, the fre-
quency spectrum of the acoustic signal is characterized by
a number of broad peaks that are associated with reso-
nances in the vocal tract. Two of these peaks correspond to
the first two formants (known as F1 and F2). As the lower
formants carry information that enables many speech
sounds to be recognized, parameters describing them
were estimated in the MPEAK strategy. The frequency
ranges of the acoustic signal associated with F1 and F2
were extracted by bandpass filters, and the corresponding
amplitudes were estimated by means of envelope detec-
tors. The center frequencies of the formant peaks were
estimated by measuring the periods of the waveforms
passed by the filters using zero-crossing detectors. These
frequency estimates were converted to the locations of the
active electrodes, such that an apical set of electrodes was
assigned to F1 (which has a range of about 300 to 800Hz)
and a basal set of electrodes was assigned to F2 (which has
a range of about 800 to 2800Hz). Three additional band-
pass filters and envelope detectors estimated the ampli-
tude of the incoming signal in three higher frequency
regions (2.0–2.8, 2.8–4.0, and 4.0–6.0 kHz). These filters
were assigned to three fixed electrodes near the basal end
of the array. Each of the five amplitude estimates was
converted to a stimulation level using an instantaneous
nonlinear function, as described further later. However,
only four of the above feature estimates were used to
control stimulation on four active electrodes in each
stimulus period, and the positions of only the electrodes
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Figure 8. Functional block diagram of the
‘Multipeak’ (MPEAK) speech-processing
scheme.
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representing the frequencies of F1 and F2 were variable.
Unlike most other modern sound-processing schemes,
which stimulate at a constant pulse rate, the stimulation
period in MPEAK depended on whether voicing (i.e.,
vibration of the speaker’s larynx) was detected in the
input signal. If so, the fundamental frequency (F0) of the
speech signal was estimated, and the stimulus period was
set equal to the inverse of F0. The four pulses presented
within the period represented F1, F2, and the lower two of
the three high-frequency bands. If voicing was not de-
tected, a stimulation rate of about 250Hz was used, and
the four pulses presented in each period represented F2
and all of the three high-frequency bands.

Although research studies demonstrated that feature-
estimating schemes including MPEAK could provide
many implant users with information sufficient to enable
the recognition of most speech sounds, feature estimation
has several inherent disadvantages. A major problem is
that it is technically difficult to obtain accurate estimates
of the relevant parameters of speech signals in a real-time
processor, especially in unfavorable conditions. Situations
with high levels of background noise, multiple speakers,
or signals with parameters outside the expected ranges
(such as music and environmental noises) can result in
unreliable performance. These considerations led to the
development of alternative processing schemes (described
later), which were also designed to present information
about prominent spectral features of sounds, but did not
rely on the assumption that those spectral features were
always associated with speech.

3.2. Simultaneous Analog Schemes

Analog sound-processing schemes have been used success-
fully in several earlier CI systems (1,7,8). At present, a
scheme of this type, called Simultaneous Analog Stimula-
tion (10), is available as a programming option in CI
systems manufactured by Advanced Bionics Corporation
(9). A generic block diagram of a sound processor employ-
ing simultaneous analog stimulation with four channels is
shown in Fig. 9. Sounds picked up by the microphone are
converted to electric signals that are amplified and com-
pressed using an Automatic Gain Control (AGC) circuit.
The compression reduces the dynamic range of electrical
levels in an attempt to match the relatively narrow range
of stimulus levels that is acceptable for the implant user.
This range is delimited by the minimum level at which
hearing sensations are just audible, and by the maximum
level that produces a comfortable loudness. As a result of
this reliance on reducing the dynamic range of signals
before delivery to the electrodes, an early version of this
type of processing strategy was known as the compressed
analog scheme (6). The compressed signal is divided into
four partially overlapping frequency bands by a bank of
bandpass filters. The filters have center frequencies that
are usually spaced approximately uniformly on a logarith-
mic scale encompassing the frequency spectrum in which
most information about speech is present. Typical center
frequencies are 0.5, 1.0, 2.0, and 4.0 kHz. The signal
passed by each filter is amplified by an adjustable amount,
and finally delivered to the corresponding electrode. When

the sound processor is fitted to an implant user, the gain in
each of the final stages of the processor is adjusted to
produce appropriate loudness when speech (and other
sounds) are picked up by the microphone. One important
characteristic of processing schemes of this type is that the
waveforms of the signals in each of the bandpass filters
(rather than the amplitudes of those signals’ envelopes)
are used as the basis of the electric stimuli produced by
the electrodes. As mentioned previously, the simultaneous
delivery of multiple analog current waveforms by an array
of intracochlear electrodes can lead to undesirable inter-
actions that adversely affect the auditory perception of
some implant users. Part of the rationale for the develop-
ment of nonsimultaneous pulsatile schemes was to pre-
vent such interactions.

3.3. Nonsimultaneous Pulsatile Schemes

A block diagram of a widely used sound-processing strat-
egy known as ‘Continuous Interleaved Sampling’ (CIS) is
shown in Fig. 10. As the name implies, the CIS technique
presents current pulses cyclically to a number of electro-
des such that only one electrode (at most) is conducting
current at any time instant. In a CIS system, much of the
processing of microphone signals is similar to that em-
ployed in a generic simultaneous analog scheme as de-
scribed above. An initial version of a CIS processor was
developed for use with the Ineraid CI, and provided one
bandpass filter for each of the six intracochlear electrodes
available in that device (13). A CI system developed
previously in Paris, France, also used a CIS-like proces-
sing scheme (14). In that system, the levels of signals in
each of 12 bandpass filters modulated the levels of pulses
presented in a nonoverlapping cyclical sequence to an
intracochlear array of 12 electrodes. At present, CI sys-
tems based in part on this relatively early work are
manufactured by Laboratoires MXM in France (15). Ver-
sions of CIS processors have been developed for implants
with different numbers of active electrodes and corre-
sponding bandpass filters, and with several variations to
the details of the signal processing. However, the main
functional blocks shown in Fig. 10 are common to all CIS
implementations.
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electrodes

BPF 
4

BPF 
3

BPF 
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control 1
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control 2
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control 3
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Figure 9. Functional block diagram of the ‘Compressed Analog’
(CA) sound-processing scheme.
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In the figure, a six-channel processor is shown.
Although the bank of bandpass filters is similar to that
employed in the analog scheme (Fig. 9), CIS has additional
processing in each frequency channel, and introduces a
pulse generator to control the stimulation sequence. Each
of the bandpass-filtered signals is processed by a detector
circuit, such as a rectifier and low-pass filter, to extract the
envelope of the waveform. These envelope signals are
sampled at regular times determined by the pulse gen-
erator, and their amplitudes are converted to stimulation
levels by means of an instantaneous nonlinear function.
As described further below, this amplitude conversion
function ensures that a suitable range of acoustic signal
levels is perceived by the implant user to have appropriate
loudness. An example of an amplitude-modulated stimu-
lus pulse train, similar to the waveform that a CIS scheme
would present on each electrode, is shown in Fig. 11. The
rate at which stimulus pulses are delivered to the electro-
des varies among implementations of the CIS scheme, and
is limited in any case by the capabilities of the implanted
receiver-stimulator. In typical CI systems, pulse rates of at
least 800Hz per electrode are applied, although in some
instances either much higher or slightly lower rates have
been used successfully. Studies investigating the percep-
tual effects of different pulse rates with CIS schemes (and
with other nonsimultaneous pulsatile strategies) have
found that the use of higher pulse rates does not always
result in better performance.

Another sound-processing scheme that is widely used
at present is sometimes described generically as the ‘n’-of-
‘‘m’’ scheme, which is because ‘n’ outputs of ‘m’ bandpass
filters are represented by electric pulses in each stimula-
tion period, with nom. An initial version of this scheme
was called the ‘Spectral Maxima Sound Processor’ (SMSP)
(16). Modified versions of this strategy have been devel-
oped for use in commercial CI systems, including the
‘SPEAK’ and ‘ACE’ schemes of the Nucleus CI system

manufactured by Cochlear Limited, Australia. As with
CIS, several variations of this type of processing have been
developed, although the main functional principles are
similar in all existing practical implementations.

A block diagram of the ACE scheme appears in Fig. 12.
The bandpass filters and envelope detectors are function-
ally similar to those used in other sound-processing
schemes, such as CIS (Fig. 10). However, a relatively large
number of filter channels is provided, with each channel
assigned tonotopically to each intracochlear electrode
available in the implant. The filters have partially over-
lapping frequency responses. Typically, 20 filters encom-
pass a frequency range of about 150Hz to 10kHz. In each
stimulation period, the outputs of the envelope detectors
are compared, and the channels with the highest short-
term amplitudes are identified. The number of channels
selected is limited, usually to approximately eight chan-
nels. The amplitudes of these channels are converted to
appropriate levels of stimulation using an instantaneous
conversion similar to that used in other nonsimultaneous
pulsatile schemes (described further below). The period of
stimulation, within which the eight selected electrodes are
activated, varies among implementations of this type of
scheme. Stimulation rates as low as 250Hz per electrode
have been found to provide satisfactory performance for
many implant users (17), although evidence exists that
higher rates (up to at least 2.4 kHz per electrode) are often
beneficial (18). Other parameters, such as the number and
design of the bandpass filters, and the number of channels
selected in each stimulation period, can also be adjusted.

In general, if the number of electrodes available for
stimulation is small, and therefore the number of corre-
sponding bandpass filters is also small, then there may be
no advantage in selecting channels dynamically. For ex-
ample, if only six electrodes are available, use of the CIS
scheme, in which the outputs of all six filters are repre-
sented in each period, might be most appropriate. How-
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Figure 10. Functional block diagram of the
‘Continuous Interleaved Sampling’ (CIS)
sound-processing scheme.
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ever, if the number of available intracochlear electrodes is
large (up to 22 in some existing implant devices), present-
ing stimulation on a periodically changing subset of
electrodes may be advantageous. In particular, because
the overall stimulation rate possible for any nonsimulta-
neous pulsatile scheme is limited by the capabilities of the
implanted receiver-stimulator, it may be effective to dis-
tribute the rate among a relatively small number of
electrodes, rather than activating all electrodes cyclically,
which may improve the representation of relatively fast
amplitude modulations in the signals passed by each
bandpass filter. Furthermore, selecting only the filters
that contain the highest short-term amplitudes can reduce
the amount of background noise presented to the implant
user in some conditions. For example, in the common
situation where high-level speech is mixed with a spec-
trally broad, relatively low-level noise, the filters with the
highest amplitudes may contain primarily the spectral
features that carry most speech information (such as the
peaks corresponding to the first few formants), rather
than components of the noise.

3.4. Stimulation Level Control

All sound-processing schemes that generate nonsimulta-
neous pulsatile stimulation incorporate a conversion func-
tion to relate the amplitude of each stimulus pulse to a
corresponding level derived from the incoming acoustic
signal. Psychophysical studies of the way loudness varies
as a function of stimulus amplitude have suggested that,
for a steady pulse train with other parameters held
constant, a change in loudness by a given ratio occurs
when the electric current changes by a ratio rather than
by an absolute amount (19). This relationship is compar-
able with the well-established corresponding relationship
for normal hearing, in which a doubling (or halving) of
loudness occurs when acoustic intensity is increased (or
decreased) by approximately 10 dB (20). To produce a
similar relationship between loudness and acoustic inten-
sity for CI users, a nonlinear function is applied that
converts acoustic intensity into the current amplitude of
the stimulus pulses. Although the shape of this function
varies among sound-processor implementations, and in
some cases can be altered during the fitting of a sound
processor to suit the CI user, the general form of the
function is typically logarithmic, which means that a ratio

CURRENT

TIME

0

Figure 11. Example of a stimulating current
waveform comprising a train of biphasic
pulses with amplitudes modulated to repre-
sent a time-varying analog signal (dotted
line).
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change in acoustic intensity (i.e., a change by a constant
number of decibels) produces a ratio change of stimulus
current.

The overall range of currents allowed on any electrode
in each implant user is determined when the sound
processor is fitted. The lowest current, at which a sound
is just audible, is generally called the threshold or ‘‘T-
level’’. Usually a higher current, at which the sensation is
loud but not uncomfortable, is also estimated, and is often
called the ‘‘C-level.’’ The values for the T- and C-levels vary
as a function of pulse width, pulse rate, electrode config-
uration, and other parameters. They may vary widely
across electrodes in a given implant user, and even more
widely among implant users. However, the ratio between
the current at the C-level and the current at the T-level is
much smaller than the overall range of T- and C-levels
observed among a large population of implant users. That
ratio, known as the electrode’s dynamic range, is often less
than about 10 dB (i.e., a ratio of about 3:1).

In contrast, the dynamic range of acoustic intensities
for normal hearing is generally at least 90 dB. In most
existing sound processors for CIs, it is not practical to
provide a dynamic range as large as that at the micro-
phone input, which is because electrical noise in the
microphone, preamplifier, and related circuits usually
prevents sounds with levels near the threshold for normal
hearing (approximately 0 dB SPL) from being detected
reliably. At the other extreme, acoustic levels above about
90 dB SPL are considered uncomfortably loud by many
people with normal hearing. In many CI sound processors,
high input levels (e.g., above about 70 dB SPL) are held to
a constant level by a fast-acting compression limiter. This
limiter helps to prevent overloading and consequent dis-
tortion in the filters and other sound-processing stages of
the system. Thus, the effective dynamic range of signals at
the microphone input of CI systems may be restricted to
only approximately 30 dB in some sound-processor de-
signs, although the dynamic range can be much wider
(e.g., 60 dB) in other existing systems.

The compression of the dynamic range at the audio
input of the sound processor to be compatible with the
much smaller dynamic range needed for the electric
stimuli produced at the implanted electrodes can be
performed in two stages. The first stage is wide dynamic
range compression, which has been used successfully in
hearing aids and other amplification systems for many
years. This type of compression employs an amplifier with
automatic gain control (AGC). The AGC acts to reduce the
variation in output level when a change in input level
occurs. For example, with a compression ratio of 2:1, a
change in input level of 10 dB would result in a change in
output level of 5 dB. The speed at which gain changes can
occur in response to changes in level is defined in terms of
an attack time and a release time. In a typical compressor,
the attack time (defined as the time for the AGC to
respond to a level increase of 25 dB) is about 2–5ms and
the release time (response time for a level decrease of
25 dB) is about 50–200ms. Longer release times, up to
several seconds, are used in some systems. Generally,
AGC circuits are designed to reduce overall variations in
the average level of signals while preserving the size of

relatively rapid level changes, mainly because more rapid
level changes convey information important for the recog-
nition of speech sounds.

The second stage of compression is provided by the
amplitude conversion function that is applied to signals
after they have been filtered and their envelopes have
been estimated. Although this conversion is often de-
scribed as being instantaneous, time constants are inher-
ent in the envelope-estimation process. Those time
constants are usually much shorter than the release
time of typical AGC circuits. For example, if the envelope
detectors comprise a rectifier followed by a low-pass filter,
time constants of a few milliseconds are typical.

The approximately logarithmic relationship between
loudness and the current amplitude of pulsatile stimula-
tion has led to the use of a nonlinear scale of currents in
some implantable receiver-stimulators. In these devices,
the digital amplitude parameter transmitted to the recei-
ver-stimulator results in changes of current by a constant
ratio when the parameter changes by a constant number
of steps. The parameter is referred to as ‘‘current level’’,
and causes the stimulus current magnitude to vary over a
wide range across the range of possible values of the level
parameter. For example, in the CI24 implant manufac-
tured by Cochlear Limited, the current-level parameter
has 8 bits, and therefore 256 discrete steps. The stimulus
current in this device ranges from approximately 10 mA to
1.75mA, with each step corresponding to a change in the
current of 2%.

As the overall range of currents required to ensure that
T- and C-levels can be obtained on all electrodes in every
implant user is much wider than the current range needed
on any individual electrode, it may be necessary to select
an appropriate stimulus pulse width when the user’s
sound processor is fitted. The width of the pulses affects
the loudness of sensations in much the same way as the
current amplitude. Generally, it is desirable to use the
minimum possible pulse width, because this both max-
imizes the overall rate at which pulses can be delivered by
the implant, and minimizes the power consumption of the
receiver-stimulator. However, it can happen that C-levels
are unattainable with the minimum pulse width avail-
able, either because the highest possible current does not
produce sensations that are loud enough, or because of
insufficient voltage compliance at the output of the recei-
ver-stimulator (as explained previously). In these cases,
the pulse width can be increased, and the T- and C-levels
redetermined. In certain implant systems, the appropriate
setting of T- and C-levels is simplified by the use of a single
level parameter that varies both the current and pulse
width together. For example, in some of the CI systems
manufactured by Cochlear Limited, this parameter is
referred to as stimulus level. By this means, a stimulus-
level parameter having a relatively small number of
discrete steps can vary the total charge per phase of the
stimulus pulses (i.e., the product of current amplitude and
pulse width) over a wider range than is possible when
either current or pulse width is varied separately. In a
sound processor programmed to use the stimulus-level
rather than the current-level parameter, the output of the
amplitude conversion function is modified to produce
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stimulus levels, but the effective shape of the function is
generally not changed.

If it is preferable to keep the pulse width fixed (ideally
to a relatively small value that maximizes the possible
stimulation rate), an alternative way of reducing the
current required to elicit appropriate sensations at the
T- and C-levels is to change the configuration of the active
electrodes. For example, changing from a bipolar to a
monopolar configuration, or increasing the spatial extent
with a bipolar configuration, will reduce the current
requirements. Furthermore, the current requirements
are lower for electrodes that are located closer to the
auditory neurons. In general, T- and C-levels can be
obtained with shorter pulse widths using monopolar elec-
trodes designed to lie close to the modiolus of the cochlea
than when using bipolar electrodes on an array that is
inserted more loosely into the scala tympani.

The detailed design of both the AGC that compresses
input signals and the amplitude conversion function that
controls stimulation levels differ among implant systems,
and several research studies have investigated the effects
of modifying them (21,22). To maximize the perceptual
performance of a sound processor, and in particular to
maximize the intelligibility of speech, two requirements
are important. First, the minimum acoustic level that is
audible (i.e., the input level just producing stimulation at
the T-level) must be low enough to ensure that all infor-
mation-carrying components of the speech signal can be
perceived by the implant user. Second, changes in level
above the minimum input level must be perceptible, at
least over the range of acoustic levels present in speech
signals. Whether these requirements are met fully in a
sound processor depends not only on the operation of the
AGC and the amplitude conversion function, but also on
the sensitivity of the microphone. Usually, the sensitivity
can be adjusted by the user with a manual control. Some
types of AGC, particularly those with large compression
ratios or long release times, may reduce the need for
manual sensitivity adjustments to compensate for varia-
tions in the overall level of input signals. When the input
signal is speech, and its average level is constant, the
relatively rapid fluctuations in intensity at each frequency
must be perceived by the implant user to maximize
intelligibility. These fluctuations encompass at least
30 dB (23). Therefore, even in the absence of wide dynamic
range compression at the input of a sound processor, the
range of levels applied to the amplitude conversion func-
tion is at least 30 dB. As the average level of speech and
other sounds can also vary widely, it is advantageous for
the sound processor to be able to control the level of
stimulation as a function of acoustic intensity over a range
greater than 30dB. However, increasing the amount of
compression applied by the instantaneous amplitude con-
version function may be less effective than increasing the
compression applied by the slower-acting AGC at the
input of the sound processor. This is because excessive
instantaneous compression may reduce the amount of
information available to implant users in the form of rapid
changes in stimulation level, which are known to convey
important speech cues. In contrast, increasing the com-
pression in the AGC circuit while maintaining a relatively

long release time constant has the advantage of reducing
the range of average levels to be processed by the instan-
taneous conversion function without affecting the size of
these rapid level changes.

4. THE FUTURE OF COCHLEAR IMPLANTS

This article has focused on aspects of the design and
function of sound processors and implantable stimulators
that are specific to existing cochlear implant hearing
prostheses. Other practical aspects are common to alter-
native technologies that have been developed to assist
people with a hearing impairment, particularly acoustic
hearing aids. In both hearing aids and CIs, there has been
a trend toward smaller devices, accompanied by a progres-
sion away from analog electronic circuitry toward the use
of digital signal processing. These changes have succeeded
in reducing the size of devices and in improving their
performance. With CIs, pocket-sized sound processors
have been superseded by smaller and more cosmetically
acceptable devices that are packaged in enclosures that
can be worn comfortably on the pinna, as with many high-
powered acoustic HAs. This trend is likely to continue
until it is practical for all the components of a hearing
prosthesis to be implanted in the body, obviating the need
for any visible external devices in normal use.

The ability of CI users to understand speech without
any visual cues varies widely. Research has found that
adults who have acquired a hearing loss after develop-
ment of spoken language skills are more likely to obtain
satisfactory performance from a CI than adults whose
hearing impairment occurred pre-linguistically. Some evi-
dence also exist that deaf children may obtain greater
benefits if they receive a CI at the earliest feasible age. At
present, the majority of CI recipients can converse easily
in quiet conditions, especially when some contextual in-
formation is available. In such situations, many users of
the latest systems can communicate face-to-face or via the
telephone almost as well as people with normal hearing.
However, even for the most successful CI users, under-
standing speech in the presence of high levels of back-
ground noise is much more difficult than for listeners with
normal hearing. The use of a directional microphone can
provide substantial benefit, provided that some spatial
separation exists between the signal of interest and the
unwanted noise. The simultaneous use of implants in both
ears can also be advantageous in noisy situations (24). In
general, CI recipients obtain inadequate performance
from currently available devices when listening to music
or environmental sounds. Research has shown that iden-
tification of melodies, musical instruments, and common
nonspeech noises is usually unsatisfactory, and many CI
users report experiencing minimal enjoyment from listen-
ing to music (25).

A recent development that promises to alleviate many
of the above problems, at least for people with certain
types of hearing impairment, is the implantation of ears
that have some usable acoustic hearing (26). Typically,
hearing loss affects sensitivity to sounds at high frequen-
cies more than at low frequencies. In some cases, the high-
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frequency impairment is so severe that conventional
acoustic aids provide no benefit, although sufficient low-
frequency hearing remains that the person can perceive
many sounds with appropriate acoustic amplification.
Such people may elect to receive a cochlear implant to
obtain information about high-frequency signals via elec-
tric stimulation. If the low-frequency acoustic hearing can
be substantially preserved in the implanted ear (or the
opposite ear), it is possible for combined acoustic and
electric stimulation to provide more auditory information
than either a hearing aid or a cochlear implant could
provide when used separately. In some clinics, a special
short electrode may be used in these cases to minimize
damage to the apical region of the cochlea where low-
frequency sounds are transduced (27). Although research
with combined acoustic and electric stimulation is rela-
tively new, experimental results suggest that it can be
highly beneficial for certain people with hearing impair-
ment, particularly for understanding speech in noise and
for listening to music (28). In the future it is likely that
increasing numbers of people with partial, rather than
total, hearing loss in both ears will become successful
users of cochlear implants.
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1. INTRODUCTION

Assistive technology (AT) is increasingly used to offset the
impact of impairments resulting from injury, disease, or
the aging process and related disorders (1). The growth in
the number of people with cognitive disabilities, such as
learning disabilities, traumatic brain injury, and demen-
tia, has resulted in more research being conducted into
developing ATs to address the difficulties that these pop-
ulations face. Although no official name or category has
been given to these new types of AT, they have commonly
been referred to as cognitive AT, cognitive prosthetics or
orthotics, or cognitive devices (2–4). In broad terms, cog-
nitive AT attempts to compensate for existing impair-
ments by using devices, tools, or techniques that either
partially take the place of a person’s impaired ability, or
translate a problem into one that matches the user’s
strengths, including attempting to rehabilitate those im-
pairments if possible (2,3).

2. COGNITIVE IMPAIRMENT

Cognitive impairment is a general term used to describe a
decline in abilities to think, communicate, remember,
solve problems, and make decisions. Individuals who be-
come severely impaired eventually lose the ability to per-
form daily activities such as shopping, attending
appointments, or self-care tasks (e.g., bathing, dressing,
and eating). These changes in abilities can result from a
wide variety of impairments, including changes associated
with the aging process, Alzheimer’s disease, learning dis-
abilities and language impairments, traumatic brain in-
jury, or mental retardation (5).

Cognitive processes that decline as a result of these,
and other impairments, include attention, memory (short-
term, working, etc.), discourse comprehension, and infor-
mation acquisition and processing (5,6). Some of these
processes are referred to collectively as ‘‘executive func-
tions’’; cognitive skills associated with effective adaptation
and accommodation to changing environmental demands,
including planning, problem-solving, and self-initiation
(6,7). One major area of research in cognitive AT has
been the remediation of prospective memory deficits. Pro-
spective memory is the ability to remember tasks that
need to be completed in the future, and to carry out these
tasks at the appropriate time (8). An impairment in pro-
spective memory can have very significant effects on a
person’s ability to remain independent. Many of the de-
vices described in this chapter primarily remediate pro-

spective memory deficits while often addressing other
executive functions and cognitive skills.

3. CLASSIFICATION OF COGNITIVE AT

To address the wide range of cognitive skills and impair-
ment levels encompassed within ‘‘cognitive impairment,’’
the field of cognitive AT includes a wide range of devices,
techniques, and tools. To describe these, several categories
have been suggested for classification.

Cognitive AT is often classified according to whether a
device seeks to strengthen a person’s intrinsic abilities or
provide extrinsic supports. Technologies that seek to
strengthen a person’s intrinsic abilities could be referred
to as ‘‘rehabilitation technologies’’; for example, using
computer software to administer memory training exer-
cises (2,3). Technologies that provide external supports
could be referred to as ‘‘compensation technologies.’’ In
these interventions, a device either partially takes the
place of a person’s impaired ability or translates a problem
into one that matches the client’s strengths. An example of
the former case is a device that alerts the person when he
or she should take medication. An example of the latter
case is a computer that allows speech recognition rather
than typing for a person with poor visual letter recognition
but strong verbal language skills.

The appropriate type of cognitive ATwill depend on the
particular user. For example, a young adult with trau-
matic brain injury may still have the ability to re-learn
cognitive functions, and so may benefit from rehabilitative
cognitive AT. On the other hand, an older adult with more
severe dementia, such as Alzheimer’s disease, most likely
will not be able to re-learn a task; therefore, a compensa-
tory device will have to be used to help this particular
user.

Rehabilitation and compensation technologies are not
necessarily distinct. Research has been conducted to de-
termine whether the use of compensatory technologies has
a positive effect on a person’s intrinsic skills. For example,
computer software that guides a person through prepara-
tion of a schedule would compensate for the person’s im-
paired planning abilities, but could also teach the person
improved planning skills.

The scope of this overview will include only those cog-
nitive ATs that are compensatory tools, specifically those
devices developed to assist the user with memory, plan-
ning, and problem-solving impairments. Literature is
available summarizing work in other areas of cognitive
AT, including compensatory technology for individuals
with learning disabilities (9,10) or behavioral issues
(11,12), and rehabilitation technologies for people with
memory impairments and other cognitive disabilities
(13,14).

4. DESIGN OF COGNITIVE AT

AT for people with cognitive disabilities must accommo-
date the individual user’s skills and deficits, which is com-
plicated by the fact that each person has a unique
combination of strengths and weaknesses, including other
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types of impairment (e.g., physical and sensory) that must
be taken into account (3). In designing cognitive AT, it is
important to consider how well the technology matches
the individual’s cognitive, physical, and sensory abilities,
including vision, hearing, tactile sense, fine motor con-
trols, and coordination. Furthermore, technology design
and prescription also require consideration of all the peo-
ple who will be affected by the technology, including clini-
cians and caregivers as well as people with disabilities
(15).

As a result of the great variation in user needs, pro-
spective memory aids are most effective when they can be
customized for a specific user and his or her desired ac-
tivity of daily living (ADL) (2). Additional adjustments
may be needed over time as the person’s needs change.
Customization needs to reflect a number of factors, includ-
ing: (1) user priorities for activities; (2) the environment
where the activity is performed; (3) functional deficits that
require support; and (4) features that make the system
user-friendly for a user who has a cognitive impairment
(2). In some approaches, a system is customized through a
team-based approach involving rehabilitation profession-
als, computer programmers, and extensive feedback from
the user (2). Other approaches focus on designing flexibil-
ity into a system, so that a device can be easily customized
by a caregiver or rehabilitation professional according to
the individual client’s needs (16).

Designers can better understand users’ needs by refer-
ring to models of typical user needs and by involving the
user in the design process. Interviewing users to gauge
their preferences is a good starting point for any design,
but designers of cognitive AT must be aware of the fact
that what users say they want is not necessarily what will
enable them to best use the system, which is especially
true for those users whose cognitive disabilities make it
difficult for them to understand their impairments and
needs. As a result of the difficulty in eliciting feedback
from some individuals with cognitive disabilities, some
approaches require nonstandardized means of collecting
this user information, including the inclusion of caregiv-
ers and family members in the design process, or
‘‘thought’’ experiments in which the designer tries to put
himself or herself in the position of a person with a dis-
ability (17). This technique can sometimes be problematic
as it is nearly impossible for a designer to imagine the
goals of these users, their motivations, previous experi-
ences with various technologies, or the cognitive declines
that may impact their performance (18).

5. STATE-OF-THE-ART

Cognitive AT has been used to assist people with cognitive
impairments in completion of vocational tasks and ADL
for close to 20 years (19). At first, computer applications
were developed primarily as a retraining tool based on the
assumption that repetitive practice would promote reme-
diation of brain dysfunction and lead to cognitive recovery
(19). However, little evidence of this ‘‘cognitive recovery’’
has developed. Several researchers have shown that indi-
viduals with cognitive disabilities are often unable to gen-

eralize from graded memory drills and exercises to
independent completion of ADL (16). Consequently, inter-
est has grown in using computers as compensatory tools in
actual-life situations, such as reminding a person of an
appointment or providing guidance during an ADL.

The following is an overview of some of the key re-
search conducted to assist users with impairments in pro-
spective memory, planning, scheduling, and problem-
solving. The reader is referred to LoPresti et al. (3), as
an example of a more in-depth literature review of these
various types of cognitive AT.

Early work on cognitive AT for prospective memory
impairments focused on the use of simple technologies
such as clocks and calendars (20), and timers and digital
watches (21). These technologies are inexpensive, easy to
use, and have no social stigma that might otherwise be
attached to ‘‘rehabilitation’’ devices. However, these de-
vices have limitations in regard to the amount of informa-
tion that can be stored, and how information can be
presented to the user. More importantly, written lists
and calendars provide no cues to the user as to when he
or she needs to perform a task. For individuals with def-
icits in self-initiation, a device that can call itself to the
person’s attention will be better able to facilitate activity
performance (22–24). Typical timers and wristwatches, on
the other hand, provide an external cue but no informa-
tion about the task to be performed. Another approach is
to combine an alarm wristwatch with a written list. How-
ever, this combination requires that the client associate
the watch alarm with the need to refer to the list and re-
member to use both the watch and the list. It is often
preferable to have a single, easily portable device that
provides both an external cue and relevant information.
Similar results have been found for devices focused on
medication compliance as well as general-purpose re-
minder systems (25).

A number of electronic prospective memory aids are
commercially available, many of which have been cata-
loged by the Brain Injury Association (http://www.bia-
usa.org/Pages/assistive_technologies.html) and RESNA
(http://www.resna.org/sigs/sig20/). These include de-
vices designed specifically for the needs of people with
disabilities (22,26) as well as devices designed for the
mainstream population. Some devices designed for the
mainstream population are also useful for individuals
with cognitive disabilities (27). These devices may be
more readily available than devices designed for people
with disabilities. They may also be more acceptable to cli-
ents, because they are ‘‘normal’’ devices. Other clients will
benefit from a device designed specifically for those with
disabilities. Such devices often provide more support for
people who would have difficulty independently entering
their schedules into more complex devices and are de-
signed with physical and sensory limitations in mind.

A number of investigators have studied the efficacy of
electronic prospective memory aids, for example
(22,24,28). Improved performance on functional tasks
has been shown for individuals with traumatic brain in-
jury and cerebrovascular accident (2,29,30), older adults
(31), adults with Alzheimer’s disease (32), and individuals
with attention deficit disorder (27). Hart et al. have dem-
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onstrated that a portable voice organizer can promote the
retention and performance of behavioral goals (e.g., using
relaxation techniques when episodes of anxiety occur) as
well as simple prospective tasks (e.g., remembering to get
the mail) (33).

The most central work in this area has been reported
by Wilson et al. (29,30) who have demonstrated that an
alphanumeric paging system can facilitate the perfor-
mance of functional activities for adults having a variety
of neurological impairments including cerebrovascular ac-
cident and traumatic brain injury, thereby supporting in-
dependence in the home and community. In one study of
15 subjects who had experienced traumatic brain injuries,
an alphanumeric pager was associated with a significant
reduction in incidents of memory failures (po0.05) (30). In
a randomized control trial with 143 people having mem-
ory, planning, attention, or organization problems, more
than 80% of those who completed the 16 week trial were
significantly more successful in carrying out ADL (such as
self-care, medication, and keeping appointments) when
using the pager in comparison with the baseline period;
for most of these, significant improvement was main-
tained when they were monitored 7 weeks after return-
ing the pager (29).

Although most existing memory aids are designed to
present scheduled, one-step tasks (e.g., ‘‘It’s 5:00, cook
dinner’’), people often want to remember tasks that are
not limited to one step. For example, cooking dinner in-
volves a number of subtasks related to preparing kitchen
utensils and following a recipe. People can be assisted in
multistep tasks by low-tech aids such as a series of cards
with pictures that illustrate the steps of the task. Some
research has shown that a system that combines auto-
matic presentation of such pictorial instructions with au-
ditory or tactile cues can improve performance (34,35).

Levine and Kirsch developed a specialized computer
language called COGORTH (COGnitive ORTHotic) to sup-
port guidance through multistep tasks (36). This language
provided a highly structured environment for program-
ming sequential messages, such as steps in a task. These
messages could be presented as text on a video display, an
audio signal, or a visual cue. COGORTH supported the
ability to check a user’s performance for errors, branch to
error-correcting or help procedures, manage interruptions
of a task when a higher priority task must be completed,
and manage a user’s environment through control of elec-
tric appliances, telephone, and audio signals (36). A com-
puterized task guidance system using COGORTH was
used in a series of efficacy studies with a wide range of
patient types and cognitive disabilities, including anoxia
and head injury (37,38). More recently, the underlying
concepts of COGORTH are being modified to take advan-
tage of wireless, web-based technology (39). Similar con-
cepts of interactive task guidance have been incorporated
into at least one commercial product (Pocket Coach, Able
Link Technologies, Colorado Springs, CO).

An additional feature in some cognitive AT is the ability
for the device to monitor a user’s progress in his or her
desired tasks and provide information on the user’s pro-
gress to a caregiver or rehabilitation professional, allow-
ing the caregiver to intervene when help is needed or

allowing a rehabilitation professional to adjust the inter-
vention based on client outcomes. Such capabilities have
been included in the Jogger in the United States (40) and
the ISAAC system in Sweden (41), and are being incorpo-
rated into the MemoJog in the United Kingdom (42) and
MAPS in the United States (43). Researchers are now in-
vestigating techniques for more extensive use of monitor-
ing to provide more intelligent, context-aware reminding,
as described in the following section.

6. NEW AND FUTURE RESEARCH DIRECTIONS

Work completed to date has helped to identify several new
design criteria and advances that need to be incorporated
into future cognitive AT to make them more effective and
useable, particularly, that these devices must be able to
adapt automatically to a particular user’s needs. The ma-
jority of earlier devices did not have this self-adaptive ca-
pability, which made them difficult to setup for different
users, environments, and activities, and unacceptable for
use by people with severe cognitive disabilities, such as
older adults with dementia (4).

This need for intelligence and flexibility in the design of
cognitive AT has led to new and exciting research direc-
tions in this field, primarily the application of more so-
phisticated computer science techniques, such as artificial
intelligence. Already, the Planning and Execution Assis-
tant and Training System (PEAT, Attention Control Sys-
tems Inc., Mountain View, CA) uses artificial intelligence
to automatically generate daily plans and re-plans in re-
sponse to unexpected events (26). The emergence of this
new research direction is being driven by many different
factors including a better understanding of user needs, an
increase in critical mass with respect to the number of re-
searchers with expertise in computer science who are now
conducting work in the field, and an increase in the
amount of research funding available. However, another
important factor has become the recognition and inclusion
of more ‘‘complex’’ populations, such as older adults with
Alzheimer’s disease, who are being recognized as users
who may start to benefit the most from the use of cognitive
AT. It is thought that through the careful placement of
technological support, older adults can continue to live
independently (44).

A growing social problem is supporting older adults
who want to continue living independently in their own
homes, as opposed to moving to a long-term care facility
(44,45). This goal of ‘‘aging-in-place’’ becomes more diffi-
cult when the older adult has a cognitive disability, such
as dementia, or Alzheimer’s disease. Dementia is a com-
mon clinical syndrome in the older adult population and is
characterized by a sustained decline in cognitive function
and memory (46). An older adult with dementia is often
unable to independently complete ADL, such as using the
washroom or getting dressed, because he/she is unable to
remember the proper sequence of tasks that must be com-
pleted or cannot identify objects that must be used
(4,47,48). Difficulty in caring for this population at home
often results in the family caregiver not being able to cope,
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and the affected person being taken out of his/her own
home and placed in a care facility.

The needs of older adults are extraordinarily diverse, in
part because of specific effects of various impairments, in-
cluding changes resulting from the normal aging process
(49). Furthermore, changes within an individual user may
also occur affecting their capabilities and their needs from
a device. For example, it is quite common for a person with
dementia to have very different needs and abilities from
one day to another. The fact that this particular group
cannot be treated as homogeneous, as sometimes assumed
with other user groups and cognitive impairments, re-
quires special attention to be paid when designing and
selecting cognitive AT. A one-size-fits-all approach cannot
address the needs of every individual; instead, design
must take into account the unique needs of each user,
and more importantly, fluctuations in those needs (45),
which means that need for new cognitive AT to be flexible
and intelligent enough in its operation is becoming even
more important.

Advanced computer science techniques and tools have
started to be applied in this field to add the intelligence
and flexibility required in cognitive AT. The notion of con-
text-aware design has started to become a key design phi-
losophy. Context-aware systems sense or remember
information about the user in order to reduce system-
user communication and effort, which many users with
more severe disabilities are unable to provide. The reader
is referred to other sources, such as (45,50,51) for more
detailed information regarding context-aware design, in-
cluding frameworks and previous applications outside of
the area of cognitive AT. The majority of the cognitive AT
systems and devices described thus far require input from
the user to provide feedback to the system (e.g., pushing a
button after the cued task has been completed). However,
a person with a cognitive disability, and especially an older
adult with dementia, may not remember what action they
had been asked to perform, or the need to indicate that the
task had been completed. Even for those users capable of
providing this input, the additional requirement increases
the cognitive load on a person who is already suffering
from a cognitive disability, and can result in the user be-
coming more frustrated and agitated (3). Manual re-pro-
gramming is also required to customize these devices for
an individual user, which can be time-consuming and dif-
ficult for people who are not familiar or comfortable with
technology.

Artificial intelligence (AI) and advanced computer
sensing are showing great potential in developing new
cognitive AT that can automatically determine the context
of the user, reduce the amount of effort required by the
user when using the system, and provide appropriate as-
sistance to the person. AI techniques employ algorithms
that can be used to make a computerized system act more
like a human when performing cognitive tasks such as
decision-making or planning, and when providing assis-
tance and advice. A central issue in AI is the representa-
tion of actions and plans, where a plan is defined as a set of
steps or actions that, when executed together correctly,
accomplish a particular goal. This issue is also very per-
tinent to the goals of cognitive AT. Another important is-

sue is how these systems collect the required information
and data about the user without requiring manual inter-
action between the system and user. Sensors, ranging
from simple switches located on doors to computer vision
systems that track the movements of a person, allow a
system to learn the state of the world and to continuously
update its model of the person and environment without
the need for a human operator. The reader is referred to
other sources for more detailed information on planning
and other AI techniques, such as (4,52–55), and to (56–58)
for more detailed information on computer sensing.

In recent years, context-aware principles and AI have
been applied to address the needs of new and emerging
populations. In particular, interest has dramatically in-
creased in applying these principles to increasing the op-
portunity for aging-in-place among older adults with
dementia.

Researchers at the Georgia Institute of Technology are
involved in the Aware Home project, which is a prototype
that is currently being designed as a ‘‘living laboratory’’
for the development of context-aware and artificially in-
telligent computing in support of aging-in-place (59). The
house has a wide range of sensing equipment, including
video cameras, microphones, infrared detectors, radio fre-
quency (RF) detectors, tactile sensors, and various
switches and transducers to monitor utilities and appli-
ances. The goals of this hardware are to automatically and
unobtrusively measure activities of the residents and pro-
vide support for their daily needs and activities. Within
the facility, these hardware are being combined with new
AI techniques and algorithms to develop various types of
cognitive AT that will be able to: (1) automatically recog-
nize crisis situations and act appropriately; (2) support
everyday cognition; and (3) provide awareness of daily life
and long-term trends (44,59).

Researchers at the University of Toronto have also been
developing cognitive AT for older adults with dementia;
however, they are focusing on a system that can provide
personalized in-depth assistance to a user during a par-
ticular ADL, instead of acting simply as a scheduling aid.
Mihailidis et al. recently developed a cognitive AT for peo-
ple with dementia to complete handwashing with less de-
pendence on a caregiver (4). The system used the
principles of context-aware design, specifically computer
vision and simple AI, to learn to associate hand positions
(2-D coordinates) with specific handwashing steps, and to
adjust its parameters and cueing strategies to meet the
changing needs and preferences of each user (4,45). Clin-
ical trials with 10 subjects with moderate-to-severe de-
mentia showed that the number of handwashing steps
that the subjects were able to complete without assistance
from the caregiver increased by approximately 25% when
the device was used (60). These positive results have
prompted the research team to continue with this area
of work and start on the development of a second, more
intelligent prototype, which includes the development of
more sophisticated monitoring and tracking techniques.

The Assisted Cognition Project is new research pro-
gram at the University of Washington that is exploring the
use of AI systems to develop cognitive AT that can support
and enhance the independence of older adults with Alz-
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heimer’s disease (AD) (61). The goal of this project is to
develop novel computer systems that will enhance the
quality of life of people with AD and similar cognitive dis-
orders. The cognitive AT under development use ubiqui-
tous computing (computing that is ‘‘everywhere’’) and AI
technology to compensate for the memory and problem-
solving abilities that have been lost by the user. An ex-
ample of one of the devices being developed is the Activity
Compass, which attempts to help reduce spatial disorien-
tation inside and outside of the home. The Activity Com-
pass helps to direct a disoriented person towards his/her
destination using a handheld device that acts as an intel-
ligent compass. With sophisticated inputs from pre-
learned models, real-time Global Positioning Satellite
(GPS) information, and links with external environmen-
tal information (e.g., bus routes and timetables), the de-
vice can change the route that the person must follow
based on unexpected situations that develop. The device
also uses plan recognition algorithms in order for the com-
pass to make sense of the stream of sensor readings about
the user’s current actions (61).

A final example of new research in the area of cognitive
AT is the Autominder project from the University of Mich-
igan. The Autominder is an intelligent scheduling aid in-
tended to help older adults adapt to cognitive decline and
continue the satisfactory performance of routine activities
(62). The system achieves its goal by providing adaptive,
personalized reminders of ADL. It uses a wide range of AI
techniques to model an individual’s daily plans, observe
and reason about the execution of those plans, and make
decisions about whether and when it is most appropriate
to issue reminders. Autominder maintains an accurate
model of the user’s daily plan, monitors its execution, and
plans reminders accordingly. For example, the systemmay
be programmed to remind a user to use the toilet at 1:25
pm. However, if the system knows that the user’s favorite
television program is aired from 1:30 pm to 2:00 pm, it will
adjust it’s prompting plan and schedule to issue a re-
minder at 1:25 pm, and provide a justification that men-
tions the television program (62). The current version of
Autominder is deployed on a mobile robot, and is being
developed as part of the Initiative on Personal Robotic
Assistants for the Elderly (the Nursebot project), for which
more information can be found in (63).

These and other projects have started to provide evi-
dence that more sophisticated techniques and algorithms
can be used in the development of new cognitive AT, and
that a wider range of users can benefit from the use of
such technologies. This evidence is also helping to expand
the area of cognitive AT to include new applications and
technologies, such as the development of smart homes.
The term ‘‘smart home’’ has been used for more than a
decade to introduce the concept of networking devices and
equipment in the house (64). Applications of this type of
technology have focused on safety, security, care, and com-
fort of the home’s occupants. Typically, smart homes have
only focused on simple control of lighting and environ-
mental aspects such as heating and ventilation. However,
as these new systems are starting to be developed for oc-
cupants with cognitive disabilities, more sophisticated al-
gorithms are being applied. Recent research efforts move
well beyond the typical model of a smart home to provide
the home with the intelligence to support complex activ-
ities such as those illustrated in the previous examples of
cognitive AT. For example, Mozer developed an intelligent
home that uses AI (specifically artificial neural networks)
in order for the home to learn about the occupants, their
preferences, and their patterns of daily living. This infor-
mation is used to automatically adjust these environmen-
tal parameters more effectively with less manual input
being required from the user (65). The Bath Institute of
Medical Engineering (BIME) has been developing a smart
home for older adults with dementia, called the Gloucester
Smart Home. This demonstration home incorporates sev-
eral devices that take into account the context of the user
and make decisions based on this information. For exam-
ple, the house has a bath and basin monitor. The bath
monitor checks on the water level in the bath and the wa-
ter temperature. If the user goes out of the bathroom, it
will wait until the water level has reached a reasonable
height and will then provide a customized reminder to the
user. If the user still does not respond it will turn off the
taps automatically and let the user know (66).

Table 1 provides a summary of the above described and
additional projects/research groups in this field, including
each one’s project website, in order for the reader to re-
main informed on progress within this area of work.

Table 1. Websites of Research Groups and Projects in Cognitive Assistive Technology

Research Group Website/Contact Information

Georgia Institute of Technology – The Aware Home http://www.awarehome.gatech.edu/

University of Toronto – Intelligent Assistive Technology and
Systems Lab

http://www.ot.utoronto.ca/iatsl

University of Washington – Assisted Cognition Project http://www.cs.washington.edu/assistcog/
University of Michigan – Autominder/ Cognitive Orthotics

Project
http://www.eecs.umich.edu/Bpollackm/Pollack-web_files/

nursebot/index.htm

Coleman Institute for Cognitive Disabilities – Cognitive Levers
Projects

http://www.cu.edu/ColemanInstitute/currentresearch.html

Bath Institute for Medical Engineering – The Gloucester Smart
Home Project

http://www.bath.ac.uk/bime/home.htm

Intel Corporation – Proactive Healthcare Group http://www.intel.com/research/prohealth/

University of Rochester – Center for Future Health http://www.futurehealth.rochester.edu/
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The new trend of incorporating advanced computer sci-
ence techniques and context-aware design can be applied
not only to new ATs that help people perform cognitive
tasks, but also to common mobility and sensory AT in or-
der to make them useable by people with cognitive dis-
abilities (45). For example, Slevin (67) is developing a
walker that helps a user with a cognitive impairment
navigate safely with information gathered from various
environmental and proximity sensors (67). Several re-
search groups are currently working on extending this
type of technology to powered wheelchairs, for example,
Simpson et al. (68), in order to increase safety through the
development of anticollision systems.

These new research trends and directions, specifically
the application of context-aware design, AI, and other
computer science techniques, have now provided an op-
portunity to develop cognitive AT that are more intelligent
and sensitive to the needs, preferences, and abilities of
each individual user. These tools and techniques should
help to design new AT that act more like a human when
providing assistance, have the ability to continually learn
about the user, and have the potential to ‘‘grow’’ with the
person through life stages, which should result in the ac-
ceptance and use of more devices, which, in turn, will help
users with cognitive disabilities to be able to function more
independently and improve their quality of life.
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COGNITIVE SYSTEMS

ERIK VIIRRE

University of California
San Diego, California

Cognitive systems may be described as technology in sup-
port of cognitive abilities or as ‘‘tools for thinking.’’ The
entire range of such technologies is large and crosses a
wide variety of disciplines. In this article, an outline for
bioengineering’s contributions to cognitive systems will be
provided. In the discipline of engineering, several areas
are dedicated to development of tools for cognition, such as
human–computer interaction, ergonomics, and many com-
ponents of computer science. Beyond engineering, many
disciplines are dedicated to the study and improvement of
thinking, from education and psychology to neuroscience
and cognitive science. Bioengineering’s contribution to
cognitive systems combines the engineering approach to
human–computer interaction with the biophysical infor-
mation from neuroscience and cognitive science.

The development of new technologies to measure cog-
nitive activities marks an important role for bioengineer-
ing in cognitive systems applications. Until now, we have
been able to measure cognition mainly through behavior;
for example, we measure the rate at which someone can
read numbers and make calculations. This approach has
led to such pragmatic elements as the ‘‘chunking’’ of phone
numbers so they can be easily remembered and to such
large systems as word processors and editors that help us
outline our ideas. Now with the advent of sophisticated
brain monitoring, we are afforded the opportunity to mea-
sure the brain as such activities occur. Such monitoring
helps lead design of tools for thinking and, intriguingly, to
potentially provide real-time information to assist a user
of a computer system.

The broad definition of bioengineering provides a
framework as to how bioengineering can contribute to de-
velopment of cognitive systems. ‘‘Bioengineering inte-
grates physical, chemical, or mathematical sciences and
engineering principles for the study of biology, medicine,
behavior, or health. It advances fundamental concepts,
creates knowledge for the molecular to the organ systems
levels, and develops innovative biologics, materials, pro-
cesses, implants, devices, and informatics approaches for
the prevention, diagnosis, and treatment of disease, for
patient rehabilitation, and for improving health.’’ (http://
www.becon1.nih.gov/bioengineering_definition.htm).
This definition from the U.S. National Institutes of Health
is comprehensive. For cognitive science, obviously the rel-
evant organ system is the central nervous system (CNS).
The discipline of bioengineering provides the technical ca-
pability to improve, develop, and integrate the technolo-
gies for monitoring and interacting with the brain and
thinking activities. Bioengineers should have an under-
standing of neuroscience technology, brain function, and
most importantly, areas of application of these technolo-
gies for cognitive systems. These applications will include
technologies for ‘‘improving health’’ as described in the
definition, but they will also include areas not tradition-

ally considered part of health, such as the human–com-
puter interaction.

In this article, some background on neuroscience and
cognitive systems will be briefly described, including re-
sources on where to learn more. Then descriptions of how
to monitor brain function will be covered, application ar-
eas for cognitive systems will be described, and finally
some examples of cognitive systems involving bioengi-
neering will be provided. Note that a variety of important
disciplines are at the forefront of development of tools for
cognition. These include the following:

* Information technology
* Human–computer interaction (HCI)
* Cognitive engineering
* Ergonomics
* Computer-supported cooperative work (CSCW)
* Cognitive modeling

These disciplines have resulted in the human–computer
interfaces, the user tools and the advanced technologies
for work in our world.

1. THEORETIC BACKGROUND OF COGNITIVE SYSTEMS
AND BIOENGINEERING

We will examine what application areas there are for bio-
engineering in cognitive systems, describe the brain mon-
itoring technologies, look at the need for analytic
techniques for the data from the monitoring technologies,
and finally examine the methods for integrating technol-
ogies to deliver the applications.

1.1. Application Areas

A way to approach the area of cognitive systems is to con-
sider the functional components of the CNS and how they
can be enhanced in health and disease. We will cover basic
input functions to the brain (senses), output controllers
(motor control), as well as higher order systems including
what would be pretty clearly a ‘‘cognitive system’’ compo-
nent (a memory prosthesis). By briefly systematizing the
components of the brain and cognition, bioengineering’s
contributions to each of those functions will be more clear.

1.2. Neuroscience and Cognition

1.2.1. Neuroscience. In recent decades, there has been
a revolution in the understanding of brain function. As
was learned around the turn of the last century, the pri-
mary functional unit of the central nervous system is the
neuron. The fundamentals of signal generation in neurons
were worked out in the 1950s. Recent research has been
delving into the complex organization of neuronal organi-
zation in the brain, their internal chemical workings, and
the signaling activities across the brain. Neurons receive
many signal inputs from many other neurons via den-
drites, process those signals, and send out new signals via
the axon, which in turn terminates on many dendrites
[Chapter 840 of Wiley Encyclopedia of Bioengineering
(WEB]. The structure of the input and output connections
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of the neuron are the basis for the signal processing ability
of the brain. The processing ability of the brain seems to be
organized in massively parallel circuits that also have se-
rial processing steps. It is believed that the change in the
dendritic structures is the basis for the change in the sig-
naling in the brain and thus is the basis for learning and
memory. Functionally the brain is organized into a variety
of interlinked processing units. Part of the processing is
interpretation of the massive number of sensory inputs,
and another part is control of the massive number of mo-
tor outputs. Seeing the infra and ultra structure of the
intermediate processing units is now allowing us to un-
derstand the basis of cognitive functions like remember-
ing, recognizing, and learning.

1.2.2. Cognition. Cognition is the higher order function
of the nervous system, including, but not exclusive to,
what we generally understand as thinking. Like funda-
mental physics, understanding the mechanisms of human
thinking is one of the great challenges to science. Recog-
nizing sensory inputs, comparison with remembered
items, planning, and executing motor actions are part of
cognition. Of course, higher order functions are essential
parts of cognition: making decisions, performing calcula-
tions, imagining visual images, dealing with stressful sit-
uations, and many other actions are part of thinking.

A shorthand way for considering cognition, its organi-
zation, and its role is to consider the ‘‘human on the veldt’’:
an early human and the tasks they would do. They would
need to recognize food and danger, plan approaches or
means of avoiding problems, manage their motor outputs,
learn motor skills and tasks, speak, cooperate and mate
with other humans, and successfully raise the next gen-
eration. Evolution provided all of the components for the
brain to carry out these actions. Working in today’s world:
controlling machines, working in society, carrying out
computer database searches, and all other myriad tasks
that we do are built on the fundamental cognitive skills of
the CNS for the ‘‘human on the veldt.’’ The question is,
how can engineering and bioengineering provide enhance-
ments to homo sapiens, version 1.0?

Functions of the nervous system broadly fall into two
domains: ‘‘lower’’ that involves transduction of energy into
neural signals (the senses) and the control of muscles
(motor control) and ‘‘higher,’’ which will be referred to in
this article as the cognitive functions: memory, language,
attention, and more abstract functions. These abstract
functions act on sensory information and internal cogni-
tive processes and produce muscle actions and new inter-
nal representations. Note that the term ‘‘lower’’ is in no
way meant to imply that these functions are unimportant
or unsophisticated, but it refers to the earlier evolutionary
origin of sensory and motor systems and their connections
with physically lower parts of the brain.

1.2.3. Lower Brain Function.
1.2.3.1. Sensory Perception. Our sensory systems are

developed fairly well for interacting with our environ-
ment. Sensory input is the first requirement for interact-
ing with the world.

The visual system (see Chapter 1071 of WEB) is opti-
mized for the light spectrum during the day (photopic vi-
sion) and has some limited capability for nighttime vision
(scotopic vision). The resolving and magnifying capability
of the eye is suited to recognition of objects at a distance
moving at human relative speeds. The focus can be
changed to allow manipulation of fine objects by hand.
The multiple frequency bands allow fine discrimination of
color, and the detectors have the ability to detect several
orders of magnitude (12 bits or so) of hue and saturation
range, under the illumination of sunlight. The processing
of the visual inputs is geared to find elements of objects
(edge detection), self-motion, and motion of objects in the
wide visual field. Central vision (around 5 degrees in an-
gular extent) has high-resolution color detection, whereas
peripheral vision (about 190 degrees) has motion detection
and sensors for low light conditions.

Higher order visual recognition can combine features of
a given object (say a face) in a wide variety of configura-
tions and give reliable recognition. Other higher order vi-
sual processing can detect moving objects in our
peripheral vision and compensate for changing light lev-
els in color and texture. Through animal and human re-
search, the signal processing in vision has been
discovered. Visual processing speed is good, but not infi-
nitely fast (like being able to avoid a baseball thrown at a
head, rather than across home plate).

Similarly, our auditory system (see Chapter 0092 of
WEB) is tuned to identification of objects moving and self-
motion in the world and, in particular, to the frequency
and spectral content of the human voice. Frequency-spe-
cific detection channels can detect wide variation in in-
tensity of sound, and there is advanced central processing
of sound to detect higher order complexity called ‘‘timbre.’’

Our tactile sensation (see Chapter 1213 of WEB) is set
to be able to detect novel stimuli all over our skin (water,
insects, etc.) and in our hands is set to be able to detect fine
variations in texture, pressure, temperature, vibration,
and other components.

Taste and smell senses (see Chapter 1071 of WEB) are
important for detecting chemical constituents of the air,
things we ingest, and other humans. There are numerous
indications that the chemical senses can provide: fire, bad
food, illness, and so on.

Motion and body senses (see Chapters 1264 and 0796 of
WEB) are critical for bodies in motion. Although it may be
tautological, the important factors to keep in mind are the
statics and dynamics of human motion. Our motion or
vestibular sense is optimized for motion on essentially a
two-dimensional flat terrain. The development of seasick-
ness, airsickness, and carsickness in many people is a re-
minder that we are not optimized for moving in vehicles.
Similarly, although we can awkwardly climb trees, our
senses are not optimized for a three-dimensional arboreal
existence.

1.2.3.2. Motor Output. Control of muscles and move-
ment (see Chapter 0841 of WEB) occurs with commands
descending from several functionally ‘‘higher’’ levels in the
CNS to the muscles. Individual muscles have length-ten-
sion feedback control (‘‘reflexes’’). The static and dynamic
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control signals to the muscles come from primary motor
areas. Signals driving actions (‘‘walk,’’ ‘‘throw,’’ and ‘‘pick-
up’’) come from premotor or motor planning areas that
coordinate the timing and intensity of the muscle com-
mands. The signatures of these different levels of move-
ment controlling activity can be detected in the human
brain.

1.2.4. Higher Cognitive Function.
1.2.4.1. Attention. Attention is the resource in the

brain that allocates processing capability to one of a vari-
ety of conscious tasks. Do we look at the images on the
television or the fingerprints on the television screen? To
which person in the crowd do we direct our gaze? A search-
light has been proposed as an analogy for attention, where
the beam is directed at an object out of a wide space of
possibilities. Our nervous system has continuous inputs
from the sensor systems. Attention is geared to be directed
to novelty (a fly on the skin) and to things that we place a
high ‘‘value’’ on, such as the sound of our name. Attention
can be divided across several tasks and in several ways.
We can focus attention on a specific object (visual, audi-
tory, internal thought, etc.), and we can ‘‘monitor’’ again,
typically for novelty. Study of attention and its allocation
is extensive. It has implications for how much work we can
do, how likely we are to make errors, and more.

Attention in the brain seems to be related to the activ-
ity of the Cingulate gyrus, and measures of brain activity
there can be related to attention ‘‘performance.’’ Further
information on studies of attention can be found in Ga-
zzaniga (1).

1.2.4.2. Memory. Memory is divided into two general
types: working memory (or ‘‘short-term memory’’) and
long-term memory. In working memory, we have space
for a limited number of items, such as the digits of a phone
number or a name and address. In long-term memory, we
have a coding system that allows us to store and retrieve
all sorts of items: faces, text, images, and procedures. By
allocating attention, we seem to be able to transfer some
items from short-term memory into long-term memory.
Memory in a generic sense is located throughout the
brain, as the strengths of interconnections between neu-
rons are maintained and allow repeated activity to give
reliable performance of a task: sensory, motor, or other-
wise. However, the explicit memory of items in working
memory and long-term memory are located in the limbic
system. As this area of brain is located deep within the
physical structure of the brain, it is harder to make active
measurements from, but some techniques allow for detec-
tion of activation of memory structures. Memory is classi-
cally studied through behavior. This is well described in
Gazzaniga (1).

1.2.4.3. Language and Speech. The language function of
the brain is divided into two areas: recognition of speech
and production of speech. Speech recognition begins with
audition, vision, and gesture recognition as we attempt to
interpret the signals being delivered by another person.
The brain then applies some sort of template recognition
to the utterances received and attempts an interpretation.

Context drives a great deal of the template selection for
the template selection process: what language to use,
what topic to consider, the emotional state of the utterer,
and so on. Speech production is ultimately a motor act,
where the muscles of the oropharynx are driven in com-
bination with the respiratory system to produce the de-
sired sounds. However, much higher order processing
must occur where the intended concepts are strung to-
gether into the desired order and then the motor com-
mands for the utterance are coordinated and delivered. Of
course, language occurs in other forms beyond sound, in-
cluding sign language and written language. The inter-
pretive and command structures of the language function
act through those means as well. The locations of lan-
guage function are well known in the brain, and we now
can measure brain function during different brain activi-
ties related to language, such as speaking one language or
another. Language recognition is described in Chapter 60
of Gazzaniga and speech production in Chapter 59 (1).

1.2.4.4. Emotion. Emotion systems of the brain seem to
be present to prepare the brain to act in various condi-
tions: the classic ‘‘fight or flight’’ responses and to signal
the state of the individual to others: ‘‘I’m sad, I’m angry,
I’m ready to mate.’’ These functions are part of the lower
part of the brain: the limbic system. As with memory, an-
other limbic function, it is difficult to image the brain ac-
tivity related to emotion, but recent research has made
progress there (see Gazzaniga).

1.2.4.5. Consciousness. Consciousness is one of those
difficult concepts that may be described as ‘‘I know it when
I see it.’’ It involves awareness of self and the state of being
alert. The relevance of consciousness to cognitive systems
is apparent when we describe altered states of conscious-
ness, such as transition to sleeping. Detection of altera-
tions of consciousness has importance in people’s abilities
to perform cognitive tasks. As described later, the detec-
tion of states such as the onset of sleep is an important
area where bioengineering can make a contribution to
cognitive systems [see Gazzaniga (1)].

1.2.4.6. Higher Cognitive Processes. Reasoning and
problem solving are considered the ‘‘higher’’ cognitive pro-
cesses as distinct from more basic brain functions. For ex-
ample, in language, we have the fundamental process of
sound detection of speech that gets processed and the mo-
tor commands for the muscles of the oropharynx to create
sounds as lower processes. But the ‘‘higher’’ processes in-
volve the actual interpretation of meaning of the sound
streams of speech, dealing with those meanings and fi-
nally a decision to ‘‘say’’ something. There are a variety of
higher cognitive skills. These are outlined in the section
on higher cognition in Gazzaniga (1). Mental imagery in-
volves recognition, generation, and manipulation of men-
tal images. Knowledge is divided into conceptual and
procedural. Conceptual knowledge is a ‘‘know thaty’’
about an item. Procedural knowledge is a ‘‘know howy’’
form of information. Concepts and categorization as well
as procedures include a variety of concrete or abstract
properties of items and actions. Numeric knowledge is a
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large higher cognitive function that demonstrates both
conceptual and procedural components. Language, im-
ages, categories, and mathematical features all seem to
have symbolic representation in internal brain coding,
and cognition involves various forms of manipulations of
that symbology. Decision making frequently involves a
‘‘means-ends’’ analysis of the possible outcomes of a series
of actions. Of course, tried and true trial and error is an-
other method of examining the outcome of a series of pro-
cedures. Finally, skill learning is a higher cognitive
function that seems to involve the ability to develop a re-
peatable series of procedures that can be invoked on de-
mand. Skills range from totally concrete fine motor actions
(tying one’s shoes) to totally abstract (mentally generating
poetry). Most skills involve a combination of the two,
where abstractly considering an action is translated into
a physical action (typing an idea on a word processor).

Our knowledge of the means by which our brain carries
out higher cognitive function is small but growing. Fasci-
natingly, we can find locations for some actions such as a
mental ‘‘number line’’ (2) and find other functions are dis-
tributed across the brain. The approach to understanding
the neural mechanisms of cognitive function will be an
important area of study of the near future, and bioengi-
neering will make large contributions to that study.

1.3. Failure Modes of Human Cognitive Systems

There are at least three types of failure modes for human
cognition: damage, inadequate development, and poor
functionality. A stroke may damage the parts of the brain
related to language output, leaving the person able to un-
derstand speech, but not able to speak intelligibly. Poor
alignment or focus of the eyes in infancy and childhood
can lead to the inadequate development of the ability to
stereoscopically view the world. Finally, we have all had to
deal with the experience of being unable to mentally pro-
cess a series of numbers, understand another language,
and a whole host of other mental tasks that our brains can
do only poorly or not at all. The ‘‘human on the veldt’’ just
has a difficult time understanding a tax return. These
three failure modes apply to all cognitive functions out-
lined above: sensory, motor, attention, memory, language,
and higher cognitive functions. Cognitive systems appli-
cations are designed to augment or assist human cognition
to overcome limitations of the nervous system.

1.4. Bioengineering Improvement of Cognitive Functions

The definition in the introduction about bioengineering
describes how engineering methodology can improve hu-
man health. Bioengineering aims to ‘‘develop innovative
biologics, materials, processes, implants, devices, and in-
formatics approaches’’ to health problems. I propose an
expansion of the role of bioengineering in cognitive sys-
tems to include not only ‘‘health problems,’’ but applica-
tions for normal nervous systems as well. However, I will
restrict the solutions that will be largely the function of
bioengineering to items that have near-immediate contact
with the body. Thus, a library is a tool that helps with a
cognitive function, memory, but is somewhat beyond a
bioengineering solution. In contrast, a computer mouse is

perhaps a prototypical bioengineering solution for cogni-
tion through the use of understanding of human motion to
interact with a cognitive tool: a computer.

There are three areas of emphasis where efforts from
bioengineering will make a contribution to cognitive sys-
tems: means of interacting with the brain, interpretation
of those data, and development of applications.

2. HOW TO INTERACT WITH THE BRAIN

There are two basic actions that we desire in development
of cognitive systems: knowing what is going on in the
brain and providing information to the brain. At this time,
we have some strong knowledge of methods of fundamen-
tal data processing in the animal brain. For example, we
know how edges, colors, and moving objects are detected
as they appear in the visual fields of the eyes of experi-
mental animals through direct recording of cells in the
visual regions of their brains. We presume that the same
mechanisms are active in the human. This ‘‘bottom-up’’
level of information can help us in design of tools for cog-
nition. We also have tremendous ‘‘top-down’’ knowledge
from measures of cognitive behavior in the human: fea-
tures of memory, decision making, and so on. For provid-
ing information to the brain, we also have a wide variety of
technologies: visual, auditory, tactile, and even smell dis-
plays.

Beyond an individual cognitive process of interest, we
are also interested in the overall ‘‘neural state’’ of the in-
dividual and their cognitive abilities: Are they alert or fa-
tigued; are they focusing on one task or many; or are they
hungry, stressed, or under the influence of drugs? Neural
state assessment will be very useful for cognitive systems
by allowing presentation of problems within the capability
of that individual. Real-time monitoring of the neural
state will lead to the design of an adaptive interface: a
cognitive support tool that would alter information pre-
sentations to conform to the best suited for the condition,
such as ‘‘are you ready to learn?’’

2.1. Signal to Noise

Monitoring brain activity is directed at the fundamental
processes of interest. Adding two numbers, for example,
requires a decision to perform the action, retrieving the
numbers from the appropriate memory register, perform-
ing the addition, storing the result, and outputting the
result in some manner. At this time we can observe the
external behavior, get some reports from the subject per-
forming the addition, and get some crude measures of
brain activity as such actions are performed. We do not
have any ability to directly access the neural processes
involved in a cognitive activity as simple as adding two
numbers. All technologies that we have are at best crude
proxies for the processes of interest. The difficulties are
that the relevant signal: Neuronal firing or ‘‘spiking’’ is
very small, is deep inside a solid structure, and is located
among myriads of signals not related to the task of inter-
est to the external observer. In animal research, we have
the ability to record from a single neuron and relate the
firing of that neuron to an action or behavior. Thus far,
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this is not available to the human, except in extremely
rare circumstances. Despite the difficulties of measuring
neural signals in humans, we do have some remarkable
capabilities. These capabilities include precise monitoring
of behavior, (i.e., body motion), physiologic monitoring
(measurements of body activities that have some relation
to cognitive state or behavior), and measurements of brain
activity. The difficulty of all these measures is being cer-
tain that the parameter of interest is really related to the
behavior of interest.

In Fig. 1, we see a schematic layout of the activities of
interest related to a given event, such as a mental addition
task. In the ‘‘Proximal Cognitive Events’’ are the actual
activities of interest: drawing numbers from memory, per-
forming the addition, storing the result, and so on. There
are also ‘‘Related Central Events,’’ such as redirecting
blood flow to the memory area and focusing attention to
the task. Also, behaviors are related to the task: For ex-
ample, when people perform arithmetic, they tend to roll
their eyes up. There are also changes in body state related
to tasks: changes in breathing, heart rate, eye activity, and
so on. Finally, there are the things we can measure in a
human related to these central events and event-related
behavior. At this time, we have only a small opportunity to
measure the event of interest and can measure some of the
other central events and some of the behaviors. Of course,
all activities of interest are going on with a background of
activity that is unrelated to what we want: regulation of
body functions, other sensory and motor tasks, and so on.
The difficulty, of course, is being able to distinguish the
related events from unrelated.

2.2. Behavior Monitoring

Monitoring behavior includes monitoring of body gestures,
motion, sound generation, and others. In a human–com-
puter interface, we can detect keyboard, mouse, and other
activities. In other conditions, we can either instrument
the body: with motion position sensors to detect limb
movements, footfalls, and so on. Or we can remotely ob-
serve the body with video (Chapter 0599 of WEB), audio,
or vibration sensors. Body instrumentation and remote
observation can provide high resolution near real-time as-
sessment of many body motion parameters. Gestures (vol-
untary or involuntary), movements, keystrokes, and

mouse actions all can provide information relevant to cog-
nitive activities.

2.3. Physiologic Monitoring

Beyond body motion monitoring, physiologic monitoring of
body function can provide information relevant to cogni-
tive activities. A simple parameter, such as heart rate or
beat-to-beat variability, can provide information, when re-
lated to a baseline, as to conditions such as state of
arousal, fatigue, and stress.

Physiologic monitoring can include eye movement pa-
rameters (Chapter 0471 of WEB), breathing rate, gas lev-
els in respiration and blood (Chapter 1036 of WEB),
cardiac parameters including heart rate and stroke vol-
ume (Chapter 0222 of WEB), digestive tract activity [such
as the electrogastrogram (EGG, Chapter 0416 of WEB)],
and conductance of the skin (Chapter 1094 of WEB). As
with movement behavior, these physiologic parameters
can be monitored with instrumentation on the body and
sometimes remotely. For example, eye movement activity
can be monitored with surface electrodes on the face
(electro-oculogram), but also it can be measured with
head worn or remote video cameras (video-oculography,
Chapter 0471 of WEB). Also, as with motor behavior mon-
itoring, these activities can be recorded in near-real time
and provide multiple parameters.

2.4. Neural Activity Monitoring

Some technologies allow us to monitor changes in brain
activity while a person is doing a cognitive task. Recalling
from above that the fundamental information signaling
process in the brain is the firing of neurons, we will review
technologies that tell us something about those signaling
activities.

First, systems can measure changes in regional blood
flow (rBF) in the brain. With an increase in firing activity,
neurons consume more oxygen. Three technologies exist
that can detect changes in rBF: positron emission tomo-
graphy (PET scans), functional magnetic resonance imag-
ing (fMRI), and near-infrared imaging (NIR). PET
scanning depends on the introduction of radiolabeled sub-
stances that get preferentially taken up with energy con-
sumption. In contrast, fMRI uses the difference in radio-

Background Neural Activities

Related Neural Activities

Proximal Neural Activities

Memory Recall Addition Memory Store Language Plan Motor Output

Focusing Attention Regional Blood Flow changes Eye movement activity 

Neuro-regulatory Activities, Alertness maintenance, 

Figure 1. Neural and behavioral events related to cog-
nitive activity and the ability to detect them physiolog-
ically.
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frequency spectral output of oxygenated blood versus de-
oxygenated blood with a magnetic pulse stimulus. NIR
depends on the differential scattering of oxygenated ver-
sus deoxygenated blood. These technologies can currently
achieve resolution on the order of 1 mm3. However, be-
cause of signal-to-noise ratios, they require averaging over
several events to achieve accuracy. Furthermore, changes
in blood flow are only an indirect indicator of neural ac-
tivity. It seems that a few seconds of increased neural fir-
ing has to occur before a detectible change in blood flow
occurs. Also, an increase or decrease in firing of a group of
neurons within a cubic millimeter of brain tissue does not
indicate the signal content. An increase of signal could ac-
tually code a decrease in some quantitative measure and
vice versa. Measures based on regional blood flow changes
are the best indicators of location of neural activities.
Nonetheless, location information is valuable in determin-
ing the mechanisms of cognitive activities.

Direct measures of neural firing are the best indicators
of the neural codes. Two techniques exist today for such
measurements: electroencephalography (EEG, Chapter
0392 of WEB) and magnetoencephalography (MEG, Chap-
ter 0715 of WEB). These techniques take advantage of the
emitted electromagnetic fields (emf) that arise in neurons.
The emf that is detected by EEG is primarily emitted via
electric currents on the surface of a neuron that is stim-
ulated by neurotransmitters crossing a synapse. Such cur-
rents are called postsynaptic potentials. Only neurons
close to the surface of the brain are generally detectable
by EEG. MEG measures the analogous magnetic fields
that are part of the postsynaptic potentials. EEG and
MEG have their limitations. EEG signals are very weak,
and the conductivity of the scalp, skull, and brain tend to
attenuate the signal. MEG does not suffer the attenuation,
but the magnetic fields are extremely weak and thus re-
quire very sensitive gradiometers and a great deal of sig-
nal averaging for detection. EEG and MEG are often most
useful as evoked potentials (EPs) where they are elicited in
response to a specific stimulus such as an image on a
screen. Measurement of postsynaptic potentials is closer
to our goal of detecting signal changes in the brain related
to cognitive activity.

3. METHODS OF ANALYSIS

All cognitive activities involve multiple actions in the
brain and thus result in a myriad of changes in brain ac-
tivity, changes in physiologically measurable parameters,
and changes in behavior. Measurement of a single param-
eter (for example, mouse ‘‘clicks’’ or heart rate) can yield
information useful in the assessment of performance of
cognitive tasks. Measurement of multiple parameters
through techniques such as multiple regression analyses
(Chapter 1138 of WEB) or neural network analyses (Chap-
ter 0829 of WEB) can lead to more powerful and precise
measures of the variables of interest.

4. COGNITIVE SYSTEMS APPLICATIONS

As mentioned, in this article, cognitive systems applica-
tions for bioengineering will be a broadly inclusive cate-
gory.

4.1. Sensory Systems Cognitive Applications

Repair or improvement of sensory systems is an important
technologic development area in bioengineering. By con-
sidering the role of sensory systems in cognitive tasks,
cognitive systems applications of sensory systems en-
hancements can be observed. For example, in the visual
system, there are enhancements for impaired and normal
human vision: contact lenses, lens implants, image en-
hancing for detection of infrared, and so on. Features such
as the focal length design of lenses can be optimized for
use with visual displays. Visual warning systems, image
enhancers, and so on, can all improve cognitive task per-
formance. Similarly, audio amplifiers and auditory im-
plants (Chapter 0280 of WEB) can be designed for
improved auditory function for cognition for such tasks
as discriminating three-dimensional (3-D) audio sources,
detecting alerts, and enhancing audio detection. Somato-
sensory systems can be used as input devices. Haptic con-
trollers (Chapter 1213 of WEB) provide feedback to the
individual about the motion of their hands or bodies. Fur-
thermore, abstract information can be transmitted
through vibration, such as the location of the ‘‘edge’’ of a
virtual window on a desktop metaphor through vibration
of a mouse as it moves ‘‘over’’ the edge or the directional
location vector of an object of interest through the vibra-
tion of small objects on a vest worn closely on the chest.
Acceleration of the head will be detected electronically and
be passed onto the brain via coupling with the auditory
nerve in vestibular prosthesis (Chapter 1264 of WEB). The
design of the prosthesis inputs will be such that the re-
covery and optimization of balance function will be max-
imized, and this channel of information will be usable for
information about things such as the location of objects in
3-D space. Finally, devices for delivery and control of taste
and smell will be able to provide cues to things like emer-
gencies (smell of a fire) or interactions of a more personal
nature.

4.2. Motor Output Cognitive Applications

Movements of the body are of two general natures: phys-
ical movement of self or objects and communication by
voice, writing, or typing or by gestures with eyes, face,
hands, or body. Many applications are already using motor
behavior for cognitive systems enhancements, from the
mundane (keyboard and mouse) to the advanced (video-
based gesture interpretation).

4.3. Higher Brain Function Cognitive Applications

As described, there are a variety of higher brain functions,
including attention, memory, language, consciousness,
emotion, mental imagery, conceptual and procedural
knowledge, numeric ability, decision making, and skill
learning. Bioengineering can use the various behavior re-
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cording, physiologic recording, and neural detection tech-
niques for assistance in cognitive function. There is a
range of approaches to assisting in cognitive function,
starting with diagnostic techniques and ending with neu-
ral implants.

4.3.1. Assessment of Cognitive Ability. Assessment of
cognitive ability is done by a variety of psychological spe-
cialists. The assessments range from testing of reading
and math in schools, to intensive examination of neuro-
logic function after a brain injury or disease. The approach
to such assessment is as simple as a series of questions,
like the Mini Mental Status Exam to measurement of
brain activity through EEG, PET scans, or fMRI. Formal
evaluations by professional psychologists can now be aug-
mented by computer-based testing. Bioengineers contrib-
ute to the ongoing development of cognitive assessment
tools through creation of software tools as well as by de-
velopment and validation of technologies such as EEG and
other brain scanning techniques.

4.3.2. Neural State Monitoring. All of us have experi-
enced the changes in our thinking ability as we get fa-
tigued, consume chemicals such as caffeine or alcohol, or
become ill. Technologies can be used to monitor such
changes in brain states. Instead of using an assessment
tool to compare the cognitive performance of an individual
against a similar population of people as in cognitive per-
formance assessment, in neural state assessment, the
tools are used to compare the performance of an individ-
ual during different conditions. Such ‘‘within subjects’’
comparisons are very powerful and can even be used in
real time. For example, sleepiness in drivers is a large risk
factor for accidents. Through measurement of eye blink
behavior or changes in EEG through a few electrodes on a
headband, it is possible to detect the onset of sleepiness in
real time (3). Neural state monitors for stress, motion
sickness, and other conditions can be envisioned. Such

monitors will be useful for people to understand that their
cognitive abilities may be altered. Note that altered neural
states may actually signal enhanced cognitive ability, such
as after the consumption of caffeine or other states where
the individual is read to learn or act.

4.3.3. Open-Loop Cognitive Applications. Beyond the
assessment of cognitive ability in general or under the in-
fluence of altered neural states, direct intervention for re-
covery or enhancement of specific cognitive abilities is
possible. There are two approaches to such interventions:
open loop and closed loop. In open-loop applications, the
cognitive ability is assessed either theoretically or exper-
imentally. Then an intervention is designed to improve the
ability. The technology can be addressed directly at the
overall cognitive task. For example, software math drills
can be used to train math abilities. Alternatively, and per-
haps the most satisfying intellectually, a fundamental de-
fect can be found that is the root of the cognitive deficit
and an intervention can be designed to correct the root
defect that then leads to the correction of the overall cog-
nitive problem. For example, the FastForWord program by
Scientific Learning is a dramatic example of an open-loop
intervention of a root problem for a cognitive deficit (4).
Neuroscientists had determined that a large group of chil-
dren with poor language abilities had a sound-processing
deficit in their brain. The deficit was detected through the
use of evoked potential technology. It was shown that the
children’s nervous system could only poorly distinguish
between sounds that were presented closely together. A
software program was designed where the children prac-
ticed their ability to temporally discriminate closely
spaced sounds. As their ability to discriminate sounds im-
proved, their overall spoken language processing ability
dramatically improved. Such an approach can be envi-
sioned for memory ability, numeric ability, decision mak-
ing, and so on. Note that these techniques will not obviate

Figure 2. Technology basis for a proposed
memory-cognitive prosthesis. A silicon im-
plant (right side) mimics the neural struc-
tures of the hippocampus, a central structure
for memory. The implant would have direct
connections and electrical activity that would
mate it to the related neural system. Cour-
tesy of Dr. Theodore Berger.
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the need for proper education, but they can potentially
optimize the brain’s ability to learn.

4.3.4. Closed-Loop Cognitive Applications. A theoretic
alternative to the open-loop approach would be a closed-
loop cognitive application. This has not been demon-
strated yet in practice. Open-loop approaches have been
required because we have only had poor abilities to image
the brain during cognitive processes with any reasonable
amount of resolution. However, techniques now seem to be
able to discriminate brain-related activity in ‘‘single
shots.’’ With enhanced signal-to-noise equipment and ad-
vanced signal detection algorithms, it is possible to detect
brain activity related to a cognitive process within a single
event (5). Detecting such brain activity in real time, one
could then intervene with a visual, auditory, motion, or
tactile presentation. By monitoring the intervention au-
tomatically with the brain activity, the intervention can be
altered and improved. Such an approach has not been
created yet, but research groups are studying the possi-
bility.

4.3.5. Neural Implants for Cognitive Abilities. Perhaps
the most audacious approach to cognitive ability from bio-
engineering is the development of neural implants for
cognitive abilities. We are familiar with the successful
programs of cochlear implants (Chapter 0280 of WEB),
where direct electrical stimulation of the auditory nerve
has been able to substitute for the normal mode of audi-
tion. There is research into visual, tactile, and vestibular
neural implants. Beyond such sensory implants, there are
designs for cognitive implants. These implants are biolog-
ical and electronic. Biological implants already have been
attempted for neurologic conditions such as Parkinson’s
disease. Although a fetal cell implant can improve one’s
movement ability, there are apparent effects on the per-
son’s cognitive abilities. Electronic brain implants for cog-
nitive ability are also being designed. At the University of
Southern California, design of a memory implant is un-
derway (Figure 2, with permission from Dr. Theodore Ber-
ger). These implants will be based on the existing memory
circuits and will be designed to be implanted directly into
the memory portions of the brain.

Anderson et al. of Caltech (6) is working on motor con-
trol prostheses. The importance of their work is the use of
the neuroscience of movement control. It is known that
the parietal region of the cortex of the brain is, among

others, important for the development of commands for
intended movement actions. The motor control area of the
brain is important for the direct signals that activate mus-
cles in the body. However, the parietal area’s action is
more related to the goal of the movement, as opposed to its
particular execution. The plan or pre-motor activities
drive the later specific actions. It is somewhat analogous
to the situation where your arm opens the door of the re-
frigerator, but the real point of the action is to get the
drink inside. Anderson et al.’s work with animals with
implanted electrodes in the parietal parts of their brain
shows that detecting intent and getting a computer to act
on it is tractable.

4.3.6. Design Tools. Finally, it is important to note that
the cognitive assessment tools being designed can be used
in a recursive fashion to improve the engineering process.
Thus, an alertness monitor could be used to test a mock-up
of an interface design. If the monitor showed that the in-
terface operator was losing alertness and the ability to
attend to their task, perhaps the interface (or the task)
should be changed. Such cognitive ability monitoring ap-
plications would be a new component of human factors
engineering.
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1. INTRODUCTION

Coherence is a frequency-domain measure of the linear
correlation between two time series that has been used
extensively in biomedical signal processing applications.
Coherence has been used in brain research to quantify the
correlation in electrophysiologic activity between neigh-
boring brain regions in studies related to dyslexia, epi-
lepsy, sleep, cognition, and consciousness (1–5). Coherence
has also received considerable attention in heart research
as investigators have used the measure for automating
arrhythmia detection (6,7), quantifying organization of
fibrillation (8–10), and understanding the physiology un-
derlying heart rate variability (11,12). A number of nu-
merical methods exist for estimating coherence from two
or more time series, including time-frequency implemen-
tations for nonstationary processes. Coherence and a
related measure, partial coherence, may also be used for
system identification. In such context, coherence may be
used to estimate the transfer function for linear systems
where only the input(s) and output(s) may be known, but
the system itself is merely a black box.

2. DEFINITION AND THEORY

The coherence function is a frequency-domain measure of
the linear relation existent between two time series and is
defined by the following expression (13):

Cxyðf Þ¼
Sxyðf Þ

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

Sxxðf ÞSyyðf Þ
p ; ð1Þ

where x(t) and y(t) are two simultaneous time series, Sxy is
the cross-power spectrum between signals x and y, and Sxx

and Syy are the individual power spectra for signals x and
y, respectively. In biomedical signal processing applica-
tions, a more frequently used descriptor of correlation
between two signals is the magnitude-squared coherence
function (MSC) defined as:

MSCðf Þ¼ jCxyðf Þj
2¼

jSxyðf Þj
2

Sxxðf ÞSyyðf Þ
: ð2Þ

MSC is a measure of the linear relation between signals as
a function of frequency, f, and is a real quantity with value
between zero and one. In other terms, MSC measures the
constancy of the time delay (phase) at a specific frequency
between signals x and y. Two linearly related signals (in
the absence of noise) will have an MSC function equal to
one at all frequencies present in both signals, whereas two

random, uncorrelated signals will have an MSC equal to
zero at all frequencies. MSC is similar in concept to the
cross-correlation coefficient except that it is insensitive to
actual phase difference. It is only sensitive to the con-
stancy of phase between the two signals. Any linear
operation (multiplication by a constant or addition) on
one or both of the signals will not alter the MSC between x
and y. However, additive, uncorrelated noise and system
nonlinearities will reduce MSC for two similar signals.

3. ESTIMATION OF MSC

The description of MSC given above is defined for two
analog processes, x(t) and y(t), that are infinite in duration
and are well described by mathematical expressions. In
reality, all data encountered in the research and clinical
environment is of finite length, and x(t) and y(t) are
samples of a random process. Thus, the true coherence
function is unknown and must be estimated. A number of
methods have been proposed for estimating MSC from
finite-duration, digital time series encountered in biome-
dical research and clinical applications. The estimates
differ with respect to the underlying time series model,
the complexity of computation, the bias and variance of
the estimator, and the spectral resolution offered by the
estimator.

3.1. Periodogram-based Estimation

MSC may be estimated for sampled data using a method of
overlapped and ensemble-averaged FFT spectral esti-
mates (14). Basically, estimates of Sxx, Syy, and Sxy are
determined using a Welch periodogram technique, and
their estimates are then used in the definition of MSC
(Equation 2). As defined in Equations 3, 4, and 5, the auto-
power spectra and cross-power spectra of two sequences,
x(n) and y(n) derived from sampling x(t) and y(t), respec-
tively, are estimated and subsequently averaged over
several segments of sequences x and y. MSC is then
calculated from these averaged spectra.

Ŝxxðf Þ¼m
X

k

i¼ 1

jXiðf Þj
2; ð3Þ

Ŝyyðf Þ¼m
X

k

i¼ 1

jYiðf Þj
2; ð4Þ

Ŝxyðf Þ¼m
X

k

i¼ 1

Xiðf ÞY
�
i ðf Þ; ð5Þ

where m¼ 1=kpfs and fs is the sampling frequency.
More specifically, it is assumed that x(t) and y(t) are

sample functions of wide-sense stationary random pro-
cesses, each with a mean of zero over time, and that x(n)
and y(n) are two discrete time series. In this estimate, x(n)
and y(n) are each divided into k segments, each p-points
long. Thus, kp¼N is the total number of data points in
each of the sequences, x(n) and y(n). Each p-point se-
quence is weighted by an appropriate window (i.e., Han-
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ning) and a p-point DFT (Xi(f) and Yi(f)) is then performed.
This estimate for MSC is biased. If the number of seg-
ments, k, equals one, MSC will be unity at all frequencies
regardless of the true MSC between x and y (14). To reduce
this bias and approach the true MSC value, one needs to
increase the number of segments averaged, which results
in a trade-off between spectral resolution and accuracy of
the MSC estimate. For finite-length (N) data sequences, a
large p (small k) provides good spectral resolution but poor
statistical accuracy of the estimate and vice versa. Carter
et al. (14) provide a statistical framework for determining
the appropriate number of segments to be used in an MSC
estimate.

Segmentation is limited by the length of the data
available and the frequency content of the signal. Over-
lapping the data segments has been shown to be effective
in decreasing the bias and variance (by increasing k) while
increasing the resolution (by increasing p) when working
with a finite length of data. Carter et al. (14) recommend
an overlap of 50% of the data segments. Overlap greater
than 50% results in additional computation costs and a
greater correlation between segments, which limits the
amount of improvement in MSC estimation.

Figure 1 shows MSC for two simulated signals,
xðnÞ¼ sinð2p � 50 Hz � nÞþwhite noise and yðnÞ¼ sinð2p �
50 Hz � nÞþ sinð2p � 100 Hz � nÞ þwhite noise, as a function
of number of segments k. Although the peak MSC at 50 Hz
is 1 for all k, this example illustrates that decreasing k
from 40 to 20 to 10 (by increasing p from 128 to 256 to 512),
results in increased spectral resolution but decreased
statistical accuracy. The statistical accuracy for a given
spectral resolution is shown to be visibly improved (re-
duced variability at frequencies other than 50 Hz) by
introducing an overlap of 50% between data segments.
MSC as a function of segmentation for two sets of electro-
physiologic data (Fig. 2) recorded from electrodes placed

inside the upper chambers of the heart during abnormal
heart rhythms is illustrated in Figs. 3 and 4. More
specifically, these signals, called electrograms, were re-
corded from temporary pacing catheters placed in the
high- and middle-right atrium of patients undergoing
electrophysiologic study. In this example, the electro-
grams were collected during two distinct abnormal
rhythms, atrial flutter and atrial fibrillation. Atrial flutter
is characterized by moderate to high MSC throughout the
0–60 Hz band, whereas atrial fibrillation is characterized
by low MSC in the same frequency band. Once again, Figs.
3 and 4 illustrate that for a fixed duration of data,
increasing segmentation decreases the bias and variance
of the MSC estimate. This decrease is particularly striking
when true MSC is low, as is the case for atrial fibrillation.

3.2. Linear Predictive Filter Estimate

An alternative approach to estimating MSC uses the
transfer functions of a pair of linear predictive filters
(15,16). Youn et al. (15) used a pair of adaptive LMS filters
to estimate MSC. Compared with the periodogram esti-
mate previously described, this predictive filter estimate
may be simpler to implement and, because of its adaptive
properties, may be better suited for nonstationary signals.
Furthermore, this estimate is not limited in spectral
resolution by the duration of the signals being compared.
In this approach, two nonrecursive filters (which may be
implemented with adaptive filters) are used to estimate
y(n) from x(n) and to estimate x(n) from y(n), respectively
(Fig. 5). The filter coefficients are chosen to minimize the
error between the output of the predictive filter (i.e., yðnÞ)
and the desired signal (i.e., yðnÞ). The response of the two
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Figure 1. MSC estimates for two simulated
time series, x(n) and y(n), with a common
frequency component of 50 Hz and additive
Gaussian, white noise. Ten-second-long signals
were generated with a simulated sampling
frequency of 512 Hz. MSC was estimated using
a Welch periodogram-based approach. The
number of segments in each time series was
decreased from 40 to 10 as the segment length
was increased from 128 to 512 samples while
the total duration of the time series was held
constant. Note that decreasing the number of
segments and thus increasing the segment
length resulted in the increased spectral reso-
lution, but decreased statistical accuracy of the
MSC estimate. Introducing an overlap of 50%
between 512-sample-long data segments visi-
bly decreased bias and variance of the estimate
and maintained the spectral resolution at 1 Hz.
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filters are given by the following convolutions (16)

yðnÞ¼
X

M

m¼�M

hxyðmÞxðn�mÞ ð6Þ

and

xðnÞ¼
X

M

m¼�M

hyxðmÞyðn�mÞ; ð7Þ

where hxy(m) and hyx(m) are the estimated filter weights
(coefficients). The error terms expressing the goodness of
fit of the models is given by

eyðnÞ¼ yðnÞ � yðnÞ ð8Þ

and

exðnÞ¼ xðnÞ � xðnÞ: ð9Þ

In this type of signal modeling, the filter coefficients,
hxy(m) and hyx(m), are chosen to minimize the mean
squared errors, Efe2

yðnÞg and Efe2
xðnÞg, respectively. If x(n)

and y(n) are stationary, each with a mean of zero over
time, it may be shown that the optimum filter that
minimizes this mean squared error is given by the Weiner
Hopf equations (15)

hxy¼R�1
xx Rxy; ð10Þ

where h0xy¼bhxyð�MÞ . . .hxyð0Þ . . .hxyðMÞc is the optimum
weighting vector for the filter (where 0 denotes transpose)

Figure 2. Intracardiac electrogram record-
ings of electrical activation of the right atrial
chamber of the heart. The top two tracings
were recorded simultaneously from temporary
electrodes placed in the high- and mid-right
atrium of a patient during a cardiac arrhyth-
mia known as atrial flutter. The bottom two
tracings were recorded from the same elec-
trode configuration during a cardiac arrhyth-
mia known as atrial fibrillation. Note the
organized, regularly repeating morphology of
the atrial flutter waveform compared with the
random-looking fluctuations of the fibrillation
waveform.
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X 0ðnÞ¼ xðnÞxðn� 1Þ . . . xðn� 2MÞ½ � is the input vector at
a time n,

Rxx¼EfXðnÞX 0ðnÞg is the correlation matrix for the
input x(n), and

Rxy¼EfYðN �MÞXðnÞg is the cross-correlation between
y(n�M) and x(n).

As stated earlier, the estimated transfer functions, Hxy(f)
and Hyx(f), which are Fourier Transforms of the filter
coefficients, hxy(m) and hyx(m), respectively, can be ex-
pressed as

Hxyðf Þ¼FfhxyðmÞg

Hyxðf Þ¼FfhyxðmÞg ð11Þ

or, using the following identities,

Hxyðf Þ¼
Sxyðf Þ

Sxxðf Þ
ð12Þ

Hyxðf Þ¼
Syxðf Þ

Syyðf Þ
; ð13Þ

where

Syxðf Þ¼S�xyðf Þ: ð14Þ

It follows then that MSC may be determined from the

Figure 3. MSC estimates for recordings of
atrial flutter illustrated in Fig. 2. Data was
sampled at 120 Hz. MSC was estimated using a
Welch periodogram-based approach. The num-
ber of segments in each time series was in-
creased from two to 32 segments as total
duration of the time series being evaluated
was held constant. Note that as segmentation
increases, the bias and variability of the esti-
mate decreases, while the spectral resolution is
reduced.
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product of the two transfer functions, or

MSCðf Þ ¼Hxyðf ÞHyxðf Þ¼
jSxyðf Þj

2

Sxxðf ÞSyyðf Þ
: ð15Þ

A number of algorithms may be used for estimating the
filter coefficients, including an adaptive least-mean-
square (LMS) algorithm (15) and a recursive least-squares
(RLS) algorithm (17). A limitation to this linear filter MSC
estimate is the error that exists in estimating the ideal
transfer function from measured data. This error between
the modeled transfer function and the true transfer func-
tion, because of noise and nonlinearities in the system,
results in an MSC estimate that has both a real and
imaginary part. As Efe2

yðnÞg and Efe2
xðnÞg are minimized

independently, the imaginary part of the product
Hxyðf ÞHyxðf Þ is not necessarily zero (in other words, MSC
is not necessarily real). This error in estimating the
transfer function leads to MSC values that may not be

Figure 4. MSC estimates for recordings of
atrial fibrillation illustrated in Fig. 2. Data
was sampled at 120 Hz. As described in Fig. 2,
MSC was estimated using a Welch periodo-
gram-based approach. The number of seg-
ments in each time series was increased from
two to 32 segments as total duration of the
time series being evaluated was held constant.
Note that as segmentation increases, the bias
and variability of the estimate are dramati-
cally reduced. The effect of segmentation on
the statistical accuracy of the MSC estimate is
especially evident for two time series that
share little correlation.

Figure 5. Illustration of two linear systems used to model the
relationship between two time series, x(n) and y(n). The impulse
response, hxy, represents the impulse response of a linear system
that maps x into y. Similarly, hyx represents the impulse response
of a linear system that maps y into x.
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real or that may lie outside the zero-to-one interval of
magnitude (18). Although attempts have been made to
constrain the estimate to ensure a real-valued estimate of
MSC, the constrained estimates require inverting large
non-Toeplitz matrices, the solution of nonlinear equations
and considerable computation for large quantities of data,
making the estimate impractical for many applications
(17).

3.3. Multitaper Time-Frequency Estimate

The MSC estimators previously described offer insufficient
spectral resolution when examining changes in coherence
for short-duration time periods. An approach to MSC
estimation that is simple to implement with FFT and
provides better spectral resolution, reduced bias, and
reduced variance compared with the periodogram-based
estimator and may be used as a time-frequency distribu-
tion (TFD) is the multitaper MSC estimator (9). Time-
frequency distributions are useful for studying the char-
acteristics of biomedical signals derived from nonstation-
ary physiological processes. MSC may be incorporated into
a TFD to examine changes in the phase relation between
two signals as a function of both time and frequency. A
coherence TFD that makes use of multitaper spectral
estimation (19,20) provides statistically consistent spec-
tral estimates without the data segmentation inherent in
the periodogram-based MSC estimator. This method can
be easily and efficiently implemented using FFT and
belongs to a class of spectral estimators known as quad-
ratic spectral estimators.

As with periodogram spectral estimators, multitaper
spectral estimates are based on frequency-domain ensem-
ble averages. The Welch periodogram estimate uses multi-
ple segments of the time series each tapered with identical
windows (tapers). In contrast, the multitaper estimators
use a single segment of time series tapered with multiple
windows. Thomson (19) proposed a simple multitaper
MSC estimator that has the following form (9):

MSC½f � ¼

PL�1
l¼ 0 Xl½f �Y

�
l ½f �

�

�

�

�

�

�

2

PL�1
l¼ 0 jXl½f �j

2PL�1
l¼ 0 jYl½f �j

2
; ð16Þ

where Xl(f) and Yl(f) are FFTs of single segments x(n) and
y(n) tapered by the lth-order discrete prolate spheroidal
sequence (DPSS) (19). The DPSS are a family of orthogo-
nal tapers known as Slepian sequences. The number of
averaged eigenspectra, L, corresponds to the number of
DPSSs with low leakage for a given spectral resolution.
Computation of DPSSs requires the solution of an L by M
matrix eigenvalue problem. As spectral estimation band-
width is often empirically determined and because DPSSs
must be computed for each spectral estimation bandwidth,
a DPSS approach can be time-consuming. Riedel and
Sidorenko (21) have shown that approximately mini-
mum-bias multitaper spectrum estimates may be obtained
by replacing the DPSSs with closed-form sinusoidal ta-

pers, vlðmÞ:

vl½m� ¼

ffiffiffiffiffiffiffiffiffiffiffiffiffi

2ul

Mþ 1

r

sin
pðlþ 1Þðmþ 1Þ

Mþ 1

� �

; ð17Þ

where ul are weighting factors

ul¼Cð1� ðl=LÞ2Þ ð18Þ

(0rlrL� 1) such that

X

L�1

l¼ 0

ul¼ 1: ð19Þ

Using these L tapers, the spectrum for a short-duration
segment, x(n), that is M-points long may be estimated for
each taper using

Xl½n; k� ¼
X

M�1

m¼0

x½nþm�M=2�vl½m�e
�j2pmf=M ; ð20Þ

where f is discrete frequency and n is the midpoint of the
M-point epoch, x(n). Introducing Equation 20 into Equa-
tion 16 gives us a time-frequency multitaper estimate for
MSC, where MSC is now a function of both frequency f and
time n. Note that the sinusoidal multitaper spectrogram is
given by

Sxx½n; f � ¼
X

L�1

l¼ 0

jXl½n; f �j
2: ð21Þ

The coherence TFD is a normalized measure of shared
spectral variability between random processes X and Y as
a function of time. Temporal resolution is defined by the
segment length M. Corresponding spectral resolution
under uniform weighting conditions is given by (Lþ1)fs/
(Mþ 1), where fs is the sampling frequency.

Figure 6 illustrates the advantage of a time-frequency
estimate for MSC (top graph) versus a traditional estimate
of MSC (bottom graph). In this example, we have two time
series, x(n) and y(n), each consisting of chirp sequences
(sinusoids with time-varying frequencies) mixed with
mutually uncorrelated, Gaussian white noise. Each of
the two time series contains a chirp sequence given by
cos(no(n)), where o(n) is allowed to vary as np/C, where C
is a constant. The multitaper MSC estimate shown in the
top graph shows high coherence along the trajectory of the
chirp that is common to both x(n) and y(n) and low
coherence at all other times and frequencies. In this
example, L¼ 7 and M¼256. In contrast, the bottom panel
of Fig. 6 illustrates MSC using a traditional periodogram-
based approach where the power spectra are averaged
over segments of data, each 256-points long. Note that
although the traditional MSC estimate fails to demon-
strate any significant frequencies of high MSC, the MSC
TFD clearly shows the movement of the common chirp
component over time.

6 COHERENCE



4. WAVELET COHERENCE

Wavelet coherence is an alternative method of quantifying
changes in phase relation between two signals as a func-
tion of both time and frequency. When assessing time-
frequency characteristics of various biomedical signals,
traditional FFT methods are often both inaccurate and
inefficient, as these methods are restricted by a segment or
window length p (22). The inaccuracy is caused by aliasing
of high and low frequencies that fall outside of the spectral
range of the chosen window of duration p, whereas the
inefficiency develops from the need to analyze p

2Dt frequen-
cies at each time step d, regardless of the dominant
frequency of the signal in the given segment. Further-
more, for a subset of short-time, relatively narrow-band,
and fast-changing signals, a sufficient balance between
temporal and spectral resolutions cannot be obtained with
the FFT methods. To overcome these difficulties, a multi-
resolution approach of time-frequency localization that is
relatively independent of p, such as wavelet coherence,
may be more appropriate.

4.1. Wavelet Transform

A wavelet can be defined as any function Co(t) that
satisfies the admissibility condition in Equation 22, and
hence, its corollaries in Equations 23 and 24. In Equations
22 and 23, Co(o) denotes the Fourier transform of Co(t).

Z

jCoðoÞj2

joj
doo1; ð22Þ

jCoðoÞj2jo¼ 0¼ 0; ð23Þ

Z

CoðtÞdt¼ 0: ð24Þ

Hence, to be ‘‘admissible’’ as a wavelet, Co(t) must have a
mean of zero over time and be localized in the time and
frequency domains (23) (i.e., limjtj!1CðtÞ¼ 0 and
limjoj!1CðoÞ¼ 0). However, it is unclear if a particular
rate of decay of Co(t) is more desirable than others in
either domain to meet the latter criterion, at least not in
the context of coherence (24).

As coherence is most strongly influenced by the con-
stancy in phase between two signals, its estimation re-

Figure 6. MSC estimated with a time-fre-
quency distribution (top graph) and with a
traditional Welch periodogram estimate (bot-
tom graph) for two simulated time series, each
containing a common sinusoidal signal that
varies in frequency over time (a chirp). In
each case, the total duration of data used to
estimate MSC was the same. Moreover, the
duration of each subsegment used in each
estimate was 256 points. Note that although
the time-frequency estimate clearly illustrates
a changing MSC as a function of frequency, the
ordinary Welch periodogram-based estimator
shows no significant correlation between x and
y when averaged over the entire data set.
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quires the use of a complex wavelet. A conceptually simple
complex wavelet, which has previously been shown useful
for the estimation of coherence (25) is a Morlet wavelet
(Equation 25):

CoðtÞ¼ p
�1
4 ejste

�t2

2 : ð25Þ

The Morlet wavelet Co(t) is a Gaussian-modulated sine
wave, and has a Fourier transform with a well-defined
dominant spectral peak that allows for easy interpretation
of the spectrum. The corresponding wavelet family of Co(t)
is obtained by scaling and translating Co(t) in both time
and amplitude using a translation factor t and a scale
factor s, the latter representing a reciprocal frequency of
the wavelet (24) (Equation 26).

Cs;tðtÞ¼
1
ffiffiffi

s
p Co

t� t
s

� �

ð26Þ

Figure 7 is an example of the Morlet wavelet at five
increasing scales in the time and frequency domains.
This figure shows that by increasing the scale or central
frequency of the wavelet (i.e., ‘‘squeezing’’ the wavelet),
one will achieve higher temporal but lower spectral reso-
lutions.

The wavelet transform of a continuous signal x(t) is
then given by

WC;xðs; tÞ¼
Z

xðtÞCs;tðtÞdt: ð27Þ

Thus, WC;xðs; tÞ at any given s can be interpreted as a
filtered version of x(t), bandpass-filtered by Cs;tðtÞ.

4.2. Wavelet Coherence Estimation

Wavelet coherence may be estimated for finite sequences,
x(n) and y(n), derived from sampling x(t) and y(t) with a
uniform time step d, using a method of ensemble-averaged
wavelet spectral estimates (24). As defined in Equations
28–32, the wavelet transforms WC;xðs;DnÞ, WC;yðs;DnÞ of
x(n) and y(n) for given scale and translation factors, s and
Dn, respectively, are estimated in the time domain using
convolution or in the Fourier domain using FFT, and then
are used to compute the corresponding auto- and cross-
wavelet spectra, ~SW

xxðs;DnÞ,
~SW
yyðs;DnÞ, and ~SW

xyðs;DnÞ. The
spectra are subsequently averaged over k number of
segments of x(n) and y(n), and the wavelet coherence is
calculated using Equation 33. The * in Equation 32

−100 −50 0
Time (msec)

50 100 0 20 40 60 80 100110120130140150

Frequency (Hz)

S5

S4

S3

S2

S1

Time domain �s,τ(t)→�s,τ(f) Frequency domain

Figure 7. Illustration of the Morlet wavelet in
the time (left panel) and frequency (right
panel) domains at five increasing scales, corre-
sponding to central frequencies of 20, 40, 60,
80, and 100 Hz. The Morlet wavelet is charac-
terized by a Gaussian envelope in the time and
frequency domains. Note that increasing the
central frequency or ‘‘squeezing’’ the wavelet
results in the decreased spectral but increased
temporal resolutions.

8 COHERENCE



denotes complex conjugation.

WC;xðs;DnÞ¼

ffiffiffi

d
s

r

X

p

n¼ 1

xðnÞC ðn� DnÞ
d
s

� �

ð28Þ

WC;yðs;DnÞ¼

ffiffiffi

d
s

r

X

p

n¼ 1

yðnÞC ðn� DnÞ
d
s

� �

ð29Þ

~SW
xxðs;DnÞ¼

X

k

i¼ 1

jWCxi ðs;DnÞj
2 ð30Þ

~SW
yyðs;DnÞ¼

X

k

i¼ 1

jWCyi ðs;DnÞj
2 ð31Þ

~SW
xyðs;DnÞ¼

X

k

i¼ 1

WCxyiW
�

Cyi
ð32Þ

~G2
xyðs;DnÞ¼

j ~SW
xyðs;DnÞj

2

~SW
xxðs;DnÞ

~SW
yyðs;DnÞ

ð33Þ

As in the case of periodogram-based MSC estimator, the
finite sequences x(n) and y(n) are divided into k number of
segments, corresponding to k repetitions of the same
event, with each segment consisting of p number of points.
Thus, kp¼N is the total number of points in each of the
two sequences, x(n) and y(n). As a result of segmentation
required for its estimation, this particular wavelet coher-
ence estimate is subject to the same limitations as the
periodogram-based MSC. Furthermore, because x(n) and
y(n) are finite, edge artifacts will occur at the beginning
and end of the wavelet coherence spectrum. One solution
is to pad the endpoints of both time series with reflected
data samples of both x(n) and y(n). This approach has an
advantage over more conventional zero-padding, as it
results in reduced spectral leakage compared with the
latter. As neither approach can completely eliminate
spectral leakage, it is useful to introduce a Cone of
Influence (COI) (26) in which edge effects cannot be
ignored. The COI can be defined as the area in which
wavelet coherence caused by a discontinuity at the edge
has dropped by a factor of e� 2, and it ensures that the
edge effects are negligible beyond this point.

5. COHERENCE AND TIME DELAY ESTIMATION

The phase information inherent in the cross-spectral
estimate Sxy of MSC can be used in the estimation of a
time delay m between two time series, x(n) and y(n). The
MSC-based estimator is an extension of a conventional
cross-correlation method for time delay estimation and is
known as a generalized cross-correlator (27). This method
offers an improved accuracy and a higher signal-to-noise
ratio of the delay estimate over the convention cross-
correlation technique.

The estimate of the cross-correlation function Rxy(m)
for two sequences, x(n) and y(n), is given by

RxyðmÞ¼
1

N

X

N�m

n¼ 1

xðnÞyðn�mÞ: ð34Þ

The cross-correlation between x(n) and y(n) is related to
the cross-spectral estimate Sxy by the Fourier transform

RxyðmÞ¼
1

N

X

N�1

f ¼ 0

Sxyðf Þe
j 2pf

N m: ð35Þ

The generalized cross-correlator R̂xyðmÞ is then defined as
a weighted function of RxyðmÞ

R̂xyðmÞ¼
1

N

X

N�1

f ¼ 0

Wðf ÞSxyðf Þe
j 2pf

N m; ð36Þ

where W(f) is the estimated generalized weighting func-
tion of MSC, introduced to accentuate those frequencies of
x(n) and y(n) at which MSC is the highest. The time shift
m causing the peak in R̂xyðmÞ is then an estimate of the
true time delay between x(n) and y(n).

Various weighting functions W(f) exist and depend on
specific applications (27). One common weighting func-
tion, shown in Equation 37, is estimated using the max-
imum likelihood method, and is well-suited for biomedical
signal processing applications.

Wðf Þ¼
1

jSxyðf Þj
�

MSCxyðf Þ

1�MSCxyðf Þ
ð37Þ

6. PARTIAL COHERENCE

Symmetric interdependence measures such as ordinary
coherence are often not satisfactory when dealing with a
multivariate data set, as these measures do not distin-
guish between driving and responding components of the
system of interest. In the latter case, a related quantity,
partial coherence, could be more useful, as it measures the
degree of linear relationship between a pair of system
components after the influence of the third component has
been removed (28).

For a system characterized by three (or more) simulta-
neously recorded time series, x(n), y(n), and z(n), partial
coherence g2

xy:z can be calculated from the auto- and cross-
spectra as

g2
xy:z¼

jSyxðf ÞSzzðf Þ � Syzðf ÞSzxðf Þj
2

½Syyðf ÞSzzðf Þ � jSyzðf Þj
2�½Sxxðf ÞSzzðf Þ � jSxzðf Þj

2�
ð38Þ

or

g2
xy:z¼ 1�

1�MSCy:xzðf Þ

1�MSCxyðf Þ

� �

: ð39Þ
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Thus, g2
xy:z assesses whether the correlation between X(f)

and Y(f) can be accounted for by the presence of Z(f). In
other terms, if g2

xy:z between previously correlated X(f) and
Y(f) is zero, the original correlation between X(f) and Y(f)
could be attributed to Z(f) (13). A detailed description of
partial coherence may be found in Bendat and Piersol (13).

7. BIOMEDICAL APPLICATIONS OF MSC

MSC has been used in a variety of biomedical applications
for automated diagnosis and system identification. It has
been particularly useful in differentiating life-threatening
arrhythmias from normal cardiac rhythms as well as
quantifying rhythm organization. Ropella et al. (6,7)
have used MSC to discriminate fibrillatory from nonfibril-
latory cardiac rhythms. As described previously, fibrilla-
tion is characterized by disorganized, continually
changing patterns of activation (Fig. 2) and the absence
of a constant temporal relationship between multiple sites
on the heart. Nonfibrillatory rhythms, such as sinus
rhythm and atrial flutter, typically exhibit moderate to
high levels of MSC throughout the 0–60 Hz band (Fig. 3).
Moreover, sinus rhythm and regular tachycardias
(rhythms with fast heart rates) typically exhibit peaks of
coherence at the rhythm’s fundamental frequency and its
harmonics. Conversely, fibrillatory rhythms typically ex-
hibit low MSC throughout the same 0–60 Hz band (Fig. 4).
Furthermore, for the fibrillatory rhythms, an absence of
harmonic behavior exists for MSC.

Figures 8 and 9 illustrate time-frequency MSC for the
electrogram signals shown in Fig. 2. The TFDs allow one
to observe nonstationary behavior in the electrograms
over relatively short time intervals. Such analysis may
be useful for unraveling the electrophysiologic mechan-
isms responsible for the onset, maintenance, and termina-

tion of arrhythmias such as atrial fibrillation. Lovett et al.
(9) have used MSC TFD to study changes in electrogram
characteristics during procianamide administration for
termination of atrial fibrillation.

Unlike power spectrum analysis and other morphology-
based arrhythmia discrimination schemes, the ability of
MSC to differentiate fibrillatory from nonfibrillatory
rhythms is relatively immune to changing lead configura-
tion (7), changes in signal gain, and the specific morphol-
ogy of the arrhythmia (6,7). However, MSC requires
considerably more computation than the simpler morphol-
ogy-based discrimination schemes.

In addition to arrhythmia discrimination, MSC has
been shown to be a quantitative descriptor of rhythm
organization. In recent years, there has been a growing
interest in quantitatively investigating the ‘‘organization’’
(spatially and temporally) of fibrillatory rhythms. A num-
ber of studies have tried to capture the organization of a
rhythm by quantifying the temporal synchrony and har-
mony between multiple sites in the heart (6–8,10). Such
measures of organization may be useful for probing the
underlying mechanisms for the initiation, sustenance, and
termination of fibrillatory rhythms (7).

MSC has also been used extensively in brain research
to quantify the correlation in spontaneous EEG activity,
event-related potentials (ERP), and neuronal spike trains
between remote brain regions in various normal and
diseased states. It has been particularly useful in studies
related to visual processing and consciousness (29,30), and
monitoring of electrophysiological brain activity under
anesthesia (31). Imas et al. (32) used wavelet coherence
to assess temporal variations in frequency correlation of
visual ERPs between frontal and posterior cortical regions
in the waking state and during anesthetic administration
in the rat. This study showed that broad-band (5–50 Hz)
MSC was decreased by the anesthetic between frontal and

Figure 8. MSC in the 0–60 Hz band displayed as a
time-frequency distribution for the same recording
of atrial flutter shown in Fig. 2.
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primary visual brain regions near 100 ms after visual
stimulus just prior to the loss of consciousness and re-

mained depressed in deep anesthesia. On the other hand,
MSC between two frontal locations in the entire 1-s

Figure 9. MSC in the 0–60 Hz band displayed as
a time-frequency distribution for the same re-
cording of atrial fibrillation shown in Fig. 1.
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Figure 10. Illustration of wavelet coherence computed
from visual event-related potentials between primary
visual (V1) and frontal (FR) cortices, and between two
FR locations at selected concentrations of isoflurane anes-
thetic in four rats. Isoflurane depressed broad-band (5–
50 Hz) V1-FR coherence near 100 ms after visual stimulus
at 0.5%, just prior to the loss of consciousness at 0.8%. The
V1-FR coherence remained depressed at 1.5%. Local FR
coherence in the entire 1-second poststimulus interval
was unaffected by isoflurane, and remained low (o0.2) at
low frequencies (5–10 Hz) and high (40.7) at gamma (20–
60 Hz) frequencies in the waking state and at all concen-
trations.
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poststimulus period was low (o0.2) at 5–10 Hz and high
(40.7) at 20–50 Hz in the waking state and was unaffected
by the anesthetic concentration (Fig. 10).

Recently, the usefulness of wavelet coherence has also
been demonstrated in the analysis of temporal behavior of
the fMRI blood oxygenated-level-dependent (BOLD) sig-
nal. This method was shown more suitable for the inves-
tigation of BOLD dynamics than an average phase lag
obtained by correlation or conventional spectral methods
(33).
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COMPLEXITY, SCALING, AND FRACTALS IN
BIOLOGICAL SIGNALS

BRUCE WEST

US Army Research Office
Research Triangle Park, North
Carolina

1. HISTORICAL PERSPECTIVE ON SIGNALS AND
COMPLEXITY

1.1. The Distant Past

A biological signal as used herein is a time series having
information about the complex biological phenomena
being interrogated. This information does not present
itself in a unique way in biological systems, but comes in
many shapes and forms depending on the system. Conse-
quently, to make the discussion manageable, the datasets
analyzed are restricted to that branch of biology that deals
with the function and activities of life and of living matter,
such as organs, tissues, and cells, that is, to physiology.
Complexity in this context incorporates the recent ad-
vances in physiology concerned with the application of
concepts from fractal geometry, fractal statistics, and
nonlinear dynamics, to the formation of a new kind of
understanding in the life sciences. However, even physio-
logical time series are quite varied in their structure. In
auditory or visual neurons, for example, the measured
quantity is a time series consisting of a sequence of brief
electrical action potentials with information regarding the
underlying dynamical system residing in the spacing
between spikes, not in the pulse amplitudes. A very
different kind of biological signal is contained in an
electrocardiogram (ECG), where the analog trace of the
ECG pulse measured with electrodes attached to the chest
and reproduces the stages of the heart pumping blood. The
amplitude and shape of the ECG analog recording carries
information in addition to the spacing between heart-
beats. A third kind of physiological time series is an
electroencephalogram (EEG), where the output of the
channels attached at various points along the scalp,
recording the brain’s electrical potential, appears to be
random. The information about the operation of the brain
is buried deep within the erratic fluctuations measured at
each of these points along the scalp. Thus, a biological
signal, here a physiological time series, can have both a
regular part and a fluctuating part; the challenge is how to
best analyze the time series from a given physiologic
system to extract the maximum amount of information.

Biological time series have historically been fit to the
engineering paradigm of signal plus noise. The signal is
assumed to be the smooth, continuous, predictable, large-
scale motion in a time series. The idea of signal and
predictability go together, in that signals imply informa-
tion, and very often the mechanistic interpretation of
information has to do with our ability to associate that
information with mechanical, predictable processes
within the system generating the time series. Noise, on
the other hand, is typically discontinuous, small-scale,

erratic motion that is seen to disrupt the signal. The noise
is assumed, by its nature, to contain no information about
the system, but rather to be a manifestation of the
influence of the unknown and uncontrollable environment
on the system’s dynamics. Noise is considered to be
undesirable and is filtered out of the time series whenever
possible. The mathematician Norbert Wiener, as his con-
tribution to the WWII war effort, gave the first systematic
discussion of this partitioning of erratic time series into
signal and noise in his book Time Series (1), using the then
newly extended theory of harmonic analysis applied to
communication theory. Wiener’s partitioning of effects
does not take into account the possibility that the under-
lying process can be complex, and such complexity does
not allow for this neat separation into the traditional
signal and noise. Complexity is, in fact, the usual situation
in biology so one ought not to expect that biological time
series separate. The signal plus noise paradigm does not
apply to biological signals in general because of the
complexity of the underlying phenomena, complexity
that is often manifest in the fractal properties of the
time series.

The fractal concept was formally introduced into
science by Beniot Mandelbrot over 20 years ago and has
since then captured the imagination of a generation of
scientists. His monograph (2) brought together mathema-
tical, experimental, and physical arguments that under-
mined the traditional picture of the physical world. Since
the early eighteenth century, it had been accepted that
celestial mechanics and physical phenomena in general
are described by smooth, continuous, and unique func-
tions. This belief is also part of the conceptual infrastruc-
ture of the physiological sciences and the engineering
concept of what constitutes a signal. The changes in
physical processes are modeled by systems of dynamical
equations and the solutions to such equations are contin-
uous and differentiable at all but a finite number of points.
Therefore, the phenomena being described by these equa-
tions were thought to share the properties of continuity
and differentiability. Thus, the solutions to the Euler–
Lagrange equations, or Hamilton’s equations, were
thought to be analytic functions and to represent physical
phenomena in general, which was the situation until the
work of Poincaré on nonlinear dynamical systems in the
latter part of the nineteenth century (3), which came to be
called chaos in the latter part of the twentieth century.

At the time of Poincaré’s analysis of the three-body
problem, the perspective in medicine was that of home-
ostasis, which asserts that physiological systems operate
in such a way as to maintain a constant output, given a
variable input. This vision of medicine dates from the mid-
nineteenth century and views the human body as consist-
ing of feedback loops and control mechanisms that guide
the perturbed physiology back to an equilibrium-like state
of dynamic harmony. Recent research indicates that this
picture is no longer viable and a more complete descrip-
tion of physiologic systems requires the use of nonequili-
brium statistical concepts. In particular, fractal
physiology requires the use of nonlinear dynamical con-
cepts and nonstationary statistics, both of which may be
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manifest through the scaling behavior of physiological
time series.

Mandelbrot called into question the accuracy of the
traditional perspective of the natural sciences, by pointing
to the failure of the equations of physics to explain such
familiar phenomena as turbulence and phase transitions.
In his books (2,4), he catalogued and described dozens of
physical, social, and biological phenomena that cannot be
properly described using the familiar tenants of dynamics
from physics. The mathematical functions required to
explain these complex phenomena have properties that
for a hundred years had been categorized as mathemati-
cally pathological. Mandelbrot argued that, rather than
being pathological, these functions capture essential prop-
erties of reality and are therefore better descriptors of the
physical world than are the traditional analytical func-
tions of nineteenth century physics and engineering.

Living organisms are immeasurable more complicated
than inanimate objects, which partly explains why we do
not have available fundamental laws and principles gov-
erning biological phenomena equivalent to those in phy-
sics. For example, no biological equivalents exist of
Newton’s Laws, Maxell’s equations, and Boltzmann’s Prin-
ciple for physiological phenomena. Therefore, a strategy
for analyzing a diverse set of physiologic time series is
reviewed and the authors are content with suggesting
that this strategy reveals an underlying symmetry in
these separate systems that can be exploited. The analysis
suggests a new kind of control theory and a new inter-
pretation of disease, both of which are taken up in due
course.

Schrödinger, in his book What is Life? (5), laid out his
understanding of the connection between the world of the
microscopic and macroscopic, based on the principles of
equilibrium statistical physics. In that discussion, he
asked why atoms are so small relative to the dimensions
of the human body. The answer to this question is both
immediate and profound. The high level of organization
necessary to sustain life is only possible in macroscopic
systems; otherwise the order would be destroyed by
microscopic (thermal) fluctuations. A living organism
must be sufficiently large to maintain its integrity in the
presence of thermal fluctuations that disrupt its constitu-
tive elements. Thus, macroscopic phenomena are charac-
terized by averages over ensemble distribution functions;
averages that smooth out microscopic fluctuations. Con-
sequently, any strategy for understanding physiology
must be based on a probabilistic description of complex
phenomena, and as the reader shall see, on our under-
standing of phenomena lacking characteristic time scales,
that is, on self-similar or fractal scaling.

Three types of fractals exist that appear in the life
sciences: geometrical fractals, which determine the spatial
properties of the tree-like structures of the mammalian
lung, arterial and venous systems, and other ramified
structures (6); statistical fractals, which determine the
properties of the distribution of intervals in the beating of
the mammalian heart, breathing, and walking (7); and
dynamical fractals, which determine the dynamical prop-
erties of systems having a large number of characteristic
time scales, with no one scale dominating (8). In the

complex systems found in physiology, the distinction
between these three kinds of fractals blur, but attention
should focus on the dynamical rather than the geometrical
fractals, in part, because the latter have been reviewed in
a number of places and there is little i can add to that
understanding (9).

Physiological signals, or more specifically physiologic
time series, require such foundation concepts as complex-
ity, fractals, diverging moments, nonlinear dynamic, and
other related mathematical ideas for their understanding.
Of course, a number of books have been written about any
one of these ideas — books for the research expert, books
for the informed teacher, books for the struggling gradu-
ate student, and books for the intelligent lay person.
Different authors stress different characteristics of com-
plex phenomena, from the erratic data collected by clinical
researchers to the fluctuations generated by deterministic
dynamical equations used to model such systems. Some
authors have painted with broad brushstrokes, indicating
only the panorama that these concepts reveal to us,
whereas others have sketched with painstaking detail
the structure of such phenomena and have greatly en-
riched those that could follow the arguments. In this
chapter, this presentation is viewed as midway between
the two because fractal physiology (6,10) and the decoding
of physiological signals is still very much a work in
progress.

1.2. Complexity, Dynamics, and Randomness

The description of a complex system consists of a set of
dynamical elements, whatever their origin, together with
a defining set of relations among those elements; the
dynamics and the relations are typically nonlinear.. A
physiologic system may be identified as such because it
performs a specific function, such as breathing or walking,
but each of these functional systems is part of a hierarchy
that together constitutes the living human body. Conse-
quently, the human body may be seen as a system of
systems, each separate system being complex in its own
right, but contributing to a complex network of interacting
systems, which is what the physician has chosen to under-
stand; although the neurosurgeon specializes in the brain
and the cardiologist focuses on the heart, they both must
interpret the signals from the system to determine the
influence of the other systems on their specialization.

It is not very useful to list the properties associated
with the complexity of a system, because any list of traits
of complexity would be arbitrary and idiosyncratic (11,12).
Therefore, instead of such a list, the author proposes the
working definition of a complex phenomenon as being a
system with complicated and intricate features, having
both the characteristics of randomness and order. Implicit
in this definition is the notion that randomness alone is
simple and order alone is also simple, it is only the two
together that constitutes complexity, as is argued below.

The most subtle concept entering into our discussion of
complexity is the existence and role of randomness (13,14).
From one perspective, the unpredictability associated
with randomness has to do with the large number of
elements in a system (15). A large number of variables
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may be sufficient, but it is not a necessary condition for
randomness and loss of predictability. It is now known
that having only a few dynamical elements in the system
does not ensure predictability or knowability. It has been
demonstrated that the irregular time series observed in
such disciplines as economics, chemical kinetics, physics,
language, physiology, biology, and so on, are at least in
part because of chaos (8,16). Technically, chaos, the dy-
namic concept discovered by Poincaré, is a sensitive
dependence on initial conditions of the solutions to a set
of nonlinear, deterministic, dynamical equations. Practi-
cally, chaos implies that the solutions to such equations
look erratic and may pass all the traditional tests for
randomness, although the equations themselves are de-
terministic. Therefore, if we think of random time series
as complex, then the output of a chaotic generator is
complex. However, it is known that systems as simple as
a ID, quadratic map can generate a chaotic sequence.
Thus, using the traditional definition of complexity, it
would appear that chaos implies the generation of com-
plexity from simplicity, which is part of Poincaré’s legacy
of paradox (3). Another part of his legacy is the fact that
chaos is a generic property of nonlinear dynamical sys-
tems, which is to say chaos is ubiquitous; all biological
systems change over time, and because they are nonlinear,
they can, in principle, manifest chaotic behavior at some
level of description.

A deterministic nonlinear system, with only a few
dynamical variables, has chaotic solutions and therefore
can generate random patterns. So we encounter the same
restrictions on our ability to know and understand a
system when only a few nonlinear dynamical elements
exist as when a great many dynamical elements exist, but
for very different reasons. Physicists refer to the latter
random process as noise, the unpredictable influence of
the environment on the system of interest. Here, the
environment is assumed to have an infinite number of
elements, all of which are not known, but they are coupled
to the system of interest and perturb it in a random, that
is, unknown, way (17). By way of contrast, chaos is a
consequence of the nonlinear, deterministic interactions
in an isolated dynamical system, resulting in erratic
behavior of, at most, limited predictability. Chaos is an
implicit property of a nonlinear dynamical system,
whereas noise is a property of the environment in contact
with the system of interest. Chaos can therefore be con-
trolled and predicted over short time intervals, whereas
noise can neither be predicted nor controlled, except
perhaps through the way the system is coupled to the
environment.

The above distinction between chaos and noise high-
lights one of the difficulties of formulating unambiguous
measures of the dynamic properties of complex phenom-
ena. As noise cannot be predicted or controlled, it might be
viewed as being complex; thus, systems with many de-
grees of freedom manifest randomness and may be con-
sidered complex. On the other hand, systems with only a
few dynamical elements, when they are chaotic, might be
considered simple. In this way, the idea of complexity is ill
posed, because very often chaos and noise cannot be
distinguished, so one cannot know if the system has a

few variables (simple?) or many variables (complex?).
Consequently, because noise and chaos are often confused
with one another, a new approach to the definition of
complexity is required.

In early papers on systems theory, it was argued that
the increasing complexity of an evolving system can reach
a threshold where the system is so complicated that it is
impossible to follow the dynamics of the individual ele-
ments, see, for example, Weaver (12). At this point, new
properties often emerge and the new organization under-
goes a completely different type of dynamics. The details of
the interactions among the individual elements are sub-
stantially less important, at this point, than is the ’’struc-
ture,’’ the geometrical pattern, of the new aggregate. This
behavior is self-aggregating. Increasing the number of
elements beyond this point, or alternatively increasing
the number of relations among the existing elements,
often leads to a complete ’’disorganization’’ and the sto-
chastic approach becomes a viable description of the
system behavior. If randomness (noise) is now considered
as something simple, as it is intuitively, one has to seek a
measure of complexity that increases as the number of
variables increases, reaches a maximum where new prop-
erties may emerge, and eventually decreases in magni-
tude in the limit of the system having an infinite number
of elements, where thermodynamics properly describes
the system. Thus, a system is simple when its dynamics
are regular and described by a few variables; simple again
when its dynamics are random and described by a great
many variables; but somewhere between these two ex-
tremes its dynamics are complex, being a mixture of
regularity (order) and randomness (disorder).

1.3. Complexity, Scaling, and Renormalization

Scale invariance is the property that relates the elements
of time series across multiple time scales and has been
found to hold empirically for a number of complex phe-
nomena including many of physiologic origin. The math-
ematical definition of scaling requires that a function F(.)
of N variables (x1,x2,yxN) is scale-invariant if

F x1; x2; . . . xNð Þ¼ gbF ga1x1; ga2x2; . . . gaN xNð Þ: ð1Þ

Equation 1 is interpreted such that by scaling each of
the N variables by an appropriate choice of exponents (a1,
a2,yaN) the same function F(.) is always recovered up to
an overall constant gb. For the moment, the focus is on the
scaling of time series and subsequently on the scaling of
diffusion processes.

One of the ways to understand scaling in experimental
data is by means of a renormalization group approach.
Consider an unknown function Z(t) that satisfies a rela-
tion of the form

Z btð Þ¼aZ tð Þ: ð2Þ

Such relations are referred to as scaling and can be solved
in the same way one solves differential equations; that is,
guess the form of the solution, substitute that guess into
the equation, and see if it works, which is done here, and
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assume a trial solution of the form

Z tð Þ¼A tð Þtm: ð3Þ

Substituting Equation 3 into Equation 2 yields the condi-
tion that the function A(t) is periodic in the logarithm of
the time with period log b, that is, A(bt)¼A(t), and the
power-law index has the value

m¼
loga

logb
: ð4Þ

In the literature, Z(t) is called a homogeneous function
(8).

The homogeneous function Z(t) is now used to define
the scaling observed in the moments of an experimental
time series with long-time memory. The second moment of
a stochastic process X(t) having long-time memory is given
by

X btð Þ2
D E

¼ b2H X tð Þ2
� �

; ð5Þ

where the brackets denote an average over an ensemble of
realizations of the fluctuations in the time series. For the
same process, a different scaling is given for the autocor-
relation function

C btð Þ¼ b2H�2C tð Þ: ð6Þ

Finally, the spectral density for this time series, given by
the Fourier transform of the autocorrelation function, is

S boð Þ¼ b1�2HS oð Þ: ð7Þ

The solutions to each of these three scaling equations are
of precisely the algebraic forms implied by Equation 3,
with the modulation amplitude fixed at a constant.

The above renormalization scaling yields a mean-
square signal level that increases nonlinearly with time as

X tð Þ2
� �

/ t2H ; ð8Þ

where the exponent H is a real constant, often called the
Hurst exponent, after Mandelbrot. In a simple random
walk model of such a process, the steps of the walker are
statistically independent of one another and H¼ 1/2,
corresponding to normal diffusion. The simplest general-
ization of this model is to make each step dependent on the
preceding step in such a way that the second moment
given by Equation 8 has HO1=2 and corresponds to
anomalous diffusion. A value of Ho1=2 is interpreted as
an antipersistent process in which a walker’s step in one
direction is preferentially followed by a reversal of direc-
tion. A value of H > 1=2 is interpreted as a persistent
process in which a walker’s step in one direction is
preferentially followed by another step in the same direc-
tion. This interpretation of anomalous diffusion in terms of
random walks would be compatible with the concept of

environmental noise where the environment forces the
step in each time interval.

In a complex system, the response X(t) is expected to
depart from the totally random condition of the simple
random walk model, because such fluctuations are ex-
pected to have memory and correlation. In the physics
literature anomalous diffusion has been associated with
phenomena with long-time memory such that the auto-
correlation function is

C t1; t2ð Þ¼ X t1ð ÞX t2ð Þ
� �

/ t1 � t2j jb: ð9Þ

Here, the power-law index is given by b¼ 2H–2. Note that
the two-point autocorrelation function depends only on
the time difference, thus, the underlying process is sta-
tionary. The autocorrelation function is an inverse power
law in time implying that the correlation between points
decreases in time with increasing time separation because
0 � H � 1. This scaling behavior is also manifest in the
spectrum, which is an inverse power law in frequency

S oð Þ /
1

o2H�1
: ð10Þ

Together, these three properties, the algebraic increase
in time of the mean-square signal strength (Equation 8),
the inverse power law in time of the autocorrelation
function (Equation 9), and the inverse power law in
frequency of the spectrum (Equation 10), are typically
observed in anomalous diffusion. These properties are
usually assumed to be the result of long-time memory in
the underlying statistical process. Beran discusses these
power-law properties of the spectrum and autocorrelation
function, as well as a number of other properties involving
long-time memory, for discrete time series (18). However,
another interpretation of anomalous diffusion exists in
terms of the statistical distribution, which is taken up
later.

2. SCALING IN PHYSIOLOGYCAL TIME SERIES

2.1. Aggregated Allometric Analysis (A3)

The term scaling denotes a power-law relation between
two variables x and y

y¼Axa; ð11Þ

as Barenblatt (19) explained in his excellent inaugural
lecture before the University of Cambridge in 1993. He
pointed out that such scaling laws are not merely special
cases of more general relations, they never appear by
accident, and they always reveal self-similarity, a very
important property of the phenomena being studied. In
biology, Equation 11 is historically referred to as an
allometric relation between two observables. Such rela-
tions were introduced into biology in the nineteenth
century. Typically, an allometric relation interrelates two
properties of a given organism. For example, the total
mass of a Fiddler Crab y is proportional to the mass of the
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crab’s claw x raised to a specific power a. Huxley summar-
ized the experimental basis for this relation in his 1931
book (20) and developed the mathematics to describe and
explain allometric growth laws. In biological systems, he
reasoned, two parts of an organism grow at different rates,
but the rates are proportional to one another. Conse-
quently, how rapidly one part of the organism grows can
be related to how rapidly the other part of the organism
grows and the ratio of the two rates is constant.

Herein the allometric relation is extended to include
measures of time series. In this extended view, y is
interpreted to be the variance and x the average value of
the quantity being measured. The fact that these two
central measures of the time series satisfy an allometric
relation implies that the underlying time series is a fractal
random process. The correlation of time series data is here
determined by grouping the data into aggregates of two or
more of the original data points and calculating the mean
and variance at each level of aggregation. Consider the jth
data element of an aggregation of n-adjacent data points

Y nð Þ
j ¼

X

n�1

k¼ 1

Ynj�k ð12Þ

In terms of these aggregated data, the average is defined
by

�Y nð Þ �
1

N=n
� �

X

N=n½ �

j¼ 1

Y nð Þ
j ¼n �Y 1ð Þ; ð13Þ

so that the average of the aggregated data can be ex-
pressed in terms of the original average. For example,
when n¼ 3, each value of the new variable, defined by
Equation 12, consists of the sum of three nonoverlapping
original data points, and the number of new data points is
given by [N/3], where the brackets denote the closest
integer value and N is the original number of data points.
The variance, for a monofractal random time series, is

similarly given by (10)

VarY nð Þ ¼n2H �Y 1ð Þ; ð14Þ

where the superscript (1) on the average variable indicates
that it is determined using all the original data without
aggregation and the superscript (n) on the variable indi-
cates that it was determined using the aggregation of n-
adjacent data points. Here again, H is the Hurst exponent.
Thus, solving Equation 13 for n and substituting this
value into Equation 14, we obtain the allometric relation
given by Equation 11 with the parameters given by the
theoretical values

A¼
VarY 1ð Þ

�Y 1ð Þ
� �a ð15Þ

and

a¼ 2H: ð16Þ

It is well established (10) that the exponent in a scaling
equation such as Equation 14 is related to the fractal
dimension D of the underlying time series by D ¼ 2 – H,
so that

D¼ 2� a=2: ð17Þ

A simple monofractal time series, therefore, satisfies the
power-law relation of the allometric from given by Equa-
tion 11.

The allometric aggregation approach (A3) has been
applied to a number of datasets implementing the method
of linear regression analysis on the logarithm of the
variance and the logarithm of the average value. Conse-
quently, all the processed data from self-similar dynamical
systems would appear as straight lines on log-log graph
paper. For example, in Fig. 1 the author applies Equation
12 to one million computer-generated data points with
Gaussian statistics. The far left dot in this figure contains
all the data in the calculation of the aggregated mean and

Figure 1. The logarithm of the standard
deviation is plotted versus the logarithm of
the mean for the successive aggregation of
106 computer-generated random data points
with Gaussian statistics using Equation 12.
The slope of the curve is essentially one-half
so the fractal dimension of the time series is
1.5.
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standard deviation so that n¼ 1 in Equation 14. The next
point to the right in the figure contains the nearest-
neighbor data points added together to define a dataset
with a half million data points from which to calculate the
mean and standard deviation. Next, take the original data
and add the three nearest-neighbor data points to define a
dataset with 333,333 data points, and so on. Consequently,
this process of aggregating the data is equivalent to
decreasing the resolution of the time series, and as the
resolution is systematically decreased, the adopted mea-
sure, the relationship between the mean and standard
deviation, reveals an underlying property of the time
series that was present all along. The increase in the
standard deviation with increasing average for increasing
aggregation number shown in the figure is not an arbi-
trary pattern. The relationship indicates that the aggre-
gated data points are interconnected. The original data
points are not necessarily correlated, but the addition of
data in the aggregation process induces a correlation, one
that is completely predictable. The induced correlation is
linear if the original data is uncorrelated, but the induced
correlation is not linear if the original data is correlated.

The aggregated standard deviation versus the aggre-
gated mean falls along a straight line in Fig. 1 with a slope
of 0.5 for the uncorrelated random process with computer-
generated Gaussian statistics. Therefore, in the case of
Gaussian statistics, from the slope of the curve, a¼ 1, so
that the fractal dimension is given by D¼ 1.5 correspond-
ing to the fractal dimension of Brownian motion (10). In
the same way a completely regular time series would have
a¼2, so that D¼ 1. The fractal dimension for most time
series fall somewhere between the two extremes; the
closer the fractal dimension is to one, the more regular
the process; the closer the fractal dimension is to 1.5, the
more it is like an uncorrelated random process. The data
analyzed in Fig. 1 certainly have a single fractal dimen-
sion characterizing the entire computer-generated time
series. If the power-law index, the slope of the above curve,
is 0.5, then the data are an uncorrelated random process.
If the index were greater than 0.5, then the data cluster
which indicate correlations in the random process.

2.2. Heart Rate Variability (HRV)

The mechanisms producing the observed variability in the
size of a heart’s interbeat intervals apparently develop
from a number of sources. The sinus node (the heart’s
natural pacemaker) receives signals from the autonomic
(involuntary) portion of the nervous system, which has
two major branches: the parasympathetic, whose stimula-
tion decreases the firing rate of the sinus node, and the
sympathetic, whose stimulation increases the firing rate
of the sinus node pacemaker cells. The influence of these
two branches produces a continual tug-of-war on the sinus
node, one decreasing and the other increasing the heart
rate. It has been suggested that it is this tug-of-war that
produces the fluctuations in the heart rate of healthy
subjects. Consequently, heart rate variability (HRV) pro-
vides a window through which one can observe the heart’s
ability to respond to normal disturbances that can affect
its rhythm. The clinician focuses on retaining the balance

in regulatory impulses from the vagus nerve and sympa-
thetic nervous system and, in this effort, requires a robust
measure of that balance (21). A quantitative measure of
HRV time series, such as the fractal dimension, serves this
purpose.

HRV time series have become very well known over the
past two decades as a quantitative indicator of autonomic
activity. The medical community became interested in
developing such an indicator of heart rate because experi-
ments indicated a relationship between lethal arrhyth-
mias and such activity. The importance of HRV to
medicine became widely apparent when a task force was
formed by the Board of the European Society of Cardiology
and the North American Society of Pacing and Electro-
physiology, which was charged with the responsibility of
developing the standards of measurement, physiological
interpretation, and clinical use of HRV. The task force
published their findings in 1996 (21).

A number of ways exist to assess HRV, some 16 in all,
each related to scaling in one way or another, but the
author does not want to go into them all here. Instead, the
author identifies the scaling exponent for the HRV time
series using A3 as being among the most revealing of the
nature of cardiac variability for the amount of effort
involved in its determination. Consider the beat-to-beat
intervals shown in Fig. 2, a typical HRV time series for a
healthy young adult male. The data points in the figure
are connected to aid in visualizing how the time intervals
between heartbeats are changing. It is evident that the
variation in the time intervals between heartbeats is
relatively small, the mean being 0.72 s and the standard
deviation being 0.1 s. This relatively modest variance
supports the frequently used medical term normal sinus
rhythm. So the question of what is learned by applying A3

to these data and plotting the standard deviation and
average as a function of aggregation number becomes
important.

In Fig. 3, the logarithm of the standard deviation is
plotted versus the logarithm of the average value for the
HRV time series depicted in Fig. 2. At the left-most
position, the data point indicates the standard deviation
and average using all the data points. Moving from left to
right, the next data point is constructed from the time
series with two nearest-neighbor data points added to-
gether, and the procedure is repeated moving right until
the right-most data point has 20 nearest-neighbor data
points added together. The solid line is the best linear
representation of the scaling and intercepts most of the
data points with a positive slope of 0.76. One can see that
the slope of the HRV data is midway between the dashed
curves depicting an uncorrelated random process (slope¼
1/2) and one that is deterministically regular (slope¼ 1).

The author emphasizes that the conclusions drawn
here are not from this single figure or set of data pre-
sented; these data are only representative of a much
larger body of work. The conclusions are based on a large
number of similar observations (22) made using a variety
of data processing techniques, all of which yield results
consistent with the scaling of the HRV time series indi-
cated in Fig. 3. The heartbeat intervals do not form an
uncorrelated random sequence; instead, the analysis sug-
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gests that the HRV time series is a statistical fractal,
indicating that heartbeats have a long-time memory. The
implications of this long-time memory concerning the
underlying physiological control system will be taken up
later.

Phenomena obeying scaling relations, such as shown
for the HRV time series data in Fig. 3, are said to be self-
similar. The fact that the standard deviation and average
values change as a function of aggregation number im-
plies that the magnitudes of these quantities depend on
the size of the ruler used to measure the time interval.
Recall that this measure is one of the defining character-

istics of a fractal curve; the length of a fractal curve
becomes infinite as the size of the ruler used to measure
it goes to zero. The dependence of the average and
standard deviation of the ruler size, for a given time
series, implies that the statistical process is fractal and,
consequently, defines a fractal dimension for the HRV
time series. These results are consistent with those first
obtained by Peng et al. (23) for a group of 10 healthy
subjects having a mean age of 44 years, using 10,000 data
points for each subject. They concluded that the scaling
behavior observed in HRV time series is adaptive for two
reasons: First, that the long-time correlations constitutes

0 0.2 0.4 0.6 0.8 1 1.2
Log average

-1.2

-1

-0.8

-0.6

-0.4

-0.2

0

L
o

g
 s

ta
n

d
ar

d
 d

ev
ia

ti
o

n

Interbeat Interval

random

regular

Figure 3. The logarithm of the standard deviation
is plotted versus the logarithm of the average value
for the heartbeat interval time series for a young
adult male, using sequential values of the aggrega-
tion number. The solid line is the best fit to the
aggregated data points and yields a fractal dimen-
sion of D¼1.24 midway between the curve for a
regular process, and that for an uncorrelated ran-
dom process as indicated by the dashed curves.

Heartbeat intervals

Interval number

S
ec

on
ds

1.4

1.2

1

0.8

0.2

0.4

0.6

100 200 300 400 500

Figure 2. The time series of heartbeat intervals of a
healthy young adult male is shown. It is clear that the
variation in the time interval between beats is rela-
tively modest but certainly not negligible.
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an organizing principle for highly complex, nonlinear
processes that generate fluctuations over a wide range of
time scales; second, the lack of a characteristic scale helps
prevent excessive mode-locking that would restrict the
functional responsiveness of the organism.

The global Hurst exponent determines the properties of
monofractals, but there exists a more general class of
heterogeneous signals known as multifractals, which are
made up of many interwoven subsets with different local
Hurst exponents h. The local and global exponents are
only equal for infinitely long time series; in general, the
Hurst exponent H and the fractal dimension D¼ 2�h are
independent quantities. The statistical properties of the
interwoven subsets may be characterized by the distribu-
tion of fractal dimensions f(h). In general, time series have
a local fractal exponent h that varies over its course. The
function f(h), called the multifractal or singularity spec-
trum, describes how the local fractal exponents contribute
to such time series. A number of investigators have used
the singularity spectrum to demonstrate that HRV time
series are multifractal (24).

The multifractal character of HRV time series further
emphasizes the nonhomeostatic physiologic variability of
heartbeats. Longer time series than the one presented
here clearly show a patchiness associated with the fluc-
tuations; a patchiness that is usually ignored in favor of
average values in traditional data analysis. This cluster-
ing of the fluctuations in time can be symptomatic of the
scaling with aggregation observed in Fig. 3 or, if particu-
larly severe, it can be indicative of multifractality. How-
ever, because of limitations of space, the authors do not
pursue the multifractal properties of time series here, but
refer the interested reader to the literature (8).

2.3. Breathing Rate Variability (BRV)

The second physiologic exemplar is the dynamics of
breathing; the apparently regular breathing that occurs
as you sit quietly reading this paper. To understand the
dynamics, the authors first acknowledge that evolution’s
design of the lung may be closely tied to the way in which
the lung carries out its function. It is not an accident that
the cascading branches of the bronchial tree become
smaller and smaller, nor is it good fortune alone that
ties the dynamics of our every breath to this biological
structure. The authors argue that, like the heart, the lung
is made up of fractal processes, some dynamic and others
now static. However, both kinds of processes lack a
characteristic scale and a simple argument establishes
that such a lack of scale has evolutionary advantages (25).

Breathing is, in part, a function of the lungs, whereby
the body takes in oxygen and expels carbon dioxide. The
smooth muscles in the bronchial tree are innervated by
sympathetic and parasympathetic fibers, much like the
heart, and produce contractions in response to stimuli
such as increased carbon dioxide, decreased oxygen, and
deflation of the lungs. Fresh air is transported through
some 20 generations of bifurcating airways of the lung,
during inspiration, down to the alveoli in the last four
generations of the bronchial tree. At this tiny scale, a rich

capillary network exists that interfaces with the bronchial
tree for the purpose of exchanging gases with the blood.

Szeto et al. (26) made an early application of fractal
analysis to fetal lamb breathing. The changing patterns of
breathing in 17 fetal lambs and the clusters of faster
breathing rates, interspersed with a period of relative
quiescence, suggested to them that the breathing process
was self-similar. The physiological property of self-simi-
larity implies that the structure of the mathematical
function describing the time series of interbreath intervals
is repeated on progressively shorter time scales. Clusters
of faster rates were seen within the fetal breathing data,
what Dawes et al. (27) called breathing episodes. When
the time series were examined on even finer time scales,
clusters could be found within these clusters, and the
signature of this scaling behavior emerged as an inverse
power-law distribution of time intervals. Consequently,
the fractal scaling was found to reside in the statistical
properties of the fluctuations and not in the geometrical
properties of the dynamic variable.

As with the heart, the variability of breathing rate
using breath-to-breath time intervals is denoted by
breathing rate variability (BRV), to maintain a consistent
nomenclature. Examples of HRVand BRV time series data
on which scaling calculations are based are shown in Fig.
4 (28). As heart rate is higher than respiration rate, in the
same measurement epoch a factor of five more data exist
for HRV than for BRV time series. The scales in the two
graphs have been adjusted to highlight their differences.
The data displayed in Fig. 4 were collected under the
supervision of Dr. Richard Moon, the Director of the
Hyperbaric Laboratory at Duke Medical Center. Looking
at these two time series together, one is struck by how
different they are. It is not apparent that both physiologic
phenomena scale in essentially the same way, but they do
(28).

West et al. (28) applied the A3 method to the various
HRVand BRV time series and obtained the typical results
depicted in Fig. 5. The logarithms of the aggregated
standard deviation and aggregated average were deter-
mined in the manner described earlier. Note that the
aggregation is stopped at 10 points because of the small
number of data in the breathing sequence. The solid curve
at the right in Fig. 5 is the best least-square fit to the
aggregated BRV data and has a slope of 0.86, the scaling
index. A similar graph is constructed for the HRV data in
the left curve, where a slope of 0.80 is obtained for the
scaling index. The latter slope is so different from that
obtained in Fig. 2 because of the age difference in the two
subjects.

The scaling index of both the HRVand BRV time series
increase with increasing levels of exercise, but those data
are not shown here because of lack of space. The 18
subjects in the experiment rode a stationary bicycle with
various levels of load on the wheels to mimic cycling
uphill. The breathing rate, breathing volume, and heart
rate were monitored for each of the individuals in the
study. The consistent results were that as the level of
exercise increased, the level of variability in both HRVand
BRV decreased, indicating the associated time series were
becoming more ordered. This increase in scaling index was
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determined to be statistically significant (28). The scaling
indices and fractal dimension obtained from these curves
are consistent with the results obtained by other research-
ers.

Such observations regarding the self-similar nature of
breathing time series have been used in medical settings
to produce a revolutionary way of using mechanical
ventilators. Historically, ventilators have been used to
facilitate breathing after an operation and have a built-
in frequency of ventilation. Mutch et al. (29) have recently
challenged the single-frequency ventilator design by using
an inverse power-law spectrum of respiratory rate to drive
a variable ventilator. They demonstrated that this way of

supporting breathing produces an increase in arterial
oxygenation over that produced by conventional control-
mode ventilators. This comparison indicates that the
fractal variability in breathing is not the result of happen-
stance, but is an important property of respiration. A
reduction in variability of breathing reduces the overall
efficiency of the respiratory system.

Altmeier et al. (30) measured the fractal characteristics
of ventilation and determined that not only are local
ventilation and perfusion highly correlated, but they scale
as well. Finally, Peng et al. (31) analyzed the BRV time
series for 40 healthy adults and found that under supine,
resting, and spontaneous breathing conditions, the time

Figure 4. Typical time series from one of the 18 subjects in the study conducted byWest et al. (28),
while at rest, is shown for the interbreath intervals (BRV) and the interbeat intervals (HRV) time
series. Not all the data are shown, just enough to indicate the relative quality of the two time
series.

Figure 5. A typical fit to the aggregated standard deviation versus the aggregated mean for BRV
and HRV time series obtained by West et al. (28) and depicted in Fig. 4. The points are calculated
from the data using Equation 12 and the solid curve is the best least-square fit to the data. The left
curve is the fit to the HRV data (slope¼0.80), the right curve is the best fit to the BRV data (slope¼

0.86). It is evident from these two graphs that the allometric relation Equation 18 does indeed fit
both datasets extremely well and lies well within the regular and random boundaries, indicated by
the dashed curves.
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series scale. This result implies that human BRV time
series, like HRV time series, have long-time correlations
across multiple time scales and, therefore, breathing is a
fractal statistical process.

2.4. Stride Rate Variability (SRV)

Walking is one of those things done without giving it much
thought, day in and day out. People walk confidently with
a smooth pattern of strides and without apparent varia-
tion in gait. This apparent consistency of pattern is
remarkable considering that the motion of walking is
created by the loss of balance, as pointed out by Leonardo
da Vinci (1452–1515) in his treatise on painting. He (da
Vinci) considered walking to be a sequence of fallings;
consequently, it should come as no surprise that varia-
bility exits in this sequence of falling intervals, even if
such variability is usually masked.

The regular gait cycle, so apparent in everyday experi-
ence, is not as regular as we believed. Gait is no more
regular than the normal sinus rhythm or breathing just
discussed. The subtle variability in the stride character-
istics of normal locomotion were first discovered by the
nineteenth century experimenter Vierordt (32), but his
findings were not further developed for over 120 years.
The random variability he observed was so small that the
biomechanical community has historically considered
these fluctuations to be an uncorrelated random process,
which, in practice, means that the fluctuations in gait
were thought to contain no information about the under-
lying motorcontrol process. The follow-up experiments to
quantify the degree of irregularity in walking were finally
done in the middle of the last decade by Hausdorff et al.
(33) and involved observations of healthy individuals,
observations of subjects having certain neurophysiologic
diseases that affect gait, and the elderly. Additional ex-
periments and analyses were subsequently done by West
and Griffin (34,35), which both verified and extended the
earlier results.

Human gait is a complex process, because the locomo-
tor system synthesizes inputs from the motor cortex, the
basal ganglia, and the cerebellum, as well as feedback

from vestibular, visual, and proprioceptive sources. The
remarkable feature of this complex phenomenon is that
although the stride pattern is stable in healthy indivi-
duals, the duration of the gait cycle is not fixed. Like
normal sinus rhythm in the beating of the heart, where
the interval between successive beats changes, the time
interval for a gait cycle fluctuates in an erratic way from
step to step. The gait studies carried out to date concur
that the fluctuations in the stride-interval time series
exhibit long-time inverse power-law correlations indicat-
ing that the phenomenon of walking is a self-similar
fractal activity.

One definition of the gait cycle or stride interval is the
time between successive heel strikes of the same foot (33).
An equivalent definition of the stride interval uses succes-
sive maximum extensions of the knee of either leg (34,35).
The stride interval time series for a typical subject is
shown in Fig. 6 (34,35) where it is seen that the variation
in time interval is on the order of 3–4%, indicating that the
stride pattern is very stable. Here again, for name con-
sistency, time series for the stride intervals is indicated by
stride rate variability (SRV). It is the stability of SRV that
historically led investigators to decide that not much could
go wrong by assuming the stride interval is constant and
the fluctuations are merely biological noise. The experi-
mental data fluctuations around the mean gait interval,
although small, are nonnegligible because they indicate
an underlying complex structure and, as shown, these
fluctuations cannot be treated as uncorrelated random
noise.

Using an SRV time series of 15min, from which the
data depicted in Fig. 6 were taken, A3 is applied to
determine the scaling index from the time series as shown
in Fig. 7 (34,35). The slope of the data curve is 0.70,
midway between the two extremes of regularity and
uncorrelated randomness. So, as in the cases of HRV and
BRV time series, the erratic physiological time series is
again found to represent a random fractal process. In the
SRV context, the implied clustering indicated by a slope
greater than the random dashed line means that the
intervals between strides change in clusters and not in a
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Figure 6. The time interval between strides for the
first 500 steps made by a typical walker in an experi-
ment (34,35) is depicted.
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uniform manner over time. This result suggests that the
walker does not smoothly adjust his/her stride from step to
step. Rather, a number of steps exist over which adjust-
ments are made followed by a number of steps over which
the changes in stride are completely random. The number
of steps in the adjustment process and the number of steps
between adjustment periods are not independent. The
results of a substantial number of stride interval experi-
ments support the universality of this interpretation.

Traditionally, the legged locomotion of animals is un-
derstood through the use of a central pattern generator
(CPG), an intraspinal network of neurons capable of
producing a syncopated output. The implicit assumption
in such an interpretation is that a given limb moves in
direct proportion to the voltage generated in a specific part
of the CPG. Experiments establishing the existence of a
CPG have been done on animals with spinal cord transac-
tions. It has been shown that such animals are capable of
walking under certain circumstances. Walking, for exam-
ple, in a mesencephalic cat, a cat with its brain stem
sectioned rostral to the superior colliculus, is very close to
normal on a flat, horizontal surface when a section of the
midbrain is electrically stimulated. Stepping continues as
long as a train of electrical pulses is used to drive the
stepping, which is not a simple linear response process, as
the frequency of the stepping increases in proportion to
the amplitude of the stimulation and is insensitive to
changes in the frequency of the driver.

It has been established that the nonlinear analysis of
gait data supports the conjecture made in biomechanics
that the CPG in human locomotion can be modeled as a
correlated system of coupled nonlinear oscillators. If the

observed random variations in the stride intervals or
normal waking were related to the chaotic behavior of
such nonlinear oscillators, it would explain the type of
multifractal behavior observed in the gait data. The gait
data studied were taken from public domain archives
Physionet (36) and consisted of datasets of stride interval
time series for 10 healthy young men walking at slow,
normal, and fast paces in both free and metronomically
triggered conditions for a period of 1 h in the former and
30min in the latter cases, respectively. The approximately
4000 data points for each of the 10 walkers, in each of the
six modes of walking, was more than sufficient to provide
statistically significant results (37).

Hausdorff et al. (38) established that during the me-
tronomically paced walking, the long-time correlations of
up to 1000 strides detected in the three modes of free
walking disappear and variations in the stride interval
are anticorrelated; these results were confirmed by Sca-
fetta et al. (37). However, the study of the distribution of
the variable fractal dimension allows for an even richer
interpretation of the scaling behavior of the SRV time
series (39). The time series is determined not to be
monofractals, as was suggested by earlier analyses, but
is determined to be weakly multifractal. The multifractal-
ity does not strictly invalidate the interpretation of the
scaling behavior; that being that the statistical correlation
in the SRV fluctuations over thousands of strides decay in
a scale-invariant manner. However, it does suggest the
scale-invariant decay of the correlations is more compli-
cated than was previously believed. The average fractal
dimension is determined to be dependent on the average
rate at which an individual walks, but not monotonically
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Figure 7. The SRV data for a typical walker in the
experiment (34,35) is used to construct the aggre-
gated standard deviation and mean as indicated by
the dots. The logarithm of the aggregated standard
deviation is plotted versus the logarithm of the
aggregated mean, starting with all the data points
at the lower left to the aggregation of 20 data
points at the upper right. The SRV data curve
lies between the extremes of uncorrelated random
noise (lower dashed curve) and regular determi-
nistic process (upper dashed curve) with a fractal
dimension of D¼1.30.
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dependent. The narrowness of the interval around the
fractal dimension in the singularity spectrum suggests
that this quantity may be a good quantitative measure of
an individual’s dynamical variability. The authors suggest
the use of the fractal dimension as a quantitative measure
of how well the motor control system is doing in regulating
locomotion. Furthermore, excursions outside the narrow
interval of fractal dimension values for apparently healthy
individuals may be indicative of hidden pathologies.

It should not go without comment that people use the
same control system when they are standing still or
maintaining balance as they do when they are walking.
This observation would lead one to suspect that the body’s
slight movements around the center of mass would have
the same statistics as that observed during walking. These
tiny movements are called postural sway in the literature
and have given rise to papers with such interesting titles
as Random walking during quiet standing by Collins and
De Lucca (40). It has been determined that postural sway
is really chaotic (41), so one might expect that a relatively
simple dynamical model exists for balance regulation that
can be used in medical diagnosis. Here again, the fractal
dynamics can be determined from the scaling properties of
postural sway time series, and it is determined that a
decrease of postural stability is accompanied by an in-
crease of fractal dimension.

3. DISEASE AS LOSS OF VARIABILITY

3.1. Fractal Physiology in Context

It has been shown that although physiologic time series,
such as the interbeat intervals of the human heart, the
interstride intervals of human gait and the interbreath
intervals in human breathing, are apparently random,
they do, in fact, have long-time memories. This combina-
tion of randomness and order has been used herein as the
defining characteristic of complexity. In a medical context,
this complexity is encountered when attempting to under-
stand physiological phenomena from a holistic perspec-
tive, rather than looking at specific mechanisms. The A3

method has been used to establish that such dynamic
physiologic phenomena generate time series that are
statistical fractals. The scaling behavior of such time
series determines the overall properties such complex
systems must have, and they are unlike the older analysis
of errors and noise in physical systems.

The historical view of complexity involved having a
large number of variables, each variable making its in-
dividual contribution to the operation of the system and
each variable responding in direct proportion to the
changes in the other system variables. Small differences
in the input could be washed out in the fluctuations of the
observed output. The linear additive statistics of measure-
ment error or biological noise is not applicable to the
complex medical phenomena discussed here. The ele-
ments in complex physiologic systems are too tightly
coupled, so instead of a linear additive process, nonlinear
multiplicative statistics more accurately represent the
fluctuation, where what happens at the smallest scale
can and often is coupled to what happens at the largest

scale. This coupling is manifest here through the scaling
index.

To paraphrase West and Griffin (39), the signal plus
noise paradigm used by engineers is replaced in physiol-
ogy with the paradigm of the high wire walker. In the
circus, high above the crowd and without a net, the
tightrope walker carries out smooth average motions
plus rapid erratic changes of position, just as in the signal
plus noise paradigm. However, the rapid changes in
position are part of the walker’s dynamical balance; so
that far from being noise, these apparently erratic
changes in position serve the same purpose as the slow
graceful movements, to maintain the walker’s balance.
Thus, both aspects of the time series for the wirewalker’s
position constitute the signal and contain information
about the dynamics. Consequently, if one is to understand
how the wirewalker retains balance on the wire, one must
analyze the fluctuations, that is, the wirewalker’s fine
tuning to losses of balance as well as the slow movements.
This picture of the wirewalker more accurately captures
the view of biological signals developed herein.

The individual mechanisms giving rise to the observed
statistical properties in physiological systems are very
different, so the author does not even attempt to present
a common source to explain the observed scaling in
walking, breathing, and the heart beating. On the other
hand, the physiological time series in each of these
phenomena scale in the same way, so that at a certain
level of abstraction the separate mechanisms cease to be
important and only the relations matter and not those
things being related. It is the relation between blood flow
and heart function, between locomotion and postural
balance, between breathing and gas exchange that are
important. The thesis of complexity theory is that such
relations often have a common form for complex phenom-
ena. This assumption is not so dramatic as it might first
appear. Consider that, traditionally, such relations have
been assumed to be linear, in which case their control was
assumed to be in direct proportion to the disturbance.
Linear control theory has been the backbone of home-
ostasis, but is not sufficient to describe the full range of
HRV, SRV, and BRV. Traditional linear control theory
cannot explain how the statistics of time series become
fractal, or how the fractal dimension changes over time.

3.2. Control of Complexity

The final issue to address is control of complexity. Such
control is one of the goals of medicine, in particular,
understanding and controlling physiological networks in
order to ensure their proper operation. The difference
between homeostatic control and allometric control me-
chanisms are distinguished. Homeostatic control is famil-
iar and has as its basis a negative feedback character,
which is both local and instantaneous. Allometric control,
on the other hand, is a relatively new concept that can
take into account long-time memory, correlations that are
inverse power law in time, as well as long-range interac-
tions in complex phenomena as manifest by inverse
power-law distributions in the system variable. Allometric
control introduces the fractal character into otherwise
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featureless random time series to enhance the robustness
of physiological networks by introducing the fractional
calculus into the control of the networks, as discussed by
West et al (42).

A complex phenomenon characterized by a fractal time
series can be described by a fractal function. Such a
function is known to have divergent integer-valued deri-
vatives. Consequently, the traditional control theory, in-
volving as it does integer-valued differential equations,
cannot be used to determine how feedback is accom-
plished. However, the fractional derivative (a) of a fractal
function of fractal dimension D yields a new fractal
function with fractal dimension Dþ a. Therefore, it seems
reasonable that one strategy for modeling the dynamics
and control of such complex phenomena is through the
application of the fractional calculus. The fractional cal-
culus has been used to model the interdependence, orga-
nization, and concinnity of complex phenomena ranging
from the vestibulo-oculomotor system to the electrical
impedance of biological tissue to the biomechanical beha-
vior of physiologic organs; see, for example, Magin (43) for
an excellent review of such applications.

The allometric aggregation approach can be related to
this recently developed branch of control theory involving
the fractional calculus. The generalization of control the-
ory to include fractional operators enables the designer to
take into account memory and hereditary properties;
properties that are traditionally neglected in integer-order
control theory, such as in the traditional picture of home-
ostasis. Podlubny (44) has recently shown that if reality
has the dynamics of a fractional-differential equation,
then attempting to control it with an integer-order feed-
back leads to extremely slow convergence, if not diver-
gence, of the system output. On the other hand, a
fractional-order feedback, with the indices appropriately
chosen, leads to rapid convergence of output to the desired
signal. Thus, one might anticipate that dynamic physio-
logic systems with scaling properties, because they can be
described by fractional dynamics (45), would have frac-
tional-differential control systems. The author has re-
ferred to such control in the past as allometric control
(34,42).

It is not merely a new kind of control that is suggested
by the scaling of physiologic time series. Scaling also
suggests that the historical notion of disease, which has
the loss of regularity at its core, is inadequate for the
treatment of dynamical diseases. Instead of loss of reg-
ularity, the loss of variability is identified with disease
(46), so that a disease not only changes an average
measure, such as heart rate, which it does in late stages,
but is manifest in changes in HRV at very early stages.
Loss of variability implies a loss of physiologic control, and
this loss of control is reflected in the change of fractal
dimension, that is, in the scaling index of the correspond-
ing time series (46,47).

The well-being of the body’s system of systems is
measured by the fractal scaling properties of the various
dynamic systems, and such scaling determines how well
the overall harmony is maintained. Once the perspective
that disease is the loss of complexity has been adopted, the
strategies presently used in combating disease must be

critically examined. Life-support equipment is one such
strategy, but the tradition of such life-support is to supply
blood at the average rate, of the beating heart, to ventilate
the lungs at their average rate, and so on. So how does the
new perspective regarding disease influence the tradi-
tional approach to healing the body?

Alan Mutch applied the lessons of fractal physiology to
point out that blood flow and ventilation are delivered in a
fractal manner in both space and time in a healthy body.
However, he argues, during critical illness, conventional
life-support devices deliver respiratory gases by mechan-
ical ventilation or blood by cardiopulmonary bypass pump
in a monotonously periodic fashion. This periodic driving
overrides the natural aperiodic operation of the body.
Mutch speculates that these devices result in the loss of
normal fractal transmission and, consequently, life sup-
port winds up doing more damage the longer it is required
and becomes more problematic the sicker the patient (47).
In this perspective, the loss of complexity is the loss of the
body as a cohesive whole; the body is reduced to a
disconnected set of organ systems.

One of the traditional views of disease is what Tim
Buchman calls the ‘‘fix-the-number’’ imperative (48). He
argues that if the bicarbonate level is low, then give
bicarbonate; if the urine output is low, then administer a
diuretic; if the bleeding patient has a sinking blood
pressure, then make the blood pressure normal. He goes
on to say that such interventions are commonly ineffective
and even harmful. For example, sepsis, which is a common
predecessor of multiple organ dysfunction syndrome
(MODS), is often accompanied by hypocalcaemia; in con-
trolled experimental conditions, administering calcium to
normalize the laboratory value increases mortality. Con-
sequently, one’s first choice of options, based on an
assumed simple linear causal relationship between input
and output as in homeostasis, is probably wrong.

A number of scientists (49) have demonstrated that the
stability of hierarchal biological systems is a consequence
of the interactions among the elements of the system.
Furthermore, an increase in stability occurs resulting
from the nesting of systems within systems—organelles
into cells, cells into tissue, tissues into organs, and so on
up from the microscopic to the macroscopic. Each system
level confers additional stability on the overall fractal
structure. The fractal nature of the system suggests a
basic variability in the way systems are coupled together.
For example, the interaction between cardiac and respira-
tory cycles is not constant but adapts to the physiologic
challenges being experienced by the body.

Buchman (48) emphasizes that MODS is not a disease
but rather a syndrome, a usually fatal pathway and yet
some patients do recover. In such recovery, two features
are invariant. First, the time to recover is significantly
longer than the time to become ill. This difference in time
scales is not unreasonable because MODS is a process by
which a cohesive whole is degraded to organ systems that
are no longer well connected, in agreement with Mutch.
The return to health requires the reattachment of the
disconnected organs into a cohesive whole again. Life
support, lacking fractal delivery patterns, may cause the
system as a whole to lose functionality and efficiency; in
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fact, this lack may inhibit the very reconnections one is
trying to establish.

The empirical evidence overwhelmingly supports the
interpretation of the time series analysis that fractal
stochastic processes describe complex physiologic phe-
nomena. Furthermore, the fractal nature of these time
series is not constant in time but change with the vagaries
of the interaction of the system with its environment, and
therefore, these phenomena are often weakly multifractal.
The scaling index or fractal dimension marks a physiolo-
gic system’s response and can be used as an indicator of
the system’s state of health. As the fractal dimension is
also a measure of the level of complexity, the change in
fractal dimension with disease suggests a new definition
of disease as a loss of complexity, rather than the loss of
regularity (50).
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Computed tomography (CT) (1), which is also referred to
as computerized tomography (2), has become a popular
term in daily life because of its wide applications in med-
ical imaging. Indeed, CT is considered as an amazingly
complicated yet extremely useful technology. Here we
present some basics related to CT, involving who invented
it, how it works, and so on.

First, we will introduce a few key figures in CT history.
Then, we will discuss the physical and mathematical prin-
ciples of CT and describe representative imaging geomet-
ric configurations and reconstruction methods. We will
also give an overview on applications of CT with an em-
phasis on x-ray CT, as it has a longest track record, ben-
efited millions of patients, and remains a rapidly evolving
field. Finally, we will report our future perspectives.

1. INTRODUCTION

It was Rontgen, a German scientist, who first discovered
x-rays, which are also called Rontgen rays, when he tested
cathode radical tubes. Three days later, Rontgen’s mis-
tress saw the x-ray photograph of her hand with clear
bony structures, which marked the advent of radiography
for medical diagnosis (3). Although conventional radiog-
raphy played an epochal role in biomedical imaging, its
following deficiencies are evident:

(1) Conventional radiography projects to the three-di-
mensional (3-D) anatomy onto a two-dimensional
(2-D) film or fluorescent screen, where the super-
imposed shadows sometimes obscure the critical
details.

(2) Conventional radiography can only distinguish the
differences of high contrast; for example, the puffed
lungs and skeleton.

(3) Conventional radiography needs a high dose of ra-
diation.

To address these limitations, CT was developed to pro-
duce thin, transversal slices of the patient’s body without
any superimposition of structures. As a result, CT pro-
vides ample contrast among various organs and tissues.
As a result, CT is a rapid, painless, and effective diagnostic
examination for the radiologist to know the nature, loca-
tion, and extent of different diseases or abnormalities in
vivo.

The basic idea of CT may be traced back to the contri-
bution made by Radon in 1917 (4), who is an Austrian
mathematician. However, his thesis was not widely rec-
ognized until more than 50 years later after it was pub-

lished. In 1963, Allan Cormack, an American theoretical
physicist, presented a proposal for image reconstruction
via x-ray scanning and formulated an analytic reconstruc-
tion method (5). Although he did not invent any CT ma-
chine, he set a basis for image reconstruction from
projections.

Hounsfield built the first CT scanner prototype in 1972,
which was originally designed to reveal cross-sections of
the human head (6). For this innovation, he and Cormack
shared the 1979 Nobel Prize in Physiology or Medicine.

It is easy to know from the CT history that CT is due to
collective wisdom of various scientists in different fields, a
typical example of the interdisciplinary cooperation.

2. PHYSICAL AND MATHEMATICAL PRINCIPLES

In the CT process, there are four main steps to obtain re-
constructed images. These steps are as follows:

(1) Data Acquisition: Using a source of collimated x-
rays and sensitive detectors mounted on the other
side of an object to be reconstructed, x-ray attenu-
ation measurement is done from many angles.

(2) Preprocessing: After the raw data are acquired,
they are calibrated and processed to yield projec-
tions, which consist of line integrals of the x-ray
linear attenuation coefficient distribution associ-
ated with the object.

(3) Image Reconstruction: The acquired projection pro-
files are then used to reconstruct an image in a field
of view.

(4) Image Display: The reconstructed image data are
converted to integers called ‘‘CT numbers,’’ dis-
played on a display, and processed as needed to vi-
sualize and quantify anatomical and pathological
features.

The block diagram of CT is as shown in Fig. 1.
The physical principle of CT is not difficult to under-

stand at all. Let us denote the linear x-ray attenuation
coefficient of a homogeneous tissue by m. Then, the de-
tected x-ray intensity I can be expressed, according to the
Beer–Lambert relationship, by

I¼ I0e
�ml or ml¼ lnðI0=IÞ; ð1Þ

where I0 denotes the initial intensity of the x-ray and l is
the length of the intersection between the object and the

X-ray source Object

Display

Detector

Preprocessing

Image reconstruction

Figure 1. Diagram of the CT process.
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straight line segment from the x-ray source to the detec-
tor.

If the linear x-ray attenuation distribution of the tissue
is inhomogeneous, let

mn¼ mnðx; yÞ; n¼ 1;2; . . .N

denote the N attenuation coefficients; N is the number of
homogeneous blocks along some line in the tissue; then
the total attenuation is expressed by the following line
integrals, as shown in Fig. 2:

Z

L

mdl¼ lnðI0=IÞ¼p;

where p is the projection value of the x-ray along L. That
is, the projection values of the tissue can be obtained from
the known initial and measured intensities after a loga-
rithmic transformation. A cross-sectional image can be
reconstructed with projections measured along all lines
passing through the tissue.

It is not trivial to reconstruct images from projections,
because sophisticated mathematical tools are necessary.
Radon transform has been considered the mathematical
foundation of CT. Now, let us introduce 2-D and 3-D Radon
transforms, which are used in cross-sectional and volu-
metric CT, respectively.

(1) 2-D Radon transform and its inverse transform: 2-D
Radon transform (2DRT), pyðtÞ, with respect to the param-
eters of L: t; y, is as shown in Fig. 3, where t is the per-

pendicular distance from the origin O to line L and y is the
angle between the perpendicular to the line and the pos-
itive direction of the OX axis. The line equation is thus

t¼ x cos yþ y sin y:

The formula for 2DRT can be written as

pyðtÞ¼

Z 1

�1

Z 1

�1

f ðx; yÞdðt� x cos y� y sin yÞdxdy; ð2Þ

where dðxÞ is the Dirac delta function.
The Radon inverse transform was first derived by Ra-

don as

f ðr;fÞ¼
1

2p2

Z p

0

Z 1

�1

1

r cosðf� yÞ � t

@pyðtÞ

@t
dtdy; ð3Þ

where f ðr;fÞ is the polar coordinate representation of
f ðx; yÞ, which is supposed to be a density distribution on
the cross-sectional plane through the tissue, x¼ r cos f,
y¼ r sin f. From Equation 3, it is easy to see the connec-
tion between CT and the Radon transform.

(2) 3-D Radon transform and its inverse transform: As
shown in Fig. 4, Z is a plane in the coordinate system O-
XYZ, C is the orthogonal projection of the originO onto the
plane, OC¼ r, ~y is the normal vector of the plane,
~y¼ ðcos f sin y; sin f sin y; cos yÞ, f is the angle between
the plane ZOC and the axisOX, and y is the angle between
the axis OZ and the line OC; then the 3-D Radon trans-
form (3DRT) of an object function f ð~xÞ; ~x 2 R3 can be de-
fined as

Rð~y; rÞ¼
ZZZ

f ð~xÞdð~x�~y� rÞd~x; ð4Þ

where y 2 ð�p=2; p=2Þ; f 2 ð0; pÞ, and r 2 ð�1;1Þ.
Let R0ð~y; rÞ denote one order partial derivative of Rð~y; rÞ

with respect to r; then we have the inverse transform of

I0

l2 lnl1

�n�2�1
I

Figure 2. Discrete model for x-ray attenuation.
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Figure 3. Geometry for the 2-D Radon transform.
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Figure 4. Geometry for the 3-D Radon transform.
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3DRT:

f ð~xÞ¼ �
1

4p2

Z

2

Z

p

@

@r
R0ð~y; rjr¼~x�~yÞdo; ð5Þ

where do¼ sin ydydf.
Please note the major difference between 2DRT and

3DRT: Although Equation 3 can be directly applied for
image reconstruction from measured projections, Equa-
tion 5 cannot be directly used as we cannot acquire Rð~y; rÞ
in a practical case, which must be computationally found
from measured projections.

3. IMAGING GEOMETRIES AND SYSTEMS

Imaging geometries and systems determine the image
quality of CT. Next, we explain several relevant aspects.

3.1. Scanning Trajectories and System Generations

In the CT development, scanning trajectories and detector
types are being constantly improved for fast data acquisi-
tion and wide volume coverage, because dynamic volu-
metric CT has important and immediate applications,
such as cardiac and lung imaging. Combinations of scan-
ning trajectories and detector types are synergistic, lead-
ing to parallel-beam, fan-beam, and cone-beam geometries
as well as full-scan, half-scan, and spiral scan modes.

The parallel-beam geometry is shown in Fig. 5a, where
x-rays in each projection are in parallel, which is used by
the first- and second-generation CT scanners. In the first-
generation CT scanner (Fig. 6a), a pencil beam through
the object is received by a single detector, and the source-
detector pair is translated to cover the extent of the object
for collection of one parallel-beam projection. Several such
views can be received at various orientations by repeating
the above procedure. In the second-generation CTscanner,
the same translation–rotation mode remains, but multiple
detectors are employed (Fig. 6b); that is, the pencil beam is
replaced by a small angle fan-beam, resulting in a higher
rate for data acquisition. The important feature in the
first- and second-generation CT is that they both require
the translation of the x-ray source.

The fan-beam allows a much higher efficiency, because
it permits-simultaneous collection of a whole projection

profile, as illustrated in Fig. 5b. The third- and fourth-
generation CT scanners all acquire fan-beam projections.
The third-generation CT scanner uses sufficiently many
detectors to obtain an entire fan-beam projection for each
viewing angle (Fig. 6c). Therefore, the translation move-
ment of the source-detector assembly is no longer needed.
Most modern medical scanners are of the third generation.
In the fourth-generation scanner, detectors are fixed along
a full ring, and only the x-ray source rotates around the
object to be reconstructed (Fig. 6d).

The fan-beam spiral/helical scanning (Fig. 7) is an im-
portant mode for medical CT and has a significant impact
on the CT data acquisition strategy. At the beginning, a
single linear detector array was used for a spiral scan. To
speed up the data acquisition, a multirow detector array
was invented in 1998 (7). In the spiral scanning mode, the
x-ray source is rotated in the gantry along a circle,
whereas the patient (or object) is simultaneously trans-
lated orthogonal to the scanning plane. Therefore, the
practical x-ray source trajectory is a spiral curve in the
reconstruction coordinate system. Currently, all major CT
manufacturers, such as GE, Siemens, Philips, and To-
shiba, all produce 64-slice spiral CT scanners.

On an important note, the fifth-generation CT scanner
is very unique, which is based on the ultra-fast scanning
for cardiac studies (8). Two types of the fifth-generation
CT scanners are the electron beam CT scanner, which will
be discussed here, and the dynamic spatial reconstructor
(9).

The cone-beam geometry in Fig. 8 is a natural exten-
sion of the fan-beam geometry into the 3-D space. In this
geometry, a flat panel detector replaces a linear detector
array in the fan-beam geometry. This enables a much
faster data acquisition speed. An extremely important CT
problem is the long object reconstruction shown in Fig. 7.
To solve this problem, the spiral cone-beam scanning mode
and approximate algorithms were proposed by Wang et al.
(10). With development of the detector technology, medical
CT is now in a transition period to be updated from mul-
tislice spiral CT to cone-beam spiral CT. The spiral cone-
beam scanning seems an optimal balance of sampling
symmetry and mechanical feasibility. As a special case of
spiral cone-beam scanning, the circular scanning (Fig. 9)
is very important to reconstruct a volume of interest.
However, cone-beam projections along a circular trajec-

(a) (b)

Object

Source

Detector

Object

Figure 5. X-ray beam geometries. (a) Parallel-
beam and (b) fan-beam.
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tory are not sufficient for exact reconstruction, and only
approximate reconstruction is possible.

3.2. Complete Conditions for Exact Reconstruction

3.2.1. Completeness Condition in 2-D. According to
Equation 3, it is clear in the parallel-beam case that the
projection angular range should span ½0; p�, provided that
each parallel-beam completely contains an object to be re-
constructed.

In the fan-beam case, we suppose that an object to be
reconstructed is compactly supported. If any line through

(c) (d)

Detector

Object

Source

(b)

Detector

Object

Source

(a)

Object

Source

Detector array

Object

Source

Detector ring

Figure 6. X-ray source scanning geometries. (a) First-generation: translation–rotation of a pencil
beam; (b) the second-generation: translation–rotation of a narrow fan-beam; (c) the third-gener-
ation: a wide fan-beam, rotation of both the source and the detector, (d) the fourth-generation: a
wide fan-beam, only rotation of the source.

Object

Source

Figure 7. Spiral/helical cone-beam scanning mode.

Object

Source

Detector

Figure 8. Cone-beam scanning mode.
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the object support intersects at least once the fan-beam
scanning trajectory, it is feasible to perform exact recon-
struction. As shown in Fig. 10, if the fan-beam trajectory is
half a circle S1S2, the straight line through point P in the
right half of the small circle does not intersect S1S2.
Therefore, such a scan does not allow exact reconstruc-
tion. For exact fan-beam reconstruction, the scanning arc
S1S2 should be so extended that any straight line through
the small circle must intersect the fan-beam trajectory.
Specifically, the arc S1S2 can be extended with the same
curvature to the new ends S3 and S4 so that the line seg-
ment S3S4 just touches the small circle in parallel to S1S2.
It can be readily verified that the angle corresponding to
S3S4 is equal pþ 2g; g¼ arcsinðR=DÞ. That is, to collect a
complete fan-beam dataset, the scanning angular range
should be at least pþ 2g.

3.2.2. Completeness Condition in 3-D. The complete-
ness condition in the cone-beam case is an elegant exten-
sion of that in the fan-beam case, assuming that the object
support is a sphere. It states that any plane through the
object support must intersect the cone-beam trajectory at

least once. According to this completeness condition, cone-
beam scanning trajectories are classified into two classes:
incomplete and complete trajectories. The most popular
incomplete trajectory is circular, presented in Fig. 9.
Other incomplete loci, such as elliptical or polygonal
ones, are less useful (11). In Fig. 11, the circle A shows a
cross-section through the object support, being perpendic-
ular to the circular scanning trajectory with intersection
points S1 and S2. A majority portion of the circle A is
overlapped by the circles C and B, OS1¼OS2¼D ðD > RÞ;
OS1 and OS2 are the diameters of the circles B and C, re-
spectively. The intersection points between the circles A
and B are E and F in the Cartesian coordinate system x–y.
S1E and S1F are tangents to the circle A; hence, the cone-
angle ffES1F¼ 2 arcsinðR=DÞ. Clearly, the shaded parts of
the circle A represent the missing data zone. That is, any
line (equivalent to a plane perpendicular to the circle A)
through the missing data zone does not interest the cir-
cular scanning trajectory. The coordinates of point E is
ðR2=D; ðR=DÞ

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

D2 � R2
p

Þ. When D!1, we have yE¼R,
ffES1F! 0. In other words, when the radius of the scan-
ning circle becomes infinitely large, there would be no data
missing zone.

Although incomplete trajectories are necessarily linked
to approximate reconstruction, complete trajectories are
for exact reconstruction and have been actively studied
over the past decade. Many interesting complete trajecto-
ries were proposed. Figure 12 exhibits a set of complete
trajectories.

3.3. E-beam CT

Electron-beam computerized tomography (EBCT), also
known as ultrafast CT, uses specialized equipment to ob-
tain a set of transaxial images at extremely high temporal
resolution. Unlike conventional CT, EBCT scanners steer
an electron beam instead of orbiting an x-ray tube to col-
lect data and reconstruct images. X-rays are emitted from
the point where the electrons hit the target. The x-rays
transmitted through the object are measured by a station-
ary array of detectors. As there are no mechanical moving
parts, the images can be created with a much greater
speed than conventional CT scanners, generating a com-
plete dataset for image reconstruction in less than 100ms.
EBCT can detect calcification within the heart and the
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Detector
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Figure 9. Circular cone-beam scanning mode.
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Figure 10. Complete condition in the fan-beam geometry.
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Figure 11. Analysis of the data incompleteness associated with a
single circle orbit.
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coronary arteries. Thus, ultrafast CT scanning is being
used by physicians as a means to diagnose early coronary
artery diseases, especially those who have no symptoms.

However, there are two major weaknesses with the
current EBCT techniques. First, it is not in cone-beam
geometry and does not support spiral/helical scanning, al-
though it has been recognized that spiral/helical cone-
beam scanning is advantageous for the next generation of
biomedical CT. Second, the x-ray spot is not intensive suf-
ficiently to produce the image quality the mechanical ro-
tation based scanners can achieve. Recently, Wang and Ye
proposed to upgrade the EBCT design with a spiral cone-
beam scanning capability and adapt the architecture for
small animal imaging, especially for cardiac studies of the
mouse (12). This electron-beam micro-CT (EBMCT) pro-
totype, as shown in Fig. 13, is intended to improve the
current temporal resolution of micro-CT by an order of
magnitude, allowing more than 10 tomographic recon-
structions per cardiac cycle of the mouse with adequate
image quality.

4. RECONSTRUCTION METHODS

The methods for image reconstruction are essential to CT.
There are two key issues in image reconstruction: one is
the exactness of reconstructed images and the other is the
efficiency of associated algorithms. During the past de-
cades, thousands of papers were published on image re-
construction, in which many different methods were
presented. They often are divided into two categories: an-
alytic algorithms and iterative algorithms. The filtered
backprojection is the most famous among the analytic al-
gorithms, which is the method of choice by manufacturers
for its image quality and computational cost. Iterative al-
gorithms have the following two advantages: the simple
steps for image reconstruction and the strong abilities for
handling incomplete and noisy projections. We will intro-
duce some most important reconstruction methods in this
section.

(d) (e) (f) 

(g) (h) 

(a) (b) (c) 

z

x

y

Figure 12. Complete cone-beam trajectories: (a)
double orthogonal circles, (b) double parallel cir-
cles plus a line, (c) double orthogonal half-circles,
(d) a circle plus double lines, (e) a circle plus a arc,
(f) a circle and a line, (g) helix, and (h) regular tri-
angular pyramid lines.

Scanning e-beam

Mouse

Source

Detector
plate

Spiral locus

Figure 13. Geometric design for electron-beam
micro-CT using a variable radius spiral cone-beam
scanning mode.
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4.1. Filtered Backprojection

Although Equation 3 was presented much earlier, it has
never been widely used for several reasons. One is the er-
rors due to the derivative of the noisy projections pyðtÞ.
Another is the integral singularity caused by the term

1
r cosðj�yÞ�t when the denominator is zero. The filtered back-
projection method has better numerical stability. Related
to different x-ray scanning modes, there are various re-
construction formulas. Here we only introduce the cases of
parallel-beam and cone-beam filtered backprojection. The
fan-beam geometry is really a special case of cone-beam
geometry. For those who are interested in fan-beam CT,
please see Ref. 13.

4.1.1. Parallel-Beam Reconstruction. The filtered back-
projection method consists of two steps: filtration and
backprojection. First, projections pyðtÞ are filtered by func-
tion kðtÞ, which can be deduced from the Fourier inverse
transform of joj. Second, f(x,y) is obtained by integrating
the filtered projections ~pyðtÞ in the interval ½0; p�. Mathe-
matically, we have

kðtÞ¼

Z 1

�1

jojej2potdo; ð6Þ

~pyðtÞ¼pyðtÞ � kðtÞ¼

Z 1

�1

pyðt� xÞkðxÞdx; ð7Þ

f ðx; yÞ ¼

Z p

0

~pyðx cos yþ y sin yÞdy: ð8Þ

4.1.2. Approximate Cone-Beam Reconstruction. To
shorten the data acquisition time and improve the utility
of x-rays, a 2-D detector array is employed to define the
cone-beam geometry for truly volumetric CT. Due to the
beam divergence and data truncation, cone-beam CT al-
gorithms are much more complicated than that in the
parallel-beam and fan-beam cases. The overall require-
ments include both the reconstruction accuracy and the
computational efficiency. In 1984, Feldkamp et al. pro-
posed their classic cone-beam CT algorithm, which is also
referred to as the FDK algorithm, for approximate image
reconstruction from a circular scan (14). When the cone-
angle is not large, the FDK algorithm performs well and
has been used for biomedical imaging, industrial nonde-
structive evaluation, and other applications.

The FDK algorithm can be viewed as a 3-D extension of
the equispatial fan-beam formula. It is well known that
the equiangular fan-beam formula is expressed as

f ðx; yÞ¼
1

2

Z 2p

0
db
Z w

�w

d2

ðd� sÞ2
pbðu; v¼ 0Þhðu1 � uÞdu; ð9Þ

where u1¼
td
d�s, t¼ x cos bþ y sin b, s¼ � x sin bþ y cos b,

b denotes the angle between SO and the y axis, d¼ jSOj,
and pbðuÞ is the detector position projected by the x-ray
from the source S through the object. For convenience,
A0B0 is set up as the virtual counterpart of the real detector

array AB, and u1 denotes the virtual detector position
projected by the x-ray from the source S through an arbi-
trary object point ðx; yÞ. The coordinate system tos is ob-
tained by rotating the system xoy by an angle b, as shown
in Fig. 14. The filtered backprojection formula Equation 9
means that an image can be exactly reconstructed within
x2þ y2or2ðrodÞ from fan-beam projections pbðuÞ,
b 2 ½0; 2p�, u 2 ½�w;w�, and w is the largest value of u in
the projection.

When the linear detector array for fan-beam recon-
struction is extended into a planar one for cone-beam re-
construction, the representation of the point value to be
reconstructed is changed from f ðx; yÞ to f ðx; y; zÞ. In other
words, the cone-beam reconstruction should be performed
from cone-beam projections pbðu; vÞ collected from various
orientations on the circular scanning trajectory; u, v are
the coordinates of each detector cell. The basic idea behind
the FDK algorithm is as follows. For each projection ori-
entation in Fig. 15, the fan-beam is selected that origi-
nates from the source S through the point (x, y, z) to be
reconstructed, and its intersection line with the detector
plate is in parallel to the mid-plane. All of these fan-beam
projections will be filtered according to the fan-beam re-

ys

S
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(x, y)
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Figure 14. Equispatial fan-beam scanning geometry.
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Figure 15. Tilted fan and the midplane used for approximate
cone-beam reconstruction.
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construction formula, and then backprojected along the
paths through (x, y, z) to form the final reconstruction im-
age. Specifically, the FDK algorithm is formulated as fol-
lows:

f ðx; y; zÞ¼
1

2

Z 2p

0

db
Z w

�w

d2

ðd� sÞ2
d

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

d2þu2þ v2
p

�pbðu; vÞhðu1 � uÞdu;

ð10Þ

where v¼ zd
d�s.

The derivation from Equation 9 to Equation 10 is ex-
plained as follows:

1. In the tilted fan-beam, the distance from the source
S to the detector center becomes

d0 ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

d2þu2
p

: ð11Þ

2. Because in the mid-plane the differential arc incre-
ment is d � db, in the tilted fan-beam case in Fig. 15,
we should have

d � db¼d0 � db0: ð12Þ

3. As shown in Fig. 16, associated with the fan-beam
tilting process the point ðx; yÞ on the mid-plane turns
into point ðx; y; zÞ in the space, and the coordinate
system tos becomes t0os0. Making a cross-section
through S, O, O0 in Fig. 17, we have s0

s ¼
d0

d. As t¼ t0

from Fig. 16, we have

d0

d0 � s0
¼

d

d� s
; u1¼

d0t0

d0 � s0
¼

dt

d� s
: ð13Þ

Substituting Equations 11–13 into Equation 9, we imme-
diately arrive at Equation 10.

Since the publication of the FDK algorithm, the cone-
beam CT research has been very actively. Wang et al. first
conceptualized and developed the spiral cone-beam scan-
ning mode and practical volumetric CT algorithms to solve
‘‘the long object problem,’’ which started the area of spiral
cone-beam CT (10,15). Their generalized Feldkamp algo-
rithm can also be used to reconstruct plate-like objects
(16). Grass et al. proposed an approach based on a cone-
beam to parallel-beam rebinning procedure. Their ap-
proach yields an improved image quality with a low com-
putational complexity (17). To improve the reconstruction
accuracy of helical cone-beam CT based on horizontal fil-
tration and avoid the extra measures demanded by the
‘‘detruncation’’ approach (18), Tang and Hsieh proposed a
helical cone-beam filtered backprojection algorithm using
rotational filtration, providing better noise characteris-
tics, dose utilization, and data efficiency (19).

4.1.3. Exact Cone-Beam Reconstruction.
4.1.3.1. Grangeat-Type Reconstruction. A geometrically

elegant exact cone-beam reconstruction framework was
established by Grangeat, which is a relationship between
cone-beam projections and the first derivative of the 3-D
Radon transform (20). We summarize the main idea of the
Grangeat approach as follows.

As shown in Fig. 18, for a given cone-beam vertex po-
sition S and the unit directional vector ~y, we define
GðS;AÞ¼ jSOj

jSAj gðS;AÞ, where g(S, A) represents projection
data from S to the point A on the detector plane. Let mð~y; rÞ

A

S

(x, y)

(x, y, z)

z (�) s′

y

s

x

t ′

O ′

B O

t

Figure 16. Various coordinate systems and variables used for
approximate cone-beam reconstruction.
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Figure 17. Relation between the coordinate system tos and t0o0s0.
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Figure 18. Illustration for the Grangeat reconstruction frame-
work.
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be the plane through S with the normal vector ~y. The
plane mmeets the detector plane Z to form the straight line
l, where C0 is the projection from the origin O to l. Fur-
thermore, let O-XYZ denote the object coordinate system,
O-uvw the system defined by the cone-beam vertex S and
the plane Z, and O-pqw the system obtained after the sys-
tem O-uvw is rotated by an angle a around the axis w to
make the axis p and the line l perpendicular. Let
IGðS;~yÞ¼

R

A2l GðS;AÞdA, because OA
�!

can be expressed
as O
!

C0 þ q~q; ~q is the unit directional vector along the q
axis. Therefore, IGðS;~yÞ¼

R1

�1
GðS; O
!

C0 þ q~qÞdq, and we
have the Grangeat formula:

1

sin2 b

@

@p
IGðS;~yÞ¼R0ð~y; rÞ; ð14Þ

where b is the angle between SC0 and OC0. Combining
Equation 5 and Equation 14, we can reconstruct a 3-D
object if the scanning trajectory is complete.

Note that the original Grangeat formula is only for re-
construction of a spherical object. When an object to be
reconstructed is long, such as a patient, longitudinal trun-
cation of cone beam projections cannot be avoided. The
Grangeat formula was generalized to use truncated cone-
beam projections for solving the long object problem (21).
Because the half-scan mode shortens the data acquisition
time, Lee and Wang developed Grangeat-type half-scan
cone beam algorithms in the circular and helical scanning
cases to solve the short object problem (22,23).

4.1.3.2. Katsevich-Type Reconstruction. In 2002, an ex-
act cone-beam reconstruction formula was developed by
Katsevich (24–26), which is a breakthrough in the area of
spiral cone-beam CT. The Katsevich algorithm is in a fil-
tered backprojection format and formulated in terms of
the so-called PI-line and Tam–Danielsson window in the
case of the standard helical scanning. The algorithm relies
on that any point inside the scanning helix belongs to one
and only one PI-line. Because it does not require data from
multiple spiral turns, which are needed by other exact al-
gorithms, the Katsevich algorithm is much more efficient
and allows much better temporal resolution than earlier
exact algorithms. Also, it eliminates image artifacts asso-
ciated with approximate algorithms.

The Katservish algorithm can be implemented in three
steps: (1) the first derivative operation of cone-beam pro-
jections with respect to the scanning angular parameter,
(2) one-dimensional spatially invariant filtration upon the
first derivatives of cone-beam projections, and (3) 3-D fil-
tered backprojection to reconstruct an image. The Katse-
vich formula is expressed in the following:

f ðxÞ¼

�
1

2p

Z

IPI ðxÞ

1

jx� yðsÞj

Z 2p

0

@

@q
Df ðyðqÞ;Yðs; x; gÞÞjq¼ s

dg
sin g

ds;

ð15Þ

where f 2 C10 ðUÞ, eðs; xÞ � bðs; xÞ�uðs; xÞ, and
Yðs; x; gÞ � cos gbðs; xÞþ sin geðs; xÞ.

As shown in Fig. 19, the scanning trajectory is a helix;
x-rays from a source position yðs0Þmeet the detector plane
and form a window delimited by the projected upper and
lower helical turns, which is known as the Tam–Daniels-
son window. For a given PI-line, we have a corresponding
helical arc segment, which is called the PI-interval IPIðxÞ
for the inner integral with respect to the source parameter
s. bðs; xÞ denotes the directional vector from the source po-
sition through a point to be reconstructed, uðs; xÞ is the
normal to the plane defined by the PI-line and the line
through the source position and the point to be recon-
structed, andYðs; x; gÞ is the directional vector through the
point to be reconstructed in the filtering plane defined by
the PI-line and the source position.

Many elegant results have been achieved over recent
years inspired by Katsevich’s work. In 2003, Chen gave an
alternative derivation of the cone-beam Katsevich’s for-
mula, whose starting point is the classic Tuy’s inversion
formula (27). Ye and Wang proved a generalized Katse-
vich’s formula for exact reconstruction from cone-beam
data acquired along a flexible curve, which covers stan-
dard or nonstandard spirals with PI- or n-PI lines, stan-
dard or nonstandard saddle curves, and many other cases
(28). The main result is the following theorem:

Theorem: Let f(x) be a function of compact support
whose fifth partial derivatives are absolutely integrable in
R3. Let ‘ be a PI line segment connecting the endpoints
yðstÞ and yðsbÞ of the curve. Let eðs;xÞ be a unit vector
satisfying condition (17) for any s 2 ðsb; stÞ and x 2 R3, or
simply set eðs;xÞ to be a unit vector in the plane deter-
mined by ‘, and x� yðsÞ with eðs;xÞ � ½yðstÞ � yðsbÞ� > 0.
Then

f ðxÞ¼ �
1

2p2

Z

IPI ðxÞ

ds

jx� yðsÞj
PV

Z

2p

0

@

@q

�Df ½yðqÞ;Yðs;x; gÞ�
�

�

q¼ s

dg
sin g

;

ð16Þ
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Figure 19. Tam–Danielsson detection window and a PI-line.
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where PV indicates the Cauchy principal value of the in-
tegral.

The assumption of integrable fifth partial derivatives is
much weaker than the usual condition requesting f(x) be
smooth. Here, analytical techniques are used instead of
geometric arguments, which were used by other research-
ers. eðsj;xÞ can be selected so that the following condition
is satisfied:

X

r

j¼ 0

sgn½v � y0ðsjÞ�sgn½v � eðsj;xÞ�¼ 1 ð17Þ

for any v 2 R3, where sj; j¼ 0; 1; . . . ; r are decided by
v � ½x� yðsÞ�¼ 0, with sbos0o � � �osrost.

Based on the Katsevich formular, Zou and Pan pro-
posed a backprojected filtration formula for exact image
reconstruction for cone-beam CT along a standard spiral

rðsÞ ¼ ðR cos s;R sin s; sh=ð2pÞÞ; a � s � b; ð18Þ

where R is a constant radius and h is a constant pitch (29).
This standard spiral has a standard Tam–Danielsson win-
dow on a detection plane (30,31). The formula in Ref. 29
seems theoretically convenient for reconstruction of re-
gions of interests. Zou and Pan’s approach for the deriva-
tion of their formula uses geometry of the standard spiral.
Independent results were published on generalization of
exact cone-beam reconstruction from the standard helical
case to the case of general scanning orbits (32–37); these
formulas can support exact image reconstruction with
cone-beam scanning along with nonstandard spirals as
well as other scanning trajectories.

Zhao et al. presented a unified framework for exact
cone-beam reconstruction comprising filtered backprojec-
tion and backprojected filtration algorithms in the Tuy in-
version framework (38).

4.2. Iterative Reconstruction

The goal for either analytic or iterative reconstruction al-
gorithms is to reconstruct images from projections. How-
ever, the formulation for analytic algorithms is in the
continuous domain, whereas that for iterative algorithms
is typically in the discrete space. That is, we seek to re-
construct a set of pixel/voxel values xi, i¼ 1; 2; . . . ;n, from
a series of projection data points pj; j¼ 1; 2; . . .m:

Without loss of generality, we consider a square field of
view as shown in Fig. 20. Clearly, each projection ray in-
tersects with a limited number of pixels. The weighted
sum of these pixel values yields the projection value.
Hence, we have m simultaneous equations, which can be
put in the following matrix form:

Rx¼p; ð19Þ

where x¼ ðx1; x2; . . . ; xnÞ
T stands for an image vector,

p¼ðp1;p2; . . . ;pnÞ
T a projection vector, and R is an m �

n system matrix. In Equation 19, R and p are known, and
x is to be determined. R is a sparse matrix (most of its
elements are zeros). p are data, contain noise, and mon.

Therefore, a solution to Equation 19 is to optimize an ap-
propriate objective function.

A popular algebraic reconstructive technique was pro-
posed by Gordon et al. in 1970 (39). An iterative algorithm
was also implemented on the first CT prototype developed
by Housfield. In 1993, Herman improved their iterative
algorithms in terms of accuracy and efficiency by arrang-
ing the iteration order and adjusting the relaxation factor
(40). In contrast to the deterministic iterative algorithms
we just mentioned, the EM algorithm designed by Demp-
ster et al. is statistically oriented (41). This EM algorithm
and its variants including ordered subset versions have
been successfully applied in emission CT (42). Also, the
first iterative transmission algorithm for expectation max-
imization reconstruction was published in the Journal of
Computer Assisted Tomography (43). Then, several new
algorithms were proposed for accelerating that algorithm
(44,45). For in-depth discussions on iterative reconstruc-
tion, the readers are referred to Refs. 46–49.

5. APPLICATIONS

Since its advent, x-ray CT has found wide applications in
medical imaging, industrial nondestructive evaluation,
microtomography, and other areas. Also, the idea of CT
has been extended to other imaging modalities and used in
many fields, where the physical probes for internal infor-
mation are ultrasound, lasers, magnetic field, and so on.
The following examples are by no means exclusive.

Medical x-ray CT has become a cornerstone of our
health-care system. X-ray CT images are taken for imag-
ing of every anatomical structure including heart and
lungs, abdomen, pelvis, soft tissue, bone, and so on. X-
ray micro-CT has recently been recognized as a major pre-
clinical imaging tool for small animal studies. In indus-
trial applications, x-ray/gamma-ray CT is considered as a
noninvasive imaging technique and applied in nonde-
structive testing, for example, quality assurance for pro-
duction of composite materials, inspection of engine parts,
and detection of inner defects in hardwood logs (50). The
CT principles are also used to image the interior of the

pj

p3

p2

p1xn

x3x1 x2

Figure 20. Relation between projections and image pixels used
in iterative reconstruction.
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Earth with pressure waves generated by artificial explo-
sion or earthquakes. This type of tomographic images may
reveal underground distributions of oil deposits. Ocean-
tomography is a method with which we can study the
temperature over large regions. By measuring the time it
takes sound to travel between known source and receiver
locations, a sound velocity field in the ocean can be recon-
structed to reflect the spational variation of temperature.
As another example, air pollution can be monitored in a
similar way (51). In this case, a scanning infrared spec-
trometer sends a beam of infrared light to sense special
reflectors across an open space, which then return signals
for reconstruction of spatially and temporally resolved
pollutant maps.

5.1. Representative Project: Bolus-Chasing CTA

Conventional invasive digital subtraction angiography
(DSA) is regarded as the gold standard for diagnosis of
vascular diseases. The advantages of DSA include high-
resolution 2-D images and the hemodynamic characteris-
tics for radiological assessment. Recently, computed tomo-
graphy angiography (CTA) has been developed as a
noninvasive method to replace invasive catheter-based
angiography; it requires use of a lower dose of iodinated
contrast agent, a less amount of x-ray radiation, and fewer
steps than DSA, and it provides tomographic images. As a
result, CTA improves the diagnostic performance signifi-

cantly. Multislice/cone-beam CT scanners offer an unpar-
alleled image quality in terms of both speed and resolution
and promise a unique opportunity to revolutionize the
CTA technology.

Because multislice/cone-beam spiral CTA has impor-
tant and immediate applications in contrast-enhanced vol-
umetric and functional imaging for diagnosis of
cardiovascular structures, peripheral vessels, and solid
organs, such as the brain, lung, and liver, we are actively
pursuing a project entitled ‘‘Bolus-chasing CT angio-
graphy using adaptive control techniques.’’ Synchroniza-
tion of CT imaging with the propagation of contrast bolus
can maximize the signal difference between arteries and
background in first-pass studies and may reduce the con-
trast dose. CT fluoroscopy allows real-time tomographic
imaging, and it has been used to trigger the scan initiation
in synchrony with contrast bolus arrival. The overall goal
of this project is to develop an adaptive and robust bolus-
chasing methodology for multislice/cone-beam spiral CTA
in a wide class of diagnostic applications. This will be
achieved by instantaneously reconstructing CT images,
dynamically predicting bolus propagation using a system
identification approach, and adaptively varying scanning
pitch from the aortic arch to the feet to allow real-time
correction of any significant deviation from the prediction.
The overall project diagram is given in Fig. 21.
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Figure 21. Overview of the project ‘‘Bolus-Chasing CT Angiography Using Adaptive Control
Techniques,’’ which combines three high-tech components CT imaging, physiological modeling, and
adaptive control in a fundamental way for the next-generation system with major clinical benefits.
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6. OUTLOOK

Although its concept and principles have been around for
over 100 years, CT has been increasingly more applied
only for the past decades. The depth, width, and impact of
CT have gone far beyond anyone’s imagination. As there is
little boundary attached to our desires and pursues, we
anticipate that there must be continuous and impressive
progress toward even better CT theories and techniques.

The primary objectives for CT development include im-
provement in spatial, contrast, and temporal resolution at
a minimized radiation dosage. Enhanced spatial and con-
trast resolution should help delineate anatomical and
physiological features. Refined temporal resolution would
facilitate dynamic tomography, especially for cardiac
imaging and contrast studies. Reduced radiation dosage
may be translated to significant health-care benefits, such
as enabling more screening, volumetric, and dynamic pro-
cedures and reducing radiation-induced potential risks.

A major aspect of CT development is to design higher
performance algorithms. It is clear that spiral/helical
cone-beam CT has become a most important scanning
mode for medical CT since its introduction in 1991
(10,15). Very much like the spiral trajectory, our knowl-
edge and skills on image reconstruction have been in-
creased in a zigzag fashion. Approximate spiral cone-beam
algorithms have recently been upgraded to exact counter-
parts in both filtered backprojection and backprojected fil-
tration formats and even along a general scanning orbit
(24,26,28,32,33,37,38). In the next few years, we hope that
the existing CT algorithms would be further evaluated
and optimized in terms of both image quality indexes and
computational efficiency. Also, new algorithms will be de-
veloped to suit various spatial needs, such as for bolus-
chasing CTA (52–55). Additionally, phase-contrast CT
might be an attractive future possibility (56,57).
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Computer-aided design (CAD) plays a key role in a variety
of medical applications including joint replacement pros-
thesis and limb replacement orthosis design, surgical im-
plant design and manufacturing, preoperative planning
for surgical operations, and computer-assisted surgery.
CAD tools and technology developed for mechanical prod-
uct design have been successfully applied to geometric
modeling, visualizing, animating, and analyzing the nat-
ural functional behavior of anatomical structures includ-
ing human skeletal and vascular systems. These shape
modeling and visualization tools provide a significant
amount of design information concerning shape, object
parameters, component materials, material flow, and in-
terference checking.

From the beginning, CAD has progressed along with
advances in computer technology—continually influenc-
ing the rapid growth of mechanical design. In the early
1960s, CADwas essentially an electronic drafting tool that
recreated conventional blueprints and detailed drawings.
As computing technology evolved in the 1970s, CAD soft-
ware began to support three-dimensional (3-D) geometric
modeling with the introduction of wireframes and contin-
uous surface models. By the middle of the 1990s, most
high-end commercially available CAD software tools al-
lowed the designer to create complex objects with solid
modelers. Solid models are unambiguous and, from an in-
formation perspective, a complete description of the phys-
ical object. In addition, these integrated systems
permitted the user to generate neutral product model
data files and export the geometric information into so-
phisticated software programs that enabled kinematic,
stress, and thermal behavior to be simulated and graph-
ically analyzed. Although mainframes were once required
to support the CAD software, today off-the-shelf personal
computers can run sophisticated desktop systems that
produce 3-D wireframe, surface, and solid models.

CAD technology offers several important benefits to
biomedical engineers and related specialists (1–3). The
most obvious benefit to the designers of medical-related
products, such as surgical implants, is the CAD software’s
ability to automate many mundane and repetitive tasks
encountered in the design process, thereby liberating the
product designer to devote more time to the creative as-
pects of the design. Creativity is also enhanced because
modern CAD tools enable the user to develop object mod-
els in a full three dimensions. This ability has greatly en-
hanced the design process between the engineer and the
physician, as models afford the opportunity to closely in-
vestigate these devices in the laboratory setting. Further-
more, a design based on surface and solid modeling
techniques creates a digital geometric database that can
be transferred to downstream software tools that permit

animated simulations and detailed engineering analysis,
thereby reducing the cost of constructing and testing
physical prototypes.

The successful exchange of digital product model data
between dissimilar application-specific software tools re-
quires a neutral data format and an accepted standard for
data transfer. The current standard—Standard for the
Exchange of Product Data (STEP)—has been incorpo-
rated by all major CAD vendors. The STEP standards
are organized into application protocols (APs), which are
each tailored to a specific industry or process. For exam-
ple, there are APs for the automotive, aerospace, and ship-
building industries, as well as for the design of sheet metal
die designs. STEP also makes it possible to have an open
system of engineering information exchange using the
World wide Web or private networks based on the Inter-
net called intranets (4). The trend also involves making
the design software more productive by creating a com-
mon database that helps to minimize the communication
errors between designers and manufacturing personnel.
The electronic storage and transfer of design data also
enables accurate mechanical prototypes to be fabricated
by automatically generating the necessary process plans
and machining code for computer numerical control (CNC)
mills and lathes. Consequently, a paperless design process
is evolving with the advances in CAD technology in which
digital databases are electronically sent to customers,
manufacturers, and suppliers. This technology greatly re-
duces the cost of producing, storing, and managing de-
tailed engineering drawings and speeds the
communication among product designers, biomedical en-
gineers, physicians, and prosthesis manufacturers.

New developments in virtual reality (VR) and rapid
prototyping (RP) technologies have also enabled biomed-
ical engineers to create detailed 3-D models of anatomical
structures directly from the CAD database. The immer-
sive VR environments provide designers, physicians, and
surgeons with the ability to interactively manipulate the
geometric CAD models with 3-D displays and haptic de-
vices. Moreover, this technology provides a new teaching
tool for the surgical trainee or resident, preparing them in
advance for a variety of scenarios that may occur in the
operating room. In addition, the fabricated RP prototypes
give surgeons a realistic hard copy of complex structures
before a medical implant is inserted or a surgical proce-
dure is performed. The shift from the purely graphical in-
terpretation of complex geometric models displayed on a
computer monitor to an interactive visual-tactile repre-
sentation of the anatomical structure has the ability to
deliver a new level of spatial understanding to designers
and medical personnel.

1. GEOMETRIC MODELS

Computational geometry is required to accurately repre-
sent anatomical structures within a CAD system. The key
geometric information may include the type of bone sur-
faces, cross-sectional edges, corresponding dimensions,
and acceptable tolerances for reconstruction. The most
common geometric models created by commercial CAD
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software are categorized as wireframe, surface, solid, and
volume models (5–7). The tessellated mesh and rendered
surface model for the head of a machined hip implant is
illustrated in Fig. 1.

Wireframe models are the most computationally effi-
cient mathematical representations of 3-D objects because
the basic geometry is given by simple shape entities such
as circles and arcs or by a series of boundary curves. Each
entity is connected to a neighboring entity at a junction
called the vertex. The mathematical equation for every
entity, and the coordinate location of the vertices that de-
fine the wireframe model, must be specified in the object
database. For the two-dimensional (2-D) case, the wire-
frame model is created by drawing lines, arcs, circles, or
curves in a manner that is similar to electronic drafting.
Because surfaces are not visible in 3-D wireframes, com-
plex models are often difficult to interpret. Wireframes
are, however, the fastest shape models to create and do not
require sophisticated hardware or graphics engines to dis-
play on conventional computer monitors. The computa-
tional speed in displaying wireframe models is why
designers will often use wireframes for real-time skeletal
animation and bone interference checking.

The next evolutionary step in geometric modeling for
CAD applications was to mathematically represent the
surfaces that exist among the entities, edges, and bound-
aries of the wireframe model. Consequently, surface mod-
els seem more realistic and provide a more accurate
mathematical description of the object’s shape. The sur-
face model is, however, an infinitely thin shell that sur-
rounds the space occupied by the object and contains no
information about the object’s interior. Surface models of
conventional mechanical parts are relatively easy to con-
struct by creating plane surfaces and by sweeping, revolv-
ing, or extruding entities. However, complex free-form
surfaces digitized by medical imaging technology must
be modeled by polygonal surfaces meshes or low-order
surface patches. The term patch designates a limited re-
gion of a larger surface. Patches are mathematically de-
fined by a curve-bounded collection of points whose
coordinates are given by continuous two-parameter func-
tions. This type of geometric model is more complete than
a wireframe and can be used with finite-element analysis
and generating code for CNC machines. Furthermore,

color-coded rendered images can be easily created for en-
hanced visualization and qualitative analysis.

The polygonal surface mesh captures object geometry
by connecting numerous flat, planar, triangular, or quad-
rilateral facets (8). A polygonal mesh approximates the
surface shape of an object by specifying a set of points in
space that identifies the vertices of the various polygonal
faces. The meshed surfaces are rough approximations of
the original object and can be made more accurate by in-
creasing the number of vertices and facets. The finer the
mesh size of the surface entities in a model, the longer the
CPU time needed to construct the entities and update the
graphics display, and the longer it will take to plot the
surface model on the monitor. However, the surface will
never be truly smooth but will always remain a faceted
approximation of the original free-form shape. Meshed
surfaces are used extensively in computer graphics and
entertainment animation where mathematical accuracy of
the shape is not the most critical issue; rather, the primary
goal for these applications is to produce the illusion of re-
ality. Visualization techniques such as Gouraud and
Phong shading can artificially add smoothness to the fac-
eted model. Ray tracing algorithms add realism of shading
and reflection on the polygonal meshes so that they appear
smooth and round.

Many CAD applications require a mathematically ac-
curate geometric model for detailed engineering analysis
and the generation of machine code for part fabrication.
Although ordinary first-degree analytical expressions can
define plane surfaces, continuous curved surfaces require
at least a three-degree polynomial expression. Parametric
curves and surfaces are used in most design software be-
cause the mathematical tool allows the user to specify
various continuous shapes based on data interpolation or
approximations of the designer’s intent, which is crucial
for the accurate reconstruction of anatomical structures
from medical imagery. Many imaging modalities used in
medicine generate 3-D coordinate data by capturing a se-
ries of 2-D slices through the anatomy. Curves can be fit-
ted to the segmented data at each slice and then lofted to
create the desired surface, or the segmented data points
can be projected into the same 3-D volume. The paramet-
ric surfaces are constructed with tensor product methods
(5–7) that multiply the basis functions of two parametric
curves in the u and v directions. The parametric function
defines a path where the parameter value (u) and (v) rep-
resent the normalized distance of a data point along the
reconstructed surface in the two directions. The resultant
combined basis function is then applied to control points in
the 3-D data space to create a tensor product surface.

The control polygon for the tensor product surface is
given by a mesh with vertices at pnm. The combined basis
function for the surface patch, Fnm (u, v), is the product of
the curve basis functions given by

Fnmðu; vÞ¼fnNðuÞfmMðvÞ; ð1Þ

where fnNðuÞ and fmMðvÞ are basis polynomials such that

Tessellated surface mesh Rendered surface

Figure 1. The tessellated mesh and rendered surface of the head
of a commercially manufactured hip implant.
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the point on the surface at (u, v) is

sðu; vÞ ¼
X

N

n¼ 0

X

M

m¼ 0

Fnmðu; vÞpnm ð2Þ

and pnm¼ ½pxnm ;pynm ;pznm �
T is the spatial vector of the (nth,

mth) control point for 0 � n � N and 0 � m �M.
Parametric forms such as Bézier, B-spline, and nonuni-

form rational B-splines (NURBS) are largely used in me-
chanical design because these representations permit
simple shape modification by changing only a small num-
ber of parameters such as control points, knot values, or
basis function weights. The shape of a Bézier curve or
surface, for example, is defined solely by the location of the
control points in the coordinate space. Also, the number of
control points directly determines the degree of curvature.
An improvement on the Bézier representation is the B-
spline curves and surface patches that allow local control
on shape by moving one control point without affecting the
entire shape. Consequently, it is much easier to create
surfaces with B-splines that fit predetermined points in
space. The most advanced description of parametric
curves and surfaces is with NURBS. The technique is
termed rational because for every control point, there is an
associated weighting function. Dividing the surface point
function by the weight creates new surfaces that are not
possible with nonrational surfaces like those created with
Bézier and B-splines, which means that NURBS can pro-
vide precise descriptions of basic geometric shapes,
whereas B-spline surfaces can only approximate these
shapes with small patches. High-end CAD modeling soft-
ware provides NURBS functionality that can model both
analytical and free-form surfaces.

A solid model is an unambiguous and complete descrip-
tion of the object being represented (7). Solid models store
information defining the boundary curves, surfaces, and
topology of the object. The most common techniques for
solid modeling are boundary representation (B-rep), con-
structive solid geometry (CSG), and feature-based model-
ers.

B-rep techniques represent objects as a collection of
edges, vertices, and faces that bound the object. This
method is ideally suited for operations that require an or-
derly traversal of the outer boundary of the object such as
the generation of CNC milling instructions. The B-rep
model undergoes a geometrical analysis process to ensure
that the model is completely bounded before it can be
turned into a solid object. The model is checked for topo-
logical consistency with Euler’s equations. Surface topol-
ogy represents the basic relationships of the entities that
comprise the geometry of the object. The basic topological
relationships always remain the same for a particular
polyhedron, such as a tetrahedron, even though the var-
ious polyhedra are of different size and orientation.

CSG, on the other hand, represents objects as a set
theoretic combination of geometric primitives such as
blocks, spheres, and cylinders. Set theoretic, or Boolean,
operations include union, intersection, and difference.
Creating a solid with CSG techniques often involves cre-

ating a CSG-tree diagram to describe the model construc-
tion process.

Feature-based modelers provide the capabilities
needed to create solid models with familiar manufactur-
ing terms such as extrude, punch, stamp, bore, and blend.
Families of features like counter-bore, pocket, slot, and
boss can be stored in catalogs or libraries, and the param-
eters of the feature can be changed before the designer
creates the part. Once features are included in the part
model, the various object parameters can be changed, new
features can be added, or old ones can be deleted.

The volume model contains information about both the
3-D surface geometry and the object interior (7). The vol-
ume model is, therefore, more general than a solid model
because the local interior properties of the volume can be
defined. In this fashion, the volume model can represent
composites, flexible objects, and objects that are made of
solid, liquid, and amorphous materials. A discrete volume
element model is one class represented in the 3-D discrete
data space. Other representations of a volume model in-
clude basis functions, mathematical descriptions, wavelet-
type multiresolution models, and progressive volume mod-
els (9).

Volume models are used extensively in medical appli-
cations for spatial visualization and preoperative surgical
planning. Volume models approximate the shape of the
anatomical structure with a collection of primitive vol-
umes such as cylinders, ellipsoids, spheres, or cubes. A few
cylinders or ellipsoids can capture the surface and longi-
tudinal axis properties of many organs and bone ge-
ometrie; however, any similarities with these simplified
shapes are often stylized and not geometrically accurate.
Spatial occupancy enumeration represents a 3-D solid ob-
ject by numerous spatial cells or volume elements called
voxels. Each voxel is a cube of a predetermined size that
lies in a fixed spatial grid. An individual cell is repre-
sented by the voxel’s centroid-coordinates in the grid.
Each constituent element in the grid is marked as being
either full or empty, which shows the regions of space oc-
cupied by the solid object being modeled. The smaller the
size of the cube, the more accurate the scheme in repre-
senting curved objects. In general, this solid modeling
scheme gives a unique solution that is easy to validate.
Because modeling irregular surfaces requires almost an
infinite number of tiny cubes, the method is very memory
intensive. Nevertheless, the method is good at modeling
irregular solids. In a variation of this method called cell
decomposition, each cell may have a distinctive shape
similar to a finite element mesh (7).

A more sophisticated version of volume modeling,
called spatial enumeration, involves the recursive subdi-
vision of the occupied space with a data structure called an
octree. Again the algorithm starts with an initial cubical
region of interest containing the complete solid object. At
each stage of the description, a record is kept as to
whether the region of interest is completely full (contains
only solid) or completely empty (contains only air). If the
region is not completely full or empty, the current region of
interest is divided into halves in each coordinate direction,
giving eight subcubes. Each subcube is considered in turn
as the region of interest, and so the decomposition proce-
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dure continues. This method leads to a tree structure in
which the leaf nodes record the full or empty regions of
space. If a cube is only partially full, then the region is
divided again into small subcubes forming ‘‘children’’
nodes along the branches of the tree. The process of re-
cursive subdivision is stopped when the subcubes are
equal to or smaller than the spatial resolution required
to describe the solid. The octree uses far less storage than
the original fixed-size voxel-based model. One problem
with both the voxel and the octree methods is that higher
level information about the object, such as the surface
normals, is often lost. Also, it is not apparent from the ob-
ject’s octree description how its surface can be divided into
faces.

For representing medical data as volume models, it is
often necessary to create the 3-D structure by piling up a
sequence of 2-D sliced images. Furthermore, interpolation
of adjacent slices is usually needed to create new inter-
mediate slices for smooth solids because of the large
spaces between the slices from the image acquisition sys-
tem. This problem occurs because the sampling interval
between the slices is normally greater than the generated
image resolution, which results in voxels that are not cu-
bic. After interpolation, this size distortion is corrected, so
that the visualization algorithm will generate correct pro-
portion projections. Even though the new volume model
has more slices than the original, it is not necessarily more
accurate because these new slices were produced from in-
terpolation. Recent methods in volume modeling have ex-
ploited the flexibility of NURBS modeling with voxelized
representations, and the results are more accurate.

2. COMPUTER-AIDED ENGINEERING ANALYSIS

The design data associated with a CAD model can be
transferred to sophisticated, highly specialized secondary
software tools for in-depth engineering analysis and dy-
namic simulation. Engineering analysis is a critical stage
in product design and involves the detailed investigation,
evaluation, and verification of design concepts. Over the
past 30 years, a variety of computer-based techniques
have been developed to calculate the product’s opera-
tional, functional, and manufacturing parameters from
part geometry. The most frequently applied technique is
finite-element analysis (FEA). In addition to classical fi-
nite-element analysis (4,7), there are computational meth-
ods for static, dynamic and motion analysis; heat transfer
and flow analysis; tolerance analysis; and design optimi-
zation (10).

FEA is a computer-based numerical method for solving
problems in a wide range of engineering areas such as
stress analysis, thermal analysis and fluid flow, diffusion,
and magnetic field interactions. As the finite-element
method developed, it has replaced many expensive pre-
liminary trial-and-error procedures used in experimental
prototyping with quicker and cheaper computer models.
Most CAD software tools allow a finite-element mesh of
separate elements to be created directly from design sur-
face or solid models. The elements are connected to one
another at their corners or vertices, and these connecting

points are commonly called nodes. The shape of the indi-
vidual element is often triangular or quadrilateral, but
other more complex types of elements developed around
basis functions can be used. Unlike traditional analytical
methods that use higher level mathematics, the finite-el-
ement method is based on simple algebraic equations. The
FEA method may, however, require hundreds of simulta-
neous equations to be solved with hundreds of unknown
terms.

To minimize the computational costs, the model should
contain the smallest number of elements needed to pro-
duce the desired accuracy. An effective strategy is to em-
ploy an iterative modeling technique that starts with a
coarse mesh containing a few elements and then to in-
crease the number of elements at critical areas of the
model. The accuracy of the FEA model increases rapidly
as a function of the number of degrees of freedom (DOF),
which is defined as the product of the number of nodes
times the number of unknowns per node. However, the
cost increases exponentially with DOF.

For mechanical stress analysis, a loaded structure is
modeled as a surface mesh of simple elements. A solution
is then determined with basic stress and strain equations
to compute the deflection in each element from system
forces that are transmitted from the neighboring elements
through node points. The strain is calculated from the
amount of deflection experienced at the node points, and
the corresponding stress is determined from the computed
strain value. The elements within the mesh behave like a
system of springs and deflect until all forces are in equi-
librium. This method leads to a complex system of simul-
taneous equations that must be solved with matrix
algebra.

The key piece of information for stress analysis is the
stiffness matrix k for each element. The stiffness can be
thought of as a kind of spring constant that describes how
much the node points of the mesh are displaced under the
applied forces. The forces acting on the element are given
by the column matrix f,

f ¼ kd; ð3Þ

where d is the column matrix of the deflections of the
nodes of the element. The stiffness matrix is constructed
from the coordinate locations of the node points and the
matrix of elastic constants of the material. The k for a
simple triangular element can be constructed from the
basic principles of statics, but the more complicated ele-
ments require energy principles to derive the stiffness
matrix. Computer analysis computes the principal stres-
ses and their directions through the mechanical structure.
Furthermore, color-coded graphical representation and
stress contours display the final output data.

The creation of finite-element meshes from geometric
models based on medical imagery is an active research
topic in both orthopedics and cardiovascular studies. For
example, the finite-element method has simulated how
blood flows in the human vascular system (11). The pro-
cess of creating a geometric model of a blood vessel in-
volves segmenting the 3-D medical imaging data to
extract a series of vessel boundaries, either as a profile
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or as a fitted curve, and to import these serial cross sec-
tions into a CAD package for reconstructing the surface
shape of the blood vessel wall. Once the geometric model
has been created, it can be easily modified in the CAD
software to simulate disease processes, such as stenosis, or
to study the effect of a surgical procedure on blood flow.
However, the surface model needs to be smooth enough to
produce a finite-element mesh that is free of local discon-
tinuities so that artifacts are not created in the blood flow
solution. The time and effort to create and modify the geo-
metric model must be kept to a minimum so that multiple
studies can be performed of different patients and simu-
lations of surgical changes can be performed quickly. Sev-
eral different FEA algorithms have been developed that
use average, ideal, or patient-specific geometric models of
blood vessels for the numerical simulations. The com-
puter-assisted analysis can visualize velocity profiles and
pressure measurements at select locations along the ves-
sel, as well as field variations of scalar and tensor quan-
tities such as pressure, velocity, vessel shear, and wall
stress.

The deflections, strains, and stresses in a structure un-
der a fixed load are determined with static analysis,
whereas transient dynamic analysis uses the natural fre-
quency response time of the structure to determine the
deflections and stresses under changing load conditions.
The aim of natural frequency analysis may also be to com-
pute the stress on a structure caused by vibrations at the
natural frequency of the structure. Motion, or kinematic,
analysis, investigates the displacement, velocity, and ac-
celeration of anatomical structures to observe natural
movement. The objective of motion analysis is to deter-
mine limits of motion, interference, and optimum geomet-
ric conditions by simulating the solid model or 3-D model
of the object in motion. This simulation helps the designer
identify interference and changing forces during the sys-
tem operation before it is passed onto production.

The primary goal of heat transfer analysis is to deter-
mine the temperature distribution through a solid or a
liquid. For example, knowledge about the temperature
distribution through a metal workpiece—that is being
shaped into an orthopaedic implant—during a material
removal process helps the operator determine optimal ma-
chining conditions such that metallurgical properties of
the workpiece are not significantly altered. Separate CAD/
CAE Computer Aided Engineering (CAE) software has
been developed for specific manufacturing processes such
as injection mold design and metal casting. Furthermore,
computer-assisted fluid flow analysis software helps the
designer analyze various characteristics of fluid flowing
through a constricted blood vessel such as flow rate, dif-
fusion, dispersion, and consolidation.

In mechanical engineering design, tolerances are usu-
ally provided for the part dimensions. Properly assigning
the tolerance is often an important task, especially for ap-
plications in which a tight fit between mating parts is re-
quired. From a functional point of view, tight tolerances
may result in good performance, but if they are overly
stringent, then production costs increase rapidly. Various
analysis methods such as analytical, statistical, and sim-
ulation methods are used for tolerance analysis. A several

software systems have been developed that help the de-
signer allocate tolerances on mechanical components of
the final product.

Product design is an iterative process that involves
many of steps such as specification development, concept
generation, concept evaluation, detail design, and product
evaluation. After a concept has been selected for develop-
ment and detailing is under way, the designer often seeks
to optimize the design solution to meet specific objectives
such as minimum weight, spatial constraints, or reduced
vibrations. The analysis by which the design parameters
are minimized or maximized based on goals and con-
straints is called design optimization. CADmodels explore
alternatives to find the optimal solutions. This process is
different from conceptual design where the design vari-
ables and some constraints are determined. A variety of
software packages have been developed in recent years to
assist designers in selecting optimal solutions.

3. RAPID PROTOTYPING

RP is the generic name given to a variety of solid free-form
fabrication processes that produce mechanical parts di-
rectly from the CAD models. A common feature of all RP
systems is that they implement additive, rather than ma-
terial removal, technology to build the physical prototype
layer by layer. From a design perspective, the primary ob-
jective is to create a 3-D physical prototype that ‘‘fits and
feels’’ like the final product in an effort to verify the ge-
ometry, alignment of components, and possibly part func-
tion within a few hours instead of the days or weeks
required for manufacturing the prototypes with CNC ma-
chining or casting processes. In some situations, the early
RP prototype may be used as a pattern for producing the
appropriate tooling necessary to fabricate the mechanical
part with conventional casting. In addition, the material
additive processes used by the RP technology enable com-
plex free-form part geometries to be created that are
largely impossible to fabricate with conventional methods.

Most RP technologies begin the prototype construction
process by receiving an approximation of the CAD model.
The file format is a list of connected triangular planar
facets that represent the outer skin of the object being
modeled. The RP model is then decomposed into parallel
cross sections, with each layer between 0.05 and 0.4mm
thick. The physical prototype is then fabricated by build-
ing the object’s geometry layer by layer, with each adja-
cent layer bonded together. Prototypes produced by RP
technology, however, lack the stiffness and strength re-
quired for many real-world applications (12–17).

The original RP process, stereolithography apparatus
(SLA), takes advantage of photopolymers that change
from liquid to solid when exposed to ultraviolet light. An
ultraviolet laser beam traces the contours of the object’s
cross section onto the surface of a vat filled with a liquid
photopolymer. The intense spot of ultraviolet laser causes
the polymer to harden precisely at the point where the
light hits the surface. The hardened material is then low-
ered a small distance below the remaining liquid, recoat-
ing it with more resin. A typical layer thickness for this
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method is from 0.076mm to 0.381mm. The laser then
traces the next layer from the sliced computer model onto
the now liquid surface. The process continues until the
complete 3-D model is built, one layer at a time, from the
bottom up. The completed part is removed from the vat
after the last layer is formed, and it undergoes a final
curing with an intense ultraviolet light source. SLA prod-
uct applications include medical bone implants, electrical
discharge machining electrodes, nozzles for metal spray-
ing, cellular phone cases, and automotive wheel rims.

Another common RP technology is selective laser sinte-
ring (SLS), where powdered materials such as nylon, poly-
carbonate, and investment casting wax are transformed
into solid objects, one thin cross section at a time, with a
modulated laser beam. As the process begins, a very thin
layer of heat-fusible powder is deposited into a workspace
container. The layer of material is heated to just below its
melting point. The first cross section of the object under
fabrication is traced on the layer of the powder by a heat-
generating CO2 laser. The temperature of the powder im-
pacted by the laser beam is raised to the point of sintering,
which fuses the powder particles and forms a solid mass.
The laser beam intensity is modulated to sinter the pow-
der only in areas defined by the object’s design geometry.
Another layer of powder is deposited into the workspace,
on top of the previous layer. The process is repeated, with
each sintered layer fusing to the layer below it until the
part has been formed. The finished part is retrieved, and
the excess powder is removed. Some parts may require
postprocessing, such as sanding and epoxy coating. The
laser sintering process is versatile, accurate, and fast.
This technology is not limited to creating prototypes for
visualization, but it can also fabricate functional patterns,
molds, and tools required for short-run production.

Other RP processes form the solid by extruding the
polymer from a tiny orifice or build up the solid by depos-
iting droplets of polymer binder, like from an inkjet
printer head, into a bed of powder. Fused deposition mod-
eling (FDM) is one RP technology that constructs the ob-
ject geometry in layers by extruding and solidifying a
melted filament. Because different materials and colors
can be selected during reproduction, it is possible to build
more than one anatomical structure in a single model and
distinguish them by color. Although the FDM machine
produces parts with good geometric accuracy (Fig. 2), the
level of details and surface quality are lower than with
SLA and SLS.

Finally, a class of RP machines builds the solid by cut-
ting the cross section from sheets of paper, polymer, or
composite material and by stacking and laminating then
into a solid. This process is known as laminated object
manufacturing (LOM). LOM produces solid objects by suc-
cessive deposition, bonding, and laser cutting of layers of
sheet materials such as papers, plastics, or composites.
The LOM model is a durable multilayered structure. Be-
cause the materials in the LOM process are in sheet form,
and the system does not subject them to either physical or
chemical phase changes, the finished parts do not experi-
ence shrinkage, warpage, or other deformations. The ob-
ject can be machined and finished for use as molding and
casting patterns and limited test or visual models for the

automotive, aerospace, medical, computer, and electronics
industries.

The stereolithography file (STL) has become the stan-
dard input file format for almost all RP systems. The STL
file format is a list of coordinate values for the triangular
planar facets that comprise the surface mesh. Each facet
is defined for its vertices and a unit sphere normal vector
directed toward the interior of the part. The vertices of the
triangular facets are also ordered, with the right-hand
rule, to indicate which side of the triangle contains the
part mass. Although the STL file is a faceted model de-
rived from a precise CAD model, it is only an approxima-
tion of the model. The more triangles that are used in the
model representation, the more accurate the approxima-
tion. The increase in the number of facets will occur at the
expense of longer processing times and increased model
file sizes. However, the tessellation algorithms used by the
CAD software for creating STL files often exhibit prob-
lems. Tessellation of surface and solid CAD modelers with
large curvature can result in errors at the intersection
between surfaces. The surface modelers will fail to prop-
erly mate adjacent surfaces, which results in gaps and
holes along the edges of the part model.

Interfacing a voxel model with an RP system requires
different tessellation methods to divide the surfaces into
triangles than those used by surface and solid modelers.
The facet STL is reconstructed within voxel space to avoid
many STL errors associated with surface tessellation al-
gorithms. The general method for interfacing 3-D discrete
datasets with an RP system is to use contour information
as the input. Each RP system has a unique contour spec-
ification that requires the extraction of the contour infor-
mation from 3-D discrete datasets.

Construction of a surface boundary from a volumetric
dataset is called isosurface extraction. The basic approach
connects the contours on consecutive slices with triangles.
However, ambiguities may occur when determining which
surface contour to connect, if more than one contour exists
on a particular slice. The connected contour algorithms
also discard the interslice connectivity that exists in the
original data, and so they can be used only in a low-res-
olution environment. Alternatively, the Delauney trian-
gulation algorithm can generate triangular meshes from a
3-D dataset to interface with RP systems. After each voxel
is triangulated, neighboring voxel patches must be
stitched together to form a contiguous mesh. This step
can introduce topologically incorrect triangles and gaps in
the areas of rapidly changing topology. An invalid STL file
will cause failure during part manufacturing, and there-
fore, a postprocessing step may be required to repair er-
rors in the triangle mesh. Marching cubes is one algorithm
that is used for direct isosurface extraction. It is per-
formed on a volumetric dataset and generates triangular
facets within each unit cube with a divide-and-conquer
approach.

4. CREATING CAD MODELS OF BIOLOGICAL SURFACES

Most biomedical applications that use CAD technology in-
volve some aspect of reverse engineering (18–21). In this
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context reverse engineering (22) is defined as the process
of generating mathematically accurate 3-D CADmodels of
existing anatomical structures from measured coordinate
data. The various stages involved in bone geometry from
medical imagery are illustrated in Fig. 3. The surface data
can be either densely or sparsely distributed depending on
the data acquisition method employed. Data acquisition
methods include contact probes, noncontact range scan-
ning, digital radiography, computed tomography (CT), ul-
trasound imaging, magnetic resonance, or nuclear
medicine. Once the desired spatial data have been col-
lected, it must be mathematically represented in a form
that can be graphically displayed and manipulated by a
commercial CAD software package. Digital image process-
ing techniques (23) are used to filter signal noise, segment
the large volume of acquired data into boundary edges or
surface regions that reflect anatomic structure’s shape,
and fit the segmented data with appropriate curves or
surfaces. The final step of CAD model reconstruction in-
volves lofting between the fitted curves or joining fitted
surface patches to create complete and functional surface
or solid models. Once completed, the object model can
generate a finite-element mesh, STL file for solid free-form
fabrication, or CNC code for part machining. The fabri-
cated prototype can be inspected for functionality or mea-
sured with coordinate measurement machines (CMMs) to
determine whether the surface geometry deviates by more
than the given tolerance from the original measured data.

4.1. Data Acquisition

Medical image acquisition technology uses either invasive
or noninvasive methods. Noninvasive method include
range scanning, x-ray, CT, ultrasound, and magnetic res-
onance. Invasive methods are those imaging modalities in
which it is necessary to insert a liquid or instrument into
the human body to obtain the desired images. Common
examples of this class of invasive methods include angio-
graphy and nuclear medicine. In addition, these modali-
ties can be divided into two global categories: anatomical
and functional. Anatomical modalities depict the morphol-
ogy of the anatomical structure, and therefore, it often ac-
curately separates bone material from the surrounding

tissue. These methods include x-ray, CT, magnetic reso-
nance imaging (MRI), ultrasound imaging, and the video
sequences captured by catheter scopes during laparoscopy
surgery. The second category primarily provides metabolic
and functional information, which includes single photon
emission computed tomography (SPECT) and positron
emission tomography (PET) which together make up nu-
clear medicine imaging modalities and functional MRI
(fMRI).

In many reverse engineering applications, a mathe-
matical model of the bone or tissue geometry is created by
fitting a series of closed boundary curves or surface
patches to measured data acquired with range scanning,
x-ray, CT, ultrasound imaging, MRI, and nuclear medi-
cine. Each medical-image producing modality has
strengths and weakness.

The geometry of exposed surfaces such as the face,
head, or whole body can be acquired with surface range
scanning technology such as contact CMMs, stereo imag-
ing, and noncontact range sensors. One common type of
range scanning employs structured-light and triangula-
tion techniques to determine the coordinates of surface
points. In general, a pattern of light, such as a line or grid,
is projected onto an object and a digital camera captures
the 2-D image of the deformed light pattern formed on the
3-D object (Fig. 4). When only a single light-line is pro-
jected, it forms a plane of light through space and a single
profile on the object surface. Because this profile lies in the
plane of the projected light, the (x, y) object coordinates are
planar and correspond directly to the pixel locations (i, j)
on the image. Laser-camera calibration methods deter-
mine the relationship between image-plane and object-
plane coordinates. A complete 3-D surface measurement is
achieved by translating the camera and light plane system
at predetermined positions along the z-axis. Accurate in-
formation about the optical and geometric parameters of
the laser-camera system is essential for achieving high
measurement accuracy.

Film-based and digital radiography (x-ray) is the pri-
mary method of acquiring images of internal organs and
skeletal structures. A typical x-ray image is produced by
an x-ray beam, in the form of ionizing radiation, which is
transmitted through the patient’s body and onto x-ray-

(a) (b)

Figure 2. The STL model created from a series
of MRI images taken of a patient’s cranium and
the corresponding FDM prototype fabricated
from ABS plastic.
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sensitive film or charged coupled device array. The various
tissues absorb this energy in different amounts, which
thereby produce different shadows in the x-ray image
plane. The x-ray films are relatively inexpensive to pro-
duce, and the technology is commonly available. A com-
mon plane film x-ray system can generate 5 images per
scan, whereas a digital angiography system can be up to
40 images per scan.

CTuses the same basic principle as x-rays but produces
images that represent slices of the human body. The orig-
inal CT image scanners assembled a sequence of cross-
sectional images by incrementing the patient across the
plane of the data acquisition system, with an interval of a
few millimeters between each slice. This procedure en-
ables CT data to be acquired as a series of equally spaced
2-D images that can be mapped into 3-D coordinate space
for accurate description of complex anatomical structures
within millimeter detail. In general, a single examination
acquires a series of 25 images. The newer CT scanners
acquire the data in a continuous fashion while the patient
is automatically translated across the CT image plane.
These scanners have a ‘‘slip ring’’ architecture that pro-
duce a spiral set of image data that can cover a substan-
tially larger area of the patient’s anatomy than the
translating CT scanners. In addition, these new CT scan-
ners subject the patient to less x-ray exposure than the
earlier models. Although CT images have difficulty in dis-
playing soft tissue, it is possible to enhance the soft tissue
through the administration of x-ray opaque dyes.

Ultrasound or echographic imaging is another common
method of acquiring medical images. The ultrasound tech-
nology exploits high-frequency sound waves for noninva-
sive imaging rather than using the ionizing radiation.
Ultrasound equipment generates an image in the same
fashion that marine sonar equipment can see objects un-
derwater. A sound emitter is moved by the technician
across the patient’s body, which causes the image to be
formed in real time. As each sound wave encounters a tis-
sue interface, a portion of the wave is reflected back while
the remainder continues to move in the original direction.
The time required for the echo to return to the source is
proportional to the distance into the body at which the
wave is reflected. Also, the amplitude of a returning echo
depends on the acoustical properties of the tissues and is
represented in the image as brightness. The imaging sys-
tem constructs 2-D images by displaying the echos from
pulses of multiple adjacent one-dimensional paths. Typi-
cally, 40 ultrasound images are acquired per case.

Ultrasound imaging has proven to be beneficial in the
diagnosis of vascular disease by showing abnormalities in
the flow of blood through vessels. Furthermore, prenatal
imaging and ultrasound imaging during surgical proce-
dures are medically effective, relatively safe, and inexpen-
sive. The ultrasound technology suffers, however, from its
inability to penetrate beyond bone structures. Only soft
tissue that is unrestricted by the intervening bone can be
adequately imaged.

Magnetic resonance uses magnetism to induce the
emission of radio-frequency energy from tissue to form a
picture of patient’s internal anatomy. MRI provides infor-
mation about soft tissues and not bone structures. The
operation of the MRI system is based on the principle that
all atomic nuclei within the human body will act like tiny
magnets when exposed to an intense magnetic field. Con-
sequently, all nuclei in the exposed part of the body will
line up in the direction of the magnetic field, spinning
about the axis of the field with a frequency that is depen-
dent on both the type of nucleus and the strength of the
generated magnetic field. Measurements of the differences

Acquisition of
MRI series

(Raw data)

Image Segmentation

(Edge detection and
region-growing)

Boundary Tracking

(Closed contours)

Surface Reconstruction

(Polygonal mesh)

End

Start

Figure 3. Various stages in reverse engineering bone geometry
from medical imagery. In this illustration, a polygonal surface
mesh is created from MRI data of the radial head of the elbow.
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in the orientation of the nuclei, when radio pulses are ap-
plied and then removed, produce the image. In this way,
the MRI system creates images that show key differences
among the tissue in the exposed body regions. The tech-
nology can discriminate between different types of tissue
because the radio-frequency signal is sensitive to molecu-
lar structure and dynamics, and not just to the static con-
centration of a particular nuclear species. MRI systems
acquire volumetric data as opposed to the slice data of the
CT scanner.

Nuclear medicine procedures rely on the detection of
radioactive isotopes introduced into the human body. Be-
fore the image acquisition procedure, a radioactive isotope
is chemically attached to a biologically active compound
and then injected into the peripheral circulation. The com-
pound is either stored or processed in the organ targeted
for imaging, such as the thyroid and liver. The isotopes
emit radiation locally and can be measured by a low-level
radiation detector. Nuclear medicine images show the
functional distribution of the isotope within the target or-
gan against the adjacent anatomical structure. The level
of radioactivity at each point is then stored digitally. This
type of emission can be PET or SPECT. In contrast to CT
imaging, which shows the x-ray absorption properties of
anatomical structures, PET and SPECT methods depict
the spatial distribution of radiation and are, therefore,
used to study metabolic activities. The physical and bio-
logical characteristics of the isotopes allow small amounts
of radiation to obtain sceintilographic images, which can
show physiological processes either in a specific region or
throughout the whole body. An example is the distribution
of blood flow, or functional mapping during kinematic or
neurological stimuli can be undertaken with these proce-
dures. Like CT imagery, PET and SPECT equipment can
create a series of 2-D images to cover an anatomical vol-
ume.

4.2. Processing Medical Images

Once the images of the tissue, organs, or skeletal structure
have been captured, and before they can be represented as
CAD models, it is necessary to perform a series of math-
ematical operations on the acquired images to extract crit-

ical coordinate data. A variety of image processing
techniques can be used for image restoration, edge en-
hancement, segmentation, feature extraction, and data
registration.

Image restoration techniques correct the quality of the
images by removing or minimizing the effect of signal dis-
tortions that originate from environment interference or
sensor limitations (23). These techniques include image
deblurring, low-pass noise filtering, and the correction of
geometric distortions. Once the noise in the original data
is suppressed, it is necessary to enhance the key image
attributes or features that are necessary for describing the
shape of the investigated anatomical structure. Typically,
contrast enhancement and edge detection is achieved by
sharpening the processed image with high-pass spatial
filters or window operators that respond to local intensity
differences in the image. Edge features or substructures
within the sharpened image are then detected and iden-
tified with regional arithmetic operators based on deriva-
tives like Sobel, Kirsch, and gradient operators.
Subtracting images is also a useful technique for the en-
hancement and extraction of features when dealing with
medical images that exhibit high contrast in some regions.

A critical image processing operation for the accurate
reconstruction of internal organs and bones from sliced
images or volume data is segmentation. It is often the first
step in extracting regions-of-interest (ROIs) for other
tasks such as bone measurement. No unique solution to
this problem exists, but instead a class of tools is available
that can be combined to achieve the desired goal. These
methods include mathematical morphology, deformable
models, and scale-space analysis.

For reconstructing a surface or volume from the seg-
ment spatial data extracted from a series of image slices, it
may be necessary to align the images. This process in-
volves a variety of geometric operations known as regis-
tration. Registration is the process of mapping the pixels
from one image, called the reference image, to pixels in
another image, called the test image (24,25). Because the
acquired medical images can be either 2-D or 3-D it is
necessary to use 2-D or 3-D registration techniques. Fur-
thermore, the accuracy of several registration methods

Figure 4. The acquisition of dense surface
points from a subject’s head using a noncontact
structured-light range scanning system.
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described in the literature is related in part to the preci-
sion of the acquisition equipment.

4.3. Surface Design

Most medical image and range acquisition systems cap-
ture 1000 to 500,000 data points for shape measurement.
The task of reconstructing a free-form surface from dense
data involves partitioning the measured cross-sectional
slice or 3-D volume data into small regions that can be
fitted by polyhedral meshes, continuous curves, or low-or-
der parametric surface patches. With an appropriate sur-
face model, the complex shape of an anatomic structure
can be economically represented by as few as 50 to 500
parameters.

Surface design with preprocessed cross-sectional image
slices is concerned with constructing a polygonal mesh or
biparametric surface by joining a series of evenly spaced
planar contours (26–28). The model is created by segment-
ing each digitized image into ROIs, extracting the edge
points around the boundary of the ROI, thinning the num-
ber of boundary points for ease of data manipulation, fit-
ting closed contours to the thinned edge points,
determining the correspondence between the contours ex-
tracted from adjacent slices, and lofting between the re-
constructed contours for a complete surface model. If
multiple contours exist in a particular slice, then a corre-
spondence decision must be made to determine the topo-
logical links or relations between the contours on adjacent
cross sections. Consequently, an automated solution to fit-
ting smooth surfaces to serial cross sections is complex
and has proven to be difficult to implement.

Several different methods have been described in the
published literature for generating continuous surfaces
from serial cross sections. The polyhedron-based ap-
proaches define object geometry by a mosaic of triangular
or quadrilateral facets. In general, these techniques em-
ploy ‘‘tiling algorithms’’ to generate triangular facets,
which are referred to as tiles, between pairs of adjacent
2-D contours. If a cross section contains multiple contours,
then a branching algorithm is required to link the con-
tours to one or more contours in the adjacent cross sec-
tions with triangular facets. The wireframe mesh
generated by these polyhedral models provides the sup-
port structure needed to generate more complex surface
patch models. Several techniques have been developed for
constructing piecewise triangular surfaces with tangen-
tial, C1, continuity using one or more triangular surface
patches over each triangular facet. Furthermore, auto-
mated lofting methods have been described in the litera-
ture for generating a piecewise rectangular surface by
blending intermediate parametric curves. Lofting, which
is also called skinning, is a procedure for interpolating the
surface directly through a family of curves, instead of a
mesh of points.

Because the surface reconstruction problem consists of
generating a mathematical surface model that fits the
many boundary points in the constituent image slices, it is
often necessary to filter out small local variations in the
segmented data and approximate the general contour
shape to get a more smooth and compact representation.

Only a few lofting algorithms have dealt with approxi-
mating a surface from a set of 2-D contours, in which the
number of segmented boundary points varies from con-
tour to contour. One method (26) performs a surface lof-
ting operation on a set of intermediate B-spline curves to
reconstruct a complex B-spline surface from a set of serial
contours. However, this method generates a smooth, but
often unpredictable, surface from serial cross-sectional
data because it cannot guarantee that the reconstructed
surface will fit all contours with the desired degree of ac-
curacy. Consequently, the method generated a smooth, but
often unpredictable, surface from serial cross-sectional
data.

Alternatively, the reconstruction of accurate surface
geometry from 3-D volumetric data can be achieved by
fitting multiple biparametric surface patches to measured
points located in segmented regions of the original sur-
face. Often, the data points located within each parti-
tioned region share common characteristics related to
surface curvature or some other well-defined set of fea-
tures. The success of the surface reconstruction procedure
depends on the surface fitting technique that represents
the measured data.

The shape of the parametric surface is determined by
the location of the control points that make up the char-
acteristic polygon. The use of fewer control points than
measured data points provides a low-order approximation
to the dataset and results in a smooth surface shape. This
method is preferred over higher order mathematical mod-
els that attempt to interpolate all data points and that
may result in surfaces that tend to oscillate between the
points. The low-order approximation also smoothes resid-
ual noise that may be present in the point data, for exam-
ple, because of sensor acquisition error.

Before fitting discrete data with a continuous Bézier, B-
spline, or NURBS function, it is necessary to assign pa-
rameter values to each data point with a parameterization
algorithm. In simple terms, the parametric function de-
fines a path where the parameter values (u) or (u,v) rep-
resent the normalized distance of a data point along the
curve and surface patch, respectively. Common parame-
terization techniques include chord length, centripetal,
and exponential models (5). More sophisticated methods
must assign parameter values to scattered points or data
distributed in an irregularly shaped region (29,30). Most
algorithms described in the literature for scattered data
interpolation attempt to explicitly compute the connec-
tions between neighboring data points before constructing
a smooth surface patch. Furthermore, most techniques
that compute connectivity require a dense dataset to pre-
vent gaps and holes from forming on the reconstructed
surface within undersampled areas. The gaps and holes
can significantly change the topology for the generated
surface.

The surface reconstruction methods that create models
of anatomical structures involve data interpolation, ap-
proximation, and cross-sectional design based on lofting
curves. Interpolation implies that the tensor-product sur-
face will intersect each data point, which provides a syn-
thetic surface that best represents all coordinates in the
dataset. The system of equations can then be more com-
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pactly written as

Z¼FP; ð4Þ

where Fnm¼fnNðuÞfmMðvÞ. For a (X�Y) topologically
rectangular set of data points, Z is an (X�Y)� 3 matrix
containing measured surface coordinates, F is an (X�Y)
� ((Nþ1)� (Mþ 1)) matrix of the products of the basis
functions, and P is an ((Nþ 1)� (Mþ 1))� 3 matrix of the
3-D coordinates of the required control point net. If the
number of control points is equal to the number of data
points, then F is a square matrix and the control points
are computed with a simple matrix inversion. In such a
case, the resulting surface will interpolate or pass through
each data point Z.

For dense data, this process is computationally expen-
sive because the number of data points is often large and,
correspondingly, matrix F will become large. Further-
more, as the order of a biparametric surface patch is di-
rectly related to the number of control points, the greater
the number of control points, the higher the surface order.
Interpolation of all data points will, therefore, require
high-order polynomials that produce undesirable oscilla-
tory behavior around the points. Consequently, it is nec-
essary to reduce the volume of the measured data points
before the fitting procedure. Coordinate data reduction
must be done manually or with a data subsampling algo-
rithm.

If the data acquisition system exhibits excessive noise
characteristics or a large volume of data points are cap-
tured with each scan, then it is necessary to approximate
the surface geometry in a ‘‘best-fit’’ sense. Consequently
not every data point, or even any individual data point,
will rest on the final surface. However, if fewer control
points than measured data points are used in the surface
fitting procedure, then F is not a square matrix and a so-
lution can only be obtained with a least-mean squares ap-
proach as follows:

P¼ ½FTF��1FTZ: ð5Þ

In this case, the surface will approximate the data points.
Although a complex object can be generated directly

from a patchwork of surfaces patches, there is no guaran-
tee that the resultant surface model is smooth, with all
adjoining patches meeting seamlessly at their boundaries.
The seamless joining or stitching of any two neighboring
patches requires the first r parametric derivatives of the
generated surfaces to be equal where the patches adjoin.
This continuity condition is known as Cr or rth-order
parametric continuity. Often, only the positional C0 and
tangential C1 continuity are necessary to ensure a smooth
surface. Positional continuity can be realized if the control
polyhedra of two adjacent patches coincide at the bound-
ary; that is, the two patches meet at all points along a
common boundary. This continuity condition can be im-
posed on the fitting algorithm by simply ensuring that the
corresponding control points of two adjacent biparametric
surfaces are coincident. Furthermore, tangential continu-

ity can be achieved if the slope of the adjoining polyhedra
segments is the same for both patches.

5. CUSTOMIZED PROSTHESIS DESIGN

Advances in CAD and RP have expanded the applications
of design and manufacturing technologies beyond tradi-
tional mechanical engineering, specifically the direct fab-
rication of customized products. Medical implants and
assistive prostheses are traditionally produced in large
quantities of standard shapes and sizes. These synthetic
implants have axisymmetrical shapes that often do not
match the irregular geometry of the human anatomy. The
actual geometric shape of any human bone structure var-
ies greatly among different persons. A rapidly manufac-
tured implant that reproduces the anatomical structure of
the replaced bone material would be a definite improve-
ment over the standard off-the-shelf prosthesis.

To illustrate the implementation of CAD and reverse
engineering technology for custom prosthesis design, the
focus of this discussion is the design of a surgical implant
that replicates the shape of the head on a radius bone
(31,32). The radius is the long bone on the lateral thumb
side of the arm from the wrist to the elbow. The radial
head is located at the upper end of the radius and forms
part of the elbow joint. The head has a concave superior
surface that articulates with the capitellum of the hu-
merus and the subcircular circumference that articulates
with the ulna. Commercially available orthopedic im-
plants are traditionally produced in quantities of stan-
dard shapes and sizes that do not fully match the irregular
shape of the bone articulations (16). From the viewpoint of
implant kinematics, wear, and fixation, an implant that
more closely approximates the normal anatomy of the
bone is likely to be superior to the standard implants.

Standard implants work well when both sides of the
elbow joint are being replaced, such as in conventional to-
tal joint replacement. Replacement of the radial head is
commonly required for radial head fractures that cannot
be repaired. In this situation, the opposite side (or cap-
itellum) with which it articulates is undamaged, and
therefore, a total joint replacement is not required. The
geometric shape of the radial head is highly nonsymmet-
ric, which cannot be replicated by a symmetrical implant.
As a consequence, conventional radial head implants often
fit poorly and cause premature cartilage wear on the op-
posing articular surface and implant failure. It is postu-
lated that standard radial head implants lack the ability
to restore joint congruency and kinematics to a natural
state. When both implants are compared with the radial
head structure as shown in Fig. 5, it is clear that the cus-
tom implant would be of better fit and functionality in the
upper limb.

6. INTERACTIVE PRODUCT DESIGN—FUTURE
DIRECTIONS

Product designers and engineers require intelligent CAD
and graphical visualization tools that enable them to
quickly modify the shape, style, and functionality of a
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product concept. The various technologies used through-
out the creative design process must be both intuitive and
easy to use, with only a minimal amount of specialized
training required. In addition, the design information
must be converted into a format that can be seamlessly
integrated into existing CAD/CAE/CIM Computer Inte-
grated Manufacturing (CIM) facilities. Reducing the level
of technical knowledge and specialized training required
to use CAD and graphical tools will also allow the average
customer to directly personalize product designs. User-
friendly technology is an important prerequisite for mass
customization.

The process of creative design involves generating and
modifying concepts and then visually assessing the suit-
ability of the proposed solution for the identified problem.
The transformation of the model’s geometry can be inter-
preted as hand sculpturing the virtual surfaces with a
haptic interface. The mathematical models that represent
shapes in the immersive VR space determine both the
flexibility and the usability of the design tool. A variety of
techniques have been described in the literature to trans-

form or sculpture geometric models. One class of interac-
tive shape transformation techniques is based on the clay
molding metaphor. The procedure begins with a basic ob-
ject form, and then the user deforms the surface model
with virtual hands to explore alternative shapes. Volu-
metric sculpting is an alternative to direct surface mold-
ing and holds significant promise as a free-form modeling
tool for a variety of biomedical applications. This tech-
nique operates directly on the 3-D voxel model of the ob-
ject. Within the VR environment, the designer uses a
virtual sculpting tool, which is a voxel model, to modify
the values in the voxel buffer of the original object. The
pattern of how a sculpting tool affects the volumetric
model of the object that is being sculpted will be deter-
mined by the specific Boolean operations associated with
the tool.

These interactive product design tools and VR technol-
ogy offer biomedical engineers additional benefits, includ-
ing the distribution of accurate design information in a
natural, easy-to-understand format for all members of the
product development team, regardless of technical back-
ground or geographical location. This process enables en-
gineers and physicians at remote locations to
communicate in real time about the design, and it even
provides medical personnel with the opportunity to virtu-
ally pick up objects and move them around in a virtual
environment for assessing product performance and to
plan surgical procedures. Real-time motion simulation
tests enable physicians and other medical staff to check
out operational paths and sequences and to check for
clearances with anatomic structures unique to the pa-
tient.
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1. INTRODUCTION

Computer-aided surgery involves the use of computers to
provide image guidance for invasive procedures, including
minimally invasive interventions. The term has also been
used more broadly to encompass the use of advanced
technology in surgery, including image-guided surgery,
surgical planning, surgical robotics, and virtual reality,
including surgical simulation. The term ‘‘surgery’’ may
refer to open surgery, laparoscopic or endoscopic surgery,
minimally invasive surgery, image-guided therapy, percu-
taneous procedures using needle or catheter-based de-
vices, or interventional radiology. In this article, we will
focus on navigation systems for computer-aided surgery,
often called image-guided surgery systems.

This field has been developed within the past 10 years
and applied to an increasing number of clinical applica-
tions. In the coming decade, computer-aided surgery will
revolutionize how surgery and image-guided therapies are
performed, and it could substantially decrease cost, mor-
bidity, recovery times, invasiveness, procedure time, and
medical errors based on human inaccuracies and insuffi-
ciencies. Biomedical engineering has a large role to play in
the development of this field, as researchers have yet to
determine which combinations of specific technologies and
applications can best meet these goals.

2. HISTORICAL REVIEW

Computer-aided surgery was initially developed to pro-
vide precision guidance for neurosurgical procedures,
because navigation in the brain can be difficult and
accuracy is of the utmost importance. In particular, com-
puter-aided surgery grew out of stereotaxy, or the use of a
reference frame to facilitate transfer and subsequent use
of imaging or three-dimensional (3-D) spatial information
for a localized procedure or for directed therapy. The first
stereotactic frame was developed in 1906 by Clarke and
Horsley (1). The first use of stereotactic techniques on a
human patient was reported in 1947 by Speigel and Wycis
(2).

The development of 3-D imaging modalities, such as
computed tomography (CT) and magnetic resonance ima-
ging (MRI), provided the impetus for computerized volu-
metric stereotaxis. At the Mayo Clinic, a team led by Kelly
modified an existing stereotactic frame to make it compa-
tible with CT and developed a computer program to
translate CT data into stereotactic space (3).

With the rapid development of computing power and
improvements in imaging modalities, the field of compu-
ter-aided surgery developed rapidly in the 1990s. Helical
and multislice CT made large-volume and true volumetric
data acquisition rapid and accurate in the cranio-caudal
axis. This exquisite ‘‘Z-axis’’ resolution enabled more
accurate multiplanar and 3-D reconstructions. Several
navigation systems became commercially available, and
these guidance systems provided standard of care for
certain neurosurgical procedures. The clinical applica-
tions of this technology also expanded into trauma and
orthopedic surgery (4).

3. COMPUTER-AIDED SURGERY COMPONENTS

A typical computer-aided surgery system consists of three
major components, as follows:

1. Control computer

2. Software for image processing (including registra-
tion) and display

3. Localizer for tracking instruments and the patient

Figure 1 shows a typical commercial computer-aided
surgery system, the Stealthstation Treon from Medtronic
Navigation. On the left-hand side is the optical localizer,
and on the right-hand side is the control computer and
display.

Figure 1. Typical computer-aided surgery system. (Courtesy of
Medtronic Navigation.)
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3.1. Computer and Software

The computer and associated software is the heart of the
system. Although notable variations exist (as discussed
below), the following is a typical sequence of steps in using
a computer-aided surgery system:

1. A preoperative CT or MRI scan is obtained—fidu-
cials may be placed on the anatomy before this scan
for later use in registration during the procedure.

2. The CT or MRI images are imported into the com-
puter—DICOM1 is the most common format used,
although many vendors support proprietary formats
as well.

3. A ‘‘reference target’’ is attached to the anatomy to
compensate for any inadvertent motion of the cam-
era or patient.

4. Registration is the next step—this procedure maps
the image dataset to physical locations on the pa-
tient’s anatomy.

5. The system can now track surgical instruments,
including probes or pointers, and display the anat-
omy beneath these instruments. A typical four-
quadrant view (axial, saggital, coronal, and 3-D) is
shown in Fig. 2.

6. Multiplanar reconstructions (i.e., oblique reformats)
can also be provided at any angle to help carry out
the procedure.

3.2. Registration

Registration for image-guided surgery is a major area of
research (6). Registration methods can be extrinsic or
intrinsic. Extrinsic methods use fiducials; in neurosurgi-
cal applications, these can be markers attached to the
scalp or screwed into the skin. Intrinsic methods are based
on anatomical landmarks and often employ surface align-
ment—for example, aligning the skin surface of the head
as extracted from CT data with the patient’s scalp as
determined by probing it with a tracked medical instru-
ment. The end result of the registration step is a 4 � 4
coordinate transformation matrix relating the coordinate
system of the medical images to the coordinate system of

the localization device. The matrix includes components to
scale, rotate, and translate the two spaces.

Once the registration step is completed, surgical in-
struments can now be tracked and the images can be
reformatted to display them along any plane, including
the plane of the surgical instrument. This step is per-
formed by applying the transformation matrix computed
in the registration step to the current position of the
tracked instrument to determine the corresponding posi-
tion and orientation in image space. Note that this trans-
formation is a rigid body transformation, and therefore, it
is assumed that the anatomy also behaves as a rigid body.
Although this is generally a good assumption when deal-
ing with bony landmarks such as the skull and the spine,
it does not hold for internal anatomy, such as the liver.

3.3. Variations

Recently, many vendors have produced variations on the
standard sequence. These include ‘‘fluoro-navigation’’ or
‘‘virtual fluoroscopy’’ systems, so-called ‘‘imageless sys-
tems,’’ and morphing-based systems. Much effort has
also been spent on two-dimensional (2-D) and 3-D coregis-
tration systems. In many cases, the alternative ap-
proaches are available on each navigation system. Most
of these variations are used in orthopedics, where multiple
fragments are tracked. Many techniques are directly
applicable to the newer, minimally invasive arthroplasty
techniques, such as two-incision total hip revision and
quadriceps-sparing total knee replacement. Typically,
these procedures limit the surgical exposure at the ex-
pense of the surgeon’s ability to view the anatomy directly.
Computer assistance enables accurate component place-
ment even when no direct visualization is available.

3.3.1. Virtual Fluroscopy. Virtual fluoroscopy is now
incorporated in many image-guided surgery systems. It
enables the surgeon to navigate on static intraoperative x-
rays (7). X-rays are frame-grabbed and corrected for
distortions. A model of the x-ray beam projection optics
is then calculated, allowing a graphical representation of a
tracked instrument to be superimposed on the fluoroscopic
image. Because the images are taken ‘‘live’’ in the operat-
ing room, no explicit registration step is required. Images
can be updated whenever needed, and the fluoroscope can
be removed from the operative field for the bulk of the
navigation. These systems have been most useful in
trauma applications and in spine surgery, but they have
limited applications due to the generally poor quality of
the images compared with CT scans.

3.3.2. 2-D–3-D Registration. Related to virtual fluoro-
scopy is 2-D–3-D registration, in which intraoperative
fluoroscopic images are used to register a preoperative
CT scan (8). Typically, the process matches features visible
in the 2-D fluoroscopic images with synthetic 2-D images

Figure 2. Typical four-quadrant display (axial, saggital, coronal,
and 3-D starting from lower left and moving clockwise). (Courtesy
of Medtronic Navigation.)

1DICOM stands for Digital Imaging and Communications in
Medicine and has become the standard medical image file format
(5). All major medical vendors of CT and MRI scanners provide a
DICOM capability.
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created from intensity projections of the CT scans. A
search technique is used to determine the optimal coordi-
nate transform between the CT images and the fluoro-
scopic images to form the registration. The fluoroscopic
images are generally not used for navigation purposes,
only for the registration or final confirmation. The bulk of
the navigation takes place on the original CT images
without the need to perform a registration.

3.3.3. Imageless Systems. Imageless or ‘‘CT-free’’ sys-
tems use biomechanical models to assist in orthopedic
procedures, such as total knee replacement (9) and ante-
rior cruciate ligament reconstruction. In these types of
procedures, it is important to accurately determine the
axes of motion and then to replicate this motion with the
implanted components. One way of performing this step is
to identify the axes from CT scans or x-rays of the leg;
however, it can also be done by identifying the physiolo-
gical axes of motion using a pure kinematic approach,
with no imaging necessary.

Trackers are first implanted into bones in the leg, and
the mechanical centers of the hip, knee, and ankle joints
are determined by rotating the joints while collecting
data. Some anatomical landmarks are then identified to
further define the axes and other relevant anatomy. In the
total knee arthroplasty systems, the navigation capability
is then used to help orient and position a saw guide to
make the cuts in the tibia and femur, and to size the
implant. Soft-tissue balancing is also incorporated into
many of these systems.

3.3.4. Morphing-Based Systems. This imageless varia-
tion uses a standard model of bones that are morphed
into an individual patient’s anatomy based on sampling
with a probe. Once morphed, the knee arthroplasty com-
ponents can be aligned based on their optimal position in
the standard model.

3.3.5. ISO-C Imaging. Several fluoroscope manufac-
turers have developed iso-centric fluoroscopes that enable
CT-like images to be acquired using fluoroscopes. These
devices use motorized systems to rotate the image inten-
sifier over approximately 180 degrees, acquiring as many
as 100 two-dimensional images. These images are recon-
structed into CT-like images that can be loaded directly
into the computer aided surgery workstation. These sys-
tems do not require a registration step, but the machines
are currently expensive, and the image quality often
limits their use. Their applicability to 3-D imaging of the
facial bones for reconstruction is described in Ref. 10.

3.4. Localizer

Another key component of a computer-aided surgery
system is the localizer, which tracks the position of the
patient and the instruments in 3-D space. The localizer
can be thought of as a type of global positioning system
(GPS) for the operating room (4). Although surgical track-
ing systems can use optical, infrared, electromagnetic, or
acoustic signals for localizing a target, most commercial
systems have traditionally used optical tracking due to its
high accuracy and reliability. Electromagnetic tracking is
used in a few commercial systems, and a new generation of
electromagnetic trackers is becoming more popular be-
cause optical systems require a line of sight that can be
blocked by intervening hands or devices.

3.4.1. Optical Localizers. Optical localizers can track
both active and passive tools. In active tools, light-emit-
ting diodes (LEDs) are attached to the tool and strobed by
the control unit. Passive tools use reflective markers and
do not require a source of power or a wire connection to the
control unit. The most popular localizer for computer-
assisted surgery is the Polaris (Northern Digital Inc.,
Waterloo, Canada). As shown in Fig. 3, the Polaris consists
of a tracking unit, control box, and objects (instruments)
that can be tracked. According to the manufacturer, the

Figure 3. Polaris optical tracking system and
control unit. (Courtesy of Northern Digital
Inc.)
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Polaris has an accuracy of 0.35 mm within a tracking
volume of approximately 1 m3 (11).

3.4.2. Electromagnetic Localizers. Although not as pop-
ular as optical localizers, electromagnetic localizers have
been used in some computer-aided surgery systems. The
main advantage of electromagnetic localizers is that a line
of sight need not be maintained between the tracking
system and the instrument to be tracked. However, the
accuracy of electromagnetic localizers is not as good as
optical devices, and the working volume is not as large.

One of the most popular commercial systems based on
electromagnetic localization is the InstaTrak from Visua-
lization Technology (now a part of GE Healthcare). This
system is designed for endoscopic sinus surgery. In a
comparison of electromagnetic (InstaTrak) and optical
systems (Stealthstation) for sinus surgery, Metson et al.
found that both systems proved valuable for anatomic
localization, and that selection of a particular system was
based on individual preferences (12).

Early magnetic localization systems incorporated
tracking devices that were relatively large and were
placed on the proximal end of rigid instruments. From
there, the tip location was calculated assuming the in-
strument was rigid and based on the instrument length.
For many applications, directly tracking the tip of flexible
instruments is desired. A new generation of electromag-
netic localizers is becoming available with sensors small
enough to embed in the tip of instruments. One such
localizer was used by Solomon et al. to demonstrate the
feasibility of guiding a transjugular intrahepatic porto-
systemic shunt (TIPS) procedure with an electromagnetic
real-time needle tip position sensor coupled to previously
acquired 3-D CT images (13).

Although the CARTO system (Biosense-Webster, Dia-
mond Bar, CA) used by Solomon et al. is sold as an
integrated system for a specific clinical application (treat-
ment of cardiac arrhythmias), tracking systems are now
available as independent component devices. The AUR-
ORA system from Northern Digital Inc. (Waterloo, On-
tario, Canada) is one of these devices. It consists of a field
generator, a control unit, and a sensor interface device, as
shown in the left-hand picture of Fig. 4. The sensors
(middle photo) plug into the sensor interface unit and
can be as small as 0.9 mm in diameter and 8 mm in length.
The sensor coil is shown next to a pencil tip with the leads
protruding from the coil. According to the manufacturer,
these sensors have a positional accuracy of 1–2 mm and an
angular accuracy of 0.5–1 degrees. The measurement
volume, based on the reference coordinate system of the

field generator, is a 500 mm cube and as illustrated in Fig.
4 (right-hand photo).

This volume is sufficient to cover the area of interest for
certain procedures, such as spine interventions and liver
procedures. This technology was originally developed by
European researchers for real tracking of tumors, cathe-
ters, and flexible endoscopes (14,15).

4. CLINICAL APPLICATIONS

This section provides a brief overview of popular clinical
applications for computer-aided surgery, including neuro-
surgery, orthopedics, and otolaryngology. The section con-
cludes with a discussion of possible future applications,
such as liver abdominal interventions.

4.1. Neurosurgery

A computer-aided surgery system incorporating scalp-
applied fiducial markers was used to perform 218 brain
biopsies by Barnett et al. at the Cleveland Clinic (16).
They found that the system provided a safe and effective
alternative to frame-based stereotactic procedures for
supratentorial lesions. There were comparable low rates
of morbidity and a high degree of diagnostic success. In
general, use of these systems is now the standard of care
in neurosurgery, resulting in smaller craniotomies and
more aggressive and safer tumor resection.

At the University Hospital of Zurich, Bernays et al.
performed 114 frameless stereotactic brain biopsies with
the aid of a low-field strength open MR system (17). They
integrated an optical localizer with the open MR to enable
the procedures to be done without fiducial markers or
stereotactic registration frames. The mean procedure time
was 60 minutes, and the method produced a high histolo-
gical yield with low morbidity and complication rates.

4.2. Orthopedics

In orthopedics, computer-aided surgery was originally
applied to pedicle screw insertion. There can be a signifi-
cant misplacement rate during this procedure, even when
performed by experienced spinal surgeons, and undesir-
able complications can result.

In a study by Merloz et al., preoperative CT was
combined with intraoperative passive navigation to place
64 pedicle screws in the throacolumbar region (18). At the
same time, 64 pedicle screws were placed manually in the
same region. The surgery was followed in all cases by
postoperative radiographs and CT, which allowed mea-
surements of the screw position relative to the pedicle to

Figure 4. Electromagnetic tracking sys-
tem components, sensor coils, and mea-
surement volume. (Courtesy of Northern
Digital Inc.)
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be made. A comparison between the two groups showed
that six screws in 64 vertebra (9%) had incorrect place-
ment with the computer-assisted technique, whereas 28
screws in 64 vertebra (44%) had incorrect placement with
manual insertion.

Much of the current work in orthopedics is focused on
treatment of trauma, and on accurate placement of the
components for hip and knee arthroplasty. It is believed
that by more accurate placement of these components,
their lifetime will be extended and fewer complications
will arise. In the hip, effort is being spent on acetabular
cup placement, both to minimize impingement of the neck
on the femoral component and to develop methods of
distributing the load.

4.3. Otolaryngology

Although endoscopic sinus surgery is one of the most
common operations in the field of otolaryngology, it has
the potential for serious intraoperative complications. The
paranasal sinuses are very close to the orbital and cranial
cavities, and therefore, a high degree of surgical precision
is required with little room for error. Computer-aided
surgery may improve the surgeon’s ability to navigate in
this region, and several surgeons have reported on its use.

Metson et al. at the Massachusetts Eye and Ear In-
firmary presented his group’s experience in 754 sinonasal
surgeries using an optical computer-aided surgery system
(19). The system provided accurate anatomical localiza-
tion during sinus surgery and resulted in a relatively high
level of physician satisfaction. Operating room time in-
creased by 15 to 30 minutes during initial cases, but only
by 5 to 15 minutes once experience with the equipment
had been gained.

At the University of Pittsburgh, Anon compared four
different computer-aided endoscopic sinus surgical devices
(ISG Viewing Wand, the ISG infrared OptoTrak, the IGT
FlashPoint 5000, and the VTI InstaTrak), focusing on
their accuracy and ease of use (20). The systems all
demonstrated accuracy to within 2 mm. Ease of use was
somewhat variable, but following a learning curve by the
surgeon and operating department personnel, all units
were considered to be relatively user-friendly. Although
Anon suggested that computer-aided endoscopic sinus
surgery seems to be the wave of the future, he also stated
that the modern endoscopic sinus surgeon must have
thorough training in the basic anatomy of the paranasal
sinuses as well as in the various surgical techniques.

4.4. Abdominal Interventions

Clinical applications of computer-aided surgery systems to
date have been limited to tracking of rigid, bony land-
marks such as the skull, spine, and nasal structures. In
part, these limits have resulted from the line-of-sight
limitations of optical localizers and the use of rigid-body
registration techniques. Some researchers have begun to
investigate computer-aided surgery systems for abdom-
inal interventions, where the organs may deform and
move with respiratory motion. For tracking structures
inside the body, electromagnetic localizers may be one
solution, as demonstrated by Solomon et al. for the TIPS

procedure (13) mentioned earlier. A similar concept, based
on the AURORA electromagnetic localizer and recently
demonstrated by Banovac et al. at Georgetown (21),
incorporated real-time monitoring of respiratory-related
liver motion using a percutaneosly placed, electromagne-
tically tracked fiducial. This system was demonstrated on
a moving liver phantom, and a synthetic tumor was
successfully biopsied using image overlay on 14 of 16
attempts.

5. RESEARCH TOPICS AND FUTURE DIRECTIONS

Computer-aided surgery is still a relatively new field, with
most of the developments in this area coming over the last
10 years. Systems based on bony landmarks for applica-
tions such as the brain, spine, and ear, nose, and throat
are now commercially available, and some institutions use
them as the standard for care. However, systems for
abdominal interventions and for other procedures with
substantial organ motion and deformation have not yet
been developed, and they constitute an area of current
research.

There are many areas of active research in this field:

1. Integration of real-time imaging modalities, such as
ultrasound with computer-aided surgery systems, to
provide intraoperative updates

2. Computer-aided surgery systems based on non-3-D
imaging modalities, such as fluoroscopy and regis-
tration of 2-D to 3-D images

3. Modeling of soft-tissue deformation and respiratory
motion

4. Improvement visualization techniques, including 3-
D displays

5. New registration and tracking techniques, such as
laser-scanning of skin surfaces

6. More assistance with needle guidance during the
procedure, including robotics for needle placement

The field will no doubt continue to evolve as technology
improves and computer power continues to increase.
Biomedical engineers should work closely with clinical
experts to develop these systems with the goal of improv-
ing patient care.
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COMPUTER ASSISTED RADIOLOGY (CAR)
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1. HISTORICAL MILESTONES

The advent of electronic computers in radiology occurred
in the early 1960s in nuclear medicine (1). Computers
were used to generate time-activity curves, measurements
of the radioactivity in an organ as a function of time after
the administration of a radionuclide. This was the first
attempt to apply computers for quantitative analysis of
medical images. However, the most revolutionary contri-
bution of computer technology in radiology was that it en-
abled the clinical implementation of computed
tomography (CT) in 1973.

Tomography allows imaging of the human body in thin
slices. Special equipment collects measurements from
multiple angles around the human body. Subsequently,
these multiple measurements are processed with comput-
ers to form a ‘‘tomographic image,’’ a thin cross-sectional
slice of the human body. The cornerstone of CT is the
mathematical algorithm applied to reconstruct the two-
dimensional slice from its one-dimensional measure-
ments. Austrian mathematician J. Radon introduced the
mathematical concept of image reconstruction from pro-
jections in 1917. Radon derived the ‘‘projection-slice the-
orem.’’ According to the theorem, a two-dimensional object
can be reconstructed from one-dimensional line integrals
(called projections) acquired at all angles around the ob-
ject. However, Radon’s elegant mathematical solution to
the image reconstruction problem required extensive nu-
merical calculations. Consequently, it took many decades
to achieve its practical application in medical imaging.
Specifically, in 1961, Oldendorf (2) formulated the funda-

mental concept of CT and built the first laboratory proto-
type. A few years later, Kuhl and Edwards presented the
idea for emission transverse CT in nuclear medicine (3,4),
whereas Cormack rediscovered the reconstruction prob-
lem for transverse CT (5,6). The clinical breakthrough oc-
curred in 1973 when Hounsfield presented the first
commercial CT scanner (7). The impact of computers for
the development and successful clinical application of CT
was profound. Computers were essential to perform the
complex mathematical calculations necessary for the for-
mation of the tomographic image. Since then many other
tomographic medical imaging modalities such as single
photon emission tomography (SPECT), positron emission
tomography (PET), and magnetic resonance imaging
(MRI) have emerged, relying completely on computer
technology for image formation. The computer is an es-
sential component of the imaging unit in all above imaging
modalities.

The technological development of CT marked the be-
ginning of the digital revolution in radiology. However, the
impact of CT in radiology extended beyond the image ac-
quisition phase. With the generation of digital images in
radiology, a whole new set of challenges was created. In-
novative research and technology development related to
the processing, storage, retrieval, display, and electronic
transmission of the generated digital images started to
emerge by the late 1970s.

Today radiology is one of the most technologically ad-
vanced medical specialties in which the computer plays
the central role in all aspects of the clinical practice. Spe-
cifically, there are five main areas in radiology in which
computers are vital (Fig. 1): (1) medical image acquisition,
(2) medical image analysis, (3) picture archiving and com-
munications systems, (4) teleradiology, and (5) computer-
assisted diagnostic interpretation. Although these areas
are often closely related by sharing similar techniques and
challenges, they are differentiated based on their individ-
ual clinical emphasis. Furthermore, they are listed ac-
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Figure 1. Computer technology is an integral
part in all aspects of the radiology practice.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



cording to the chronological order each one successfully
transitioned from research to clinical reality. The follow-
ing overview is of each area and the role of computers in it.

2. DIGITAL ACQUISITION OF MEDICAL IMAGES

Radiology was born with the discovery of x-rays by Wil-
helm Roentgen in 1895. For its first 70 years, radiology
was almost exclusively based on conventional screen/film
x-ray imaging. Planar radiography (x-ray imaging) is con-
sidered a projection technique because it images the three-
dimensional human body on to a two-dimensional image.
Because the projection causes overlapping of different
body tissues, the diagnostic potential of projection radio-
graphs with small, deeply hidden abnormalities is limited.
Contrary, tomographic images present the human anat-
omy in thin slices to avoid the confusion of overlapping
tissues. Today radiology includes a wide range of tomo-
graphy-based medical imaging modalities that typically
differ in the type of energy and acquisition technology that
they involve. The computer revolution has single-handed-
ly facilitated this dramatic transformation.

In tomographic imaging, data acquisition typically be-
gins with the collection of radiation measurements around
the body of a patient. Image formation is the reconstruc-
tion of a two-dimensional image or a three-dimensional
volume from these radiation measurements. Image recon-
struction is an inverse problem that tries to relate the
projection measurements (Y) to the object of interest (X):

Y ¼ f ðXÞ: ð1Þ

As the measurements Y are made using the imaging de-
vice, they are essentially a transformation of the unknown
object X. The transformation f is determined by the geom-
etry and physics principles underlying the imaging device,
and it is considered known. The reconstruction algorithms
aim to solve the inverse problem (i.e., solve Equation 1 for
the unknown X). However, in practice, the measurements
are typically both incomplete and inaccurate. Not only is it
impractical to consider an infinite number of projection
angles (i.e., incomplete sampling), but also the measure-
ments are burdened with inherent noise and limitations of
the measuring equipment (i.e., inaccurate measure-
ments). Therefore, image reconstruction is a very chal-
lenging estimation problem as it tries to find the best
possible approximate solution. As computers are highly
capable of complex mathematical operations, they have
facilitated the clinical implementation of numerical tech-
niques (filtered backpropagation) as well as sophisticated
statistical estimation techniques (e.g., maximum likeli-
hood expectation, maximization, Bayesian analysis). Sta-
tistical reconstruction algorithms better handle the
inherent limitations of the measurements and produce
better quality images. Image reconstruction is relevant to
medical imaging modalities such as CT, SPECT, PET, and
MRI. More information on the topic of image reconstruc-
tion can be found in Refs. 8–10.

The traditionally analog medical imaging modalities
have also entered the digital era. Computed radiography

(11) is currently the most common technology for acquir-
ing digital chest radiographs, and it continues to improve.
Digital radiography, the most recent development (12), is
expected to replace the analog technology in the near fu-
ture. Similarly, screen/film mammography is being stea-
dily replaced by digital mammography (13), as newer
studies demonstrate superiority of the digital technology
for breast cancer screening (14). More details regarding
the physics principles underlying image formation in the
various medical imaging modalities can be found in Ref.
15.

However, radiographic images that are acquired using
the traditional screen/film receptors still compose a large
fraction of a typical radiology practice. These images can
be easily converted into digital format using a film digi-
tizer. The two film digitizer technologies available are the
laser and the charge-couple device digitizers. The terms
digitized vs. digital are used to differentiate medical im-
ages that are captured in analog format and then digitized
using a film digitizer from images that are directly cap-
tured in digital mode. As digital radiography gains popu-
larity, it is only a matter of time before the radiological
image acquisition becomes 100% digital.

3. COMPUTERIZED MEDICAL IMAGE ANALYSIS

Computerized medical image analysis involves the devel-
opment and application of computerized techniques that
aim to improve either the qualitative assessment or the
quantitative analysis of medical images. The field has
gained remarkable ground the past two decades, mainly
due to two reasons. First, the rapid development of med-
ical image instrumentation made possible the generation
of high-volume image data in digital format. Thus, the size
and complexity of medical images has increased dramat-
ically. Second, the growing availability and computational
efficiency of computers have facilitated a broad range of
applications that perform sophisticated mathematical ma-
nipulation of the image data. Such applications include
visual enhancement, segmentation, registration, quantifi-
cation, and compression.

Regardless of the medical imaging modality, medical
image processing typically involves the modification of
traditional image processing principles to better serve the
clinical domain. The challenges in developing effective
medical image processing techniques are numerous. The
visual content of medical images is not only complex but
also diverse. First, the objects of interest (i.e., human or-
gans) have irregular shapes that vary substantially
among human beings. Second, medical images vary de-
pending on the medical imaging modality and the body
part imaged. Therefore, developments in medical image
processing are specifically tailored to a particular imaging
modality and clinical application. The following brief de-
scription provides some general, representative categories
of computer applications for radiological image analysis.

Image Enhancement: Availability of medical images in
digital format (either via direct digital acquisition or via
film digitization) enables computerized processing of the
digital image data for optimal display and soft-copy view-
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ing. The ultimate goal is to provide the radiologist with
high-quality, clear images to facilitate more accurate di-
agnosis. This is typically achieved with application of dig-
ital image enhancement algorithms to improve the visual
quality of the images by reducing the inherent noise, in-
creasing the contrast, and improving the resolution (Fig.
2). A very wide range of image enhancement techniques is
typically based on the physics of the imaging modality and
the statistical properties of the created image. However,
regardless of the technique, it is important to note that the
enhanced image does not contain more clinical informa-
tion than the original image but selectively emphasizes
image details that could be diagnostically important.

Computer applications for visual enhancement consti-
tute the first level of image analysis that is often called
‘‘preprocessing.’’ Often, emphasis is placed on more elab-
orate, specialized tasks such as segmentation, quantifica-
tion, and registration to facilitate medical decision
making.

Image Segmentation: Image segmentation denotes the
automated partition of an image into regions of interest
that share some predefined, clinically important charac-
teristics. In medical imaging, segmentation algorithms
are applied for a variety of clinically relevant tasks such
as delineation of anatomical structures, analysis of patho-
logical areas, or analysis of the spatial distribution of the
function and activity in the organ of interest. As with im-
age enhancement, a diverse range of segmentation algo-
rithms relies on image morphology and texture.

Image Registration: Image registration is the comput-
erized aligning of images so that corresponding tissues or
structures can be visually related. The medical images
may be acquired using either the same modality to facil-
itate analysis of interval change or different modalities to
facilitate multimodality diagnostic interpretation. Image
registration plays a significant role in radiology. As much
of medical image interpretation requires visual compari-
son, image registration helps establish the correspondence
of spatial information between two images.

Image Quantification: Image segmentation and regis-
tration are often necessary steps to facilitate image quan-
tification. The main objective in image quantification is
the application of computational resources on a medical
image to provide fast, objective, and robust quantitative
measurements related to presence, extent, and progres-
sion of disease.

Image Compression: Image compression is the process
of reducing the numerical size of digital images using
mathematical methods. The compression factor is the fac-
tor by which the numerical size is reduced. There are nu-
merous compression algorithms in use today ranging from
2:1 to 15:1 or higher compression factor. Lossless com-
pression is essential in medical applications so that there
is no loss of image quality during compression. As digital
data overload is becoming one of the most overwhelming
challenges in radiology, image compression is an active
field of research with great practical implications.

Digital image processing of medical images is a vast
subject with numerous publications. Readers interested in
specific clinical applications of medical image processing

techniques are advised to consult three books focused on
that topic (9,16,17).

3.1. Future Challenges

As radiological images are increasingly captured in digital
format, the need for sophisticated medical image analysis
is well established. Medical imaging processing and anal-
ysis methods are consistently developed for radiological
applications, and they are already an integral part of com-
mercial medical imaging systems. For example, many ven-
dors incorporate computer software with preprocessing
algorithms to improve the image contrast and noise prop-
erties during softcopy image display.

One of the most exciting developments in the radiology
practice of the twenty-first century is its three-dimen-
sional nature. Three-dimensional visualization techniques
including virtual imaging have successfully translated
from the laboratory to the clinical arena (18). There is
also increased activity in the development of image regis-
tration techniques for multimodality image fusion. Image
segmentation methods are being developed to accurately
delineate structures in virtual reality environments. Ex-
tension to higher dimensional images [e.g., four-dimen-
sional images such as the time sequence of three-
dimensional (3-D) volumes] is actively explored. These
newly developed methods require specialized processing of
the imaging data. Given the continuing technological de-
velopments in medical imaging systems and the clinical
challenges they generate, computerized medical image
analysis will continue to advance to meet the clinical
needs in radiology.

4. PICTURE ARCHIVING AND COMMUNICATION
SYSTEMS (PACS)

4.1. Historical Milestones

As the advancements in medical imaging modalities re-
sulted in the direct digital acquisition of medical images,
the need for efficient digital image handling was recog-
nized early as well. In 1979, H.U. Lemke introduced the
concept of digital image communication (19). The idea for
a completely digital radiology department was a natural
progression first introduced by M.P. Capp et al. in 1981
(20). Although revolutionary, implementation issues and
associated costs were soon recognized as practical chal-
lenges (21). Meanwhile, similar developments were taking
place across the world.

The concept of image archiving became popular due to
the well-known limitations of the film-based radiology
practice. The retrieval and transportation of films is a
time-consuming task (22), and the maintenance of efficient
film archive rooms is very laborious. Replacing hard copy,
film archives with soft-copy, digital archives offers many
cost and space savings advantages.

Initially, the clinical implementation of a picture arc-
hiving and communications system (PACS) proved to be
far more challenging than originally expected (23). How-
ever, the technology has progressively enjoyed more pop-
ularity across the medical community, and it successfully
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entered the clinical practice in the early 1990s (24–27).
Clearly the clinical success of PACS is mainly the result of
a synergy of hardware advancements that took place dur-
ing the past 15 years. These advancements are related to
digital image acquisition, softcopy image display (e.g., the
high-resolution display monitors), storage (e.g., the large
capacity optical disks), as well as communication systems
(e.g., system integration technology and the asynchronous
transfer mode technology for merging local area network
and wide area network communications).

4.2. PACS System Components

A typical PACS system has four basic hardware compo-
nents (Fig. 3). First, there is a central server for image
archiving. Second, there is the network infrastructure,
servers that distribute the images via a public network.
The third component is the client workstations for inter-
active image display that allow radiologists to access and
review patient images. Finally, digital imaging modalities
that have the ability to feed the images directly to the
PACS system are considered PACS components as well.
Nowadays, PACS can handle images from various modal-
ities (i.e., ultrasonography, SPECT, PET, CT, and MRI).

The medical images are stored in a standard format
known as Digital Imaging and Communications in Med-
icine (DICOM). DICOM is a comprehensive set of stan-

dards for handling, storing, and transmitting medical
images. It was developed to enable integration of scan-
ners, servers, workstations, and network hardware from
multiple vendors into a picture archiving and communi-
cation system. DICOM was sponsored by the American
College of Radiology and the National Electrical Manu-
facturers’ Association (NEMA), and it has been widely
adopted by hospitals (28).

4.3. Challenges in Clinical Integration

Although the general advantages of a filmless radiology
practice are well known and PACS technology has made
dramatic progress, the clinical integration of PACS tech-
nology remains very challenging.

Software for effective database and workflow manage-
ment services is critical. Seamless communication of the
radiology information system (RIS) and the PACS system
is essential to correctly link a patient’s multiple studies.
The RIS/PACS integration determines the clinical effi-
ciency of PACS technology. Also, continuous checks are
required to minimize human errors related to mislabeling
of images. Finally, with the rapid expansion and utiliza-
tion of 3-D modalities, radiological images are becoming
increasingly larger in size. The image overload created
complicates even further real-time availability of image
data and long-term affordable storage.

Detail visibility Contrast Noise

Figure 2. Image enhancement aims to improve the three
fundamental characteristics of a medical image: (a) resolu-
tion or detail visibility, (b) contrast, and (c) noise. The fol-
lowing example is a mammogram from the publicly
available Digital Database of Screening Mammography
and three extreme situations in which the image resolu-
tion, contrast, and noise have been altered.
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Consequently, PACS is a complex concept that is de-
pendent on cutting edge computer technology. It is not
surprising that although PACS has made it into main-
stream health care, most U.S. hospitals still do not have
this technology as it requires a complete paradigm shift in
the workflow. However, given its many benefits such as
effectiveness, efficiency, and long-term cost savings cou-
pled with the explosive growth in computer technology,
widespread implementation of PACS technology is inevi-
table (29,30).

In parallel with the evolution of PACS technology, there
has been significant growth in the development of the
electronics medical records (EMR) technology. EMR deals
with the digital storage and retrieval of a person’s medical
history throughout his lifetime. A typical EMR system in-
cludes medical data such as patient identifying informa-
tion, laboratory tests, clinical observations, treatments,
and more. EMR technology is expected to revolutionize
health-care delivery by facilitating quick and efficient elec-
tronic access to a patient’s medical record throughout his
lifetime at any point-of-care. The integration of PACS
technology with EMR is critical as medical images are
an important part of a patient’s medical record. Further-
more, it has been shown that the electronic integration of
medical image and clinical patient data improves patient
management efficiency and reduces medical errors. How-
ever, incorporating PACS technology into EMR has proven
extremely challenging. Medical images presented the
largest storage and management challenges to EMR. In
addition, interoperability issues were also an obstacle.
Broad interoperability requires sharing proprietary soft-
ware or interfaces, which is a very unappealing concept to
EMR vendors. Earlier research efforts mainly focused on
developing the standards for the integration of different
types of data into a unified data model. The most recent
trends involve utilization of the World Wide Web and open

source software to accelerate the deployment of standard-
ized electronic medical records. Regardless, it is clear that
PACS technology has extended beyond radiology and it is
envisioned as a clinically integrated system embedded
into EMR.

5. TELERADIOLOGY

With the rapid development of advanced medical imaging
modalities, there is concern that the diagnostic accuracy of
general radiologists may be inferior to that of highly spe-
cialized radiologists, particularly with more unusual,
challenging cases. In such situations, it is common prac-
tice for radiologists to seek an experienced second opinion.
However, expert radiologists are not readily available,
particularly in remote geographical areas.

Teleradiology refers to the application of computer and
information technology to facilitate diagnostic interpreta-
tion of radiological images remotely. Specifically, the offi-
cial definition of the term according to the American
College of Radiology (ACR) is ‘‘ythe electronic transmis-
sion of radiological images from one location to another for
the purposes of interpretation and/or consultation (31).’’
Typically, the medical images are transmitted electroni-
cally from the facility where the image is acquired to a
location where an experienced radiologist is available for
image viewing and diagnostic interpretation. Conse-
quently, the ultimate goal of teleradiology is to increase
the efficiency and access to quality interpretation of med-
ical images.

The practice of teleradiology has been active for over 30
years, and it is one of the first and most successful appli-
cations of telemedicine. In addition, teleradiology was one
of the first applications of telemedicine to receive full re-
imbursement under U.S. Medicare. Once more, the re-

clinical access workstations

image
archive

Digital
Radiography

MRI

Ultrasonography

Computed
Tomography

server

Workflow
manager

Figure 3. Schematic representation of a PACS system.
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markable advancement of computer technology was one of
the catalysts for teleradiology’s clinical success. Other key
factors were the consulting infrastructure of the radiology
practice and PACS technology that facilitated the devel-
opment of multi-institutional teleradiology networks.

Given the overall shortage of specialized radiologists,
nobody argues the clinical benefits of teleradiology. Tele-
radiology helps overburdened radiology departments by
improving the waiting times and quality of the radiology
service by lowering health-care costs.

5.1. Clinical Integration

Teleradiology revolves around three basic service models:
telediagnosis, teleconsultation, and telemanagement (32).
Although all three models involve the diagnostic interpre-
tation of medical images, they typically differ in the scope
of the service. Telediagnosis refers to the need for an im-
mediate diagnosis, typically 4–24h after image acquisi-
tion. Teleconsultation refers to the need for an experienced
second opinion, often while the patient is still in the med-
ical facility. Finally, telemanagement refers to real-time
patient management remotely, when typically immediate
diagnosis is required.

Regardless of the service model, a typical teleradiology
system consists of three key components: (1) the image
sending station, (2) the transmission network (wire, fiber
optics, or microwave), and (3) the receiving, image display
station. Initially, patient images are encoded in digital
format through film digitization or direct digital acquisi-
tion at the sending station. Often, the patient’s clinical
and demographic information is also included. The data
are compressed to reduce the cost and increase the speed
of transmission and sent on the transmission network
from one location to another. The receiving station con-
verts the electrical signals back to digital image data. The
image data are then displayed on the viewing monitor
where a radiologist is available for interpretation. Often,
the radiologist has the ability to manipulate the image
through specialized image processing software to improve
image viewing. If a printer is available at the receiving
end, hard copy images can also be printed.

A critical requirement for the clinical application of
teleradiology is that the whole process of image compres-
sion, transmission, and digital manipulation does not com-
promise the image quality and therefore diagnostic
accuracy. Specifically, ACR clearly stated that ‘‘ythere
should not be a significant loss of spatial or contrast res-
olution from image acquisition through transmission to
final image display.’’ The issues of image display and im-
age compression have been raised by several investigators
(33,34) as they have tremendous impact on the malprac-
tice implications for teleradiology. Some general require-
ments regarding the monitor resolution and brightness for
a teleradiology viewing station already exist. It is gener-
ally accepted that with the continuous advancement of
image display and computer technology, these concerns
will only diminish.

5.2. Legal and Ethical Concerns

Although computer technology has greatly contributed
into the clinical success of teleradiology, it has also cre-
ated a new set of concerns. For example, several issues are
related to data security and patient confidentiality (35). It
is important to ensure that the teleradiology practice does
not compromise neither patient privacy nor the integrity
and authenticity of the transferred image data. The above
concerns offer a fertile field for research and innovative
solutions to a clinical challenge phased by telemedicine
(36). For example, data encryption techniques are being
developed as a supplement to the DICOM standard to en-
sure not only data security during transmission but also
data integrity (i.e., the transferred data have not been al-
tered without authorization). Meanwhile, the ACR and
other international health organizations have been ac-
tively developing and modifying guidelines to address the
professional, ethical, and legal implications of teleradiol-
ogy (37,38) to protect all parties concerned.

In this evolving environment, medical centers have
started to explore teleradiology as a way to expand their
service markets both nationally and internationally in an
effort to compensate for revenue losses due to health-care
changes. Although the law strives to keep pace with
changes in the health-care delivery system, it is inade-
quate (39,40). Teleradiology is steadily in the frontier for
emerging legal and practical issues related to telemedi-
cine.

6. COMPUTER-ASSISTED DECISION MAKING

6.1. Introduction

The diagnostic interpretation of medical images is a chal-
lenging task, frequently burdened by human error (41).
For example, it is estimated that up to 30% of breast le-
sions go undetected in screening mammograms (42–44),
and almost two thirds of those lesions are found to be vis-
ible in retrospect (45). Human perception studies suggest
that both perceptual and interpretation errors are limit-
ing factors in medical image interpretation.

With radiology’s transition to the digital era, the explo-
ration of computer technology for the automated diagnos-
tic interpretation of medical images was a natural
progression. The field emerged 20 years ago, and it is
known as computer-assisted diagnosis. Actually, there are
two different terms to clarify the actual application of this
technology. Computer-assisted detection (CAD) denotes
the application of the technology for the accurate detec-
tion and localization of suspicious findings in an image.
On the contrary, computer-assisted diagnosis (CADx) de-
notes the application of this technology for diagnostic in-
terpretation (i.e., benign vs. malignant) of already
detected lesions. As computer-assisted decision making
involves computerized analysis of medical images, one
could argue that this field should be included in the
more general field of medical image analysis already de-
scribed. It should be noted, however, that although CAD
and medical image analysis are based on similar engi-
neering principles, their clinical emphasis is different.

6 COMPUTER ASSISTED RADIOLOGY (CAR)



General medical image analysis is mainly concerned with
improvement of the visual presentation of the medical im-
age, whereas CAD/CADx shifts the focus from human per-
ception to automated decision making. A typical CAD/
CADx system applies a tailored combination of elaborate
image processing, pattern recognition, and artificial intel-
ligence algorithms to a medical image with the task of de-
ciding the presence and/or type of disease present.

Although much progress has been made in the field,
only CAD technology has entered the clinical arena and
only in a supportive role. Thus far, CAD systems are de-
signed to provide radiologists with visual cues; image lo-
cations that appear suspicious and should be carefully
scrutinized. Therefore, in its current state, the commer-
cially available CAD technology is designed to address the
perceptual error component in the diagnostic interpreta-
tion of images. Although CADx technology is still at the
development stage, it is also envisioned in a supportive
role. As long as CAD/CADx performs comparably with ex-
perienced radiologists, this technology is expected to serve
in an advisory role to enhance mainly the general radiol-
ogists’ diagnostic performance.

6.2. Overview of a Typical CAD/CADx System

There are many successful CAD applications in radiology.
Some of these applications include the detection and di-
agnosis of breast lesions in mammograms, ultrasound,
and breast MRI scans; the detection of pulmonary nodules
on chest radiographs and CT lung scans; the detection of
polyps in virtual colonoscopy; and the detection of pulmo-
nary embolism from spiral CT scans. Most CAD tech-
niques proposed in the literature follow a hierarchical
approach (Fig. 4). Initially, the image is searched for im-
age locations that appear suspicious according to a set of
predefined clinical characteristics. This first stage in-
volves careful image processing (e.g., enhancement, seg-
mentation), and its main focus is to achieve a 100%
detection rate of true abnormalities. As, however, operat-
ing at a high detection rate generates false-positive detec-
tions, a second stage is necessary for false-positive
reduction. For false-positive reduction, detailed analysis
of the morphological and textural properties of the sus-
pected locations is performed. The morphological and tex-
tural features are essentially mathematical descriptors of
the suspected lesions. The extracted features are merged
with linear classifiers or artificial intelligence techniques
to further refine the detection of the candidate image lo-
cations. The last step is essentially performed to relieve
radiologists from the burden of too many visual cues.

A similar strategy is followed with CADx development,
but the focus is shifted toward reducing the interpretation
error. In other words, CADx technology aims to help ra-
diologists select those detected lesions that look suspicious
enough to be malignant and should be referred for further
investigation (e.g, biopsy).

6.3. Challenges with Clinical Integration

The transition of CAD from the laboratory to the clinical
arena was met with much resistance. Initially, it was as-
sumed that CAD technology would replace the radiologist.

However, even the most promising studies showed that
CAD does not really outperform an experienced radiolo-
gist. The clinical integration of CAD technology was
achieved when researchers realized that even with sub-
optimal performance, CAD technology could have great
clinical impact if used as a second opinion. Double reading
is a common strategy in many radiology practices to re-
duce errors. With the well-published shortage of experi-
enced radiologists at the end of the twentieth century,
CAD technology was marketed as a cost-effective alterna-
tive to double reading. Under this capacity, the first CAD
products gained U.S. Food and Drug Administration
(FDA) approval and entered the clinical field.

CAD technology is still in its infancy. However, there is
a strong message in its history. It is evident that as com-
puter-based applications will continue to increase, any
new CAD technology will need to satisfy certain require-
ments, as follows, to be clinically successful:

* To clearly address a clinical need (e.g., shortage of
experienced radiologists, reduction of medical errors)

* To have adequate performance (e.g., as good as expe-
rienced radiologists)

* To be cost-effective
* To clearly demonstrate a positive impact on patient
management (e.g., improve the early detection of can-
cer, reduce unnecessary biopsies).

Cancer screening is the area where CAD has success-
fully addressed a clinical need. The following brief de-
scription discusses the CAD paradigm as it has been
applied for lung cancer and breast cancer screening.

6.4. Case Studies in Lung and Breast Cancer Screening

Most CAD applications deal with the detection of lung
nodules in chest radiographs and CT lung scans as well as
the detection of breast abnormalities in screening mam-
mograms.

Lung Cancer: There are numerous publications on the
application of CAD for the detection of pulmonary nodules
in chest radiographs (46). Regardless of the specific algo-
rithms, all proposed CAD techniques struggle to detect as
many true nodules as possible while not generating an
unacceptably high number of false-positive cues due to
overlapping ribs or vessels. Thus far, studies support the
clinical usefulness of CAD for the detection of lung nod-
ules (47,48).

The only commercially available CAD system in the
United States for the detection of pulmonary nodules in
chest radiographs is the RapidScreen RS-2000 (DEUS
Technologies, Rockville, MD). It was approved for clinical
use by the FDA in July 2001.

Several other CAD/CADx applications in chest radiog-
raphy are still at the developmental stage. These applica-
tions include the development of CADx technology for
determining the malignancy status of pulmonary nodules,
the detection and differential diagnosis of interstitial lung
disease (ILD), as well as the detection of cardiomegaly,
pneumothorax, and tuberculosis.
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CAD technology has also been successfully extended to
the diagnostic interpretation of lung CTscans. In addition,
as low-dose spiral CT technology has been advocated for
screening high-risk populations, the workload burden has
been further increased for radiologists. During the diag-
nostic interpretation of screening lung CT studies, radiol-
ogists must search large-volume image data for suspicious
abnormalities, differentiate benign from malignant nod-
ules, and finally, recommend further evaluation of highly
suspicious lesions. Consequently, CAD technology for both
screening and diagnostic lung CT scans has been an active
field of research and preliminary results seem promising
(49). The first commercial CAD product (ImageChecker
CT CAD Software System from R2 Technologies) has al-
ready gained FDA approval in the United States.

Breast Cancer: Mammography was the first medical
imaging modality to embrace CAD. Although a wide range
of CAD/CADx techniques have been proposed and ex-
plored, most systems follow the multistage process out-
lined earlier.

Thus far, four commercial decision support systems in
mammography gained approval from the FDA and have
made it successfully into clinical practice. All four perform
essentially the same task. They identify mammographic
areas that are suspicious for breast cancer and present
them to the radiologists as visual cues to ensure that they
will not be missed during the visual screening. By far the
most popular commercial CAD product is the R2 Image-
Checker (R2 Technology Inc., Los Altos, CA). Other pop-
ular systems are SecondLook (CADx Medical Systems

Inc., Montreal, Quebec, Canada), the MammoReader (In-
telligent Systems Software, Inc., Clearwater, FL), and
MAMMEX TR (SCANIS Inc., Foster City, CA). A thorough
review on the decision support systems developed for
mammographic screening can be found in Ref. 50.

6.5. Future Perspectives

Although breast and lung cancer screening are the two
areas with the most activity on CAD development, there
are ongoing CAD research efforts for many other diagnos-
tic tasks in radiology. There is no doubt that given the in-
creasingly digital nature of radiology, CAD will be an
integral part of clinical practice. However, the existing
CAD paradigm of playing a complementary role for spe-
cific clinical tasks is limited. Current research puts em-
phasis on expanding the ‘‘black-box’’ human–computer
interface paradigm by considering CAD systems that are
interpretive and interactive. One of the latest attempts is
the development of knowledge-based CAD systems to pro-
vide radiologists with evidence-based decision support us-
ing a knowledge databank. When a new case is presented
to the radiologist, he/she will search the knowledge data-
bank and retrieve similar cases. Based on these cases, a
diagnosis is assigned to the new case by analogy or by
copying the answer if the match is close enough. This new
direction of CAD research is compatible with the growing
trend of developing medical image databanks. A knowl-
edge-based CAD takes full advantage of growing digital
image libraries without further retraining of the decision

Input of Digital Image

Image Preprocessing

Detection of Suspicious Image Locations

Feature-Based Classification into:

True Lesions False Positive Detections

Feature-Based
Classification into:

Malignant

Benign Figure 4. Diagram of a typical CAD/CADx system in radiol-
ogy.
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algorithm. Furthermore, evidence-based decisions are in-
terpretable and justifiable. Consequently, CAD is expected
to keep evolving to meet the increasingly new challenges
in radiology (51). But the field is at crossroads. Current
research efforts have started shifting the focus from im-
proving diagnostic performance to defining better the op-
timal role of CAD in radiology.

7. CONCLUDING REMARKS

The previous sections outlined how the computer revolu-
tion has completely redefined the radiology practice in the
twenty-first century. However, we have only experienced
the tip of the iceberg. For example, one of the latest de-
velopments is the dissemination of handheld computers or
personal digital assistants (PDAs) in radiology to improve
the radiologists’ workflow and efficiency (52). Due to the
continuous increasing electronic size, complexity, and
multimedia nature of clinical images, biomedical imaging
and informatics will be fertile fields for computer applica-
tions. The next 25 years promise to result in dramatic
changes due to expected advancements in medical imag-
ing and computer technology. Consequently, challenges
related to the complexity and size of medical images, im-
age database management, user interface design, inte-
grated information systems, and computer network
security will continue to arise. The collaboration of com-
puter scientists, medical physicists, and radiologists will
be critical to address these challenges and shape the
evolving role of radiology in health-care delivery.
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1. INTRODUCTION

Radiation therapy (1–5) is the use of radiation to treat
cancer. Radiation with high energy (many times those
used for x-ray examinations) can be used to treat cancer
and other illnesses. High levels of radiation can kill cells
or keep them from growing and dividing. Radiation ther-
apy is a useful tool for treating cancer because cancer cells
are growing and dividing more rapidly than many of the
normal cells around them. In addition, most normal cells
seem to recover better from radiation effects than cancer
cells. About half of all people with cancer are treated with
radiation, and the number of cancer patients who have
been cured is rising every day. Thousands of people are
free of cancer after having radiation treatments alone or
in combination with surgery, chemotherapy, and biological
therapy.

Physicians can use radiation before surgery to shrink a
tumor. After surgery, radiation therapy may be used to
stop the growth of any cancer cells that remain. In some
cases, physicians use radiation along with anticancer
drugs to destroy the cancer, instead of surgery. Even
when curing the cancer is not possible, radiation therapy
is used to shrink tumors and reduce pressure, bleeding,
pain, or other symptoms of cancer.

2. KINDS OF RADIOTHERAPY—HISTORY

Radiation therapy had its beginning as a treatment of
cancer soon after the discovery of x-rays by Roentgen,
radioactivity by Becquerel, and radium by Marie and
Pierre Curie, which occurred shortly before the turn of
the century. During this time, it was viewed as the ‘‘Dark
Ages’’ of the evolution of radiation therapy as a treatment
modality for cancer with radium used as the source of
radiation delivery. Surgeons or dermatologists adminis-
tered the radiation therapy treatment with little under-
standing or knowledge of the physical nature and
biological effects of radiation. There was no method for
calculation of the radiation dosage. The equipment used to
deliver the radiation was primitive, temperamental, and
limited in energy so that only superficial cancers could be
treated. During the first 50 years of radiotherapy, the
technological progress has been relatively slow and
mainly based on the x-ray system, Van de Graaff genera-
tors, and betatrons.

The invention of the cobalt-60 teletherapy unit by H.E.
Johns in Canada in the early 1950s provided a tremen-
dous boost in the quest for higher photon energies and
placed the cobalt unit into the forefront of radiotherapy for
several years. The concurrently developed medical linear
accelerators (linacs) (6), however, soon eclipsed the cobalt
unit, moved through five increasingly sophisticated gen-
erations, and became the most widely used radiation
source in modern radiotherapy. With its compact and
efficient design (Fig. 1), the linac offers excellent versati-
lity for use in radiotherapy through isocentric mounting
and provides either electron or megavoltage x-ray therapy
with a wide range of energies.

In addition to linacs, electron and x-ray radiotherapy is
also carried out with other types of accelerators, such as

Figure 1. A 3-D model of a linac.
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betatrons and microtrons. More exotic particles, such as
protons, neutrons, heavy ions, and negative p however,
most contemporary radiotherapy is carried out with linacs
or teletherapy cobalt units.

Brachytherapy (7,8) (sometimes referred to as Cur-
ietherapy or endocurie therapy) is a term used to describe
short-distance treatment of cancer with radiation from
small, encapsulated radionuclide sources. This type of
treatment is given by placing the sources directly into or
near the volume to be treated. The dose is then delivered
continuously either over a short period of time (temporary
implants) or over the lifetime of the source to a complete
decay (permanent implants). Most common brachyther-
apy sources emit photons; however, in a few specialized
situations, beta-emitting sources or even neutron-emit-
ting sources are used. The common used Isotopes in
brachytherapy with their characteristics are in Table 1.

2.1. Brachytherapy Versus External Beam Radiotherapy

Although the advantages of brachytherapy in some spe-
cific kinds of cancers are obvious, external beam radio-
therapy is the first choice in most cases. Many clinics all
over the world have only external beam radiotherapy, and
in general, most radiotherapy clinics treat almost 80% of
their patients with external beam and the rest with
brachytherapy. Brachytherapy is an invasive procedure
in most cases, and this is its major drawback. But, on the
other hand, brachytherapy allows conformal treatment
without heavy technological involvement. New techniques
for brachytherapy and the usage of ultrasound as an
imaging modality in cases like prostate cancer has made
this technique increasingly popular.

3. MODERN IMAGING TECHNOLOGY

The usage of various imaging modalities in treatment
planning radiation therapy is absolutely necessary. The
most useful modalities are radiographs, computed tomo-
graphy (CT), magnetic resonance imaging (MRI), and
ultrasound (US).

Radiographs, more commonly known as x-rays, are
often used to determine the type and extent of a fracture.
Very often the radiographs are used for geometry localiza-
tion of the radiotherapy procedures that are taken as a
matter of record are used to determine shielding require-
ments for the treatment. Flat-panel detectors make med-

ical x-ray systems more compact, maneuverable, and
portable.

A computed tomography (CT) scan, produces a two-
diemensional (2-D) image of the structures in a small
section of the body. With the growing popularity of CT in
the 1990s, the use of CT scanners in radiotherapy became
widespread. Anatomical information on CT scans is pre-
sented in the form of transverse slices, which contain
anatomical images of very high resolution and contrast,
based on the electron density. Flat panels also are a
breakthrough for CT. Cone-beam CT systems use flat
panel detectors in a novel way, to capture an entire
three-dimensional volume of data in a single 360-degree
rotation around a patient. This new capability will en-
hance image-guided radiotherapy.

A magnetic resonance image (MRI) uses powerful
magnets to excite hydrogen nuclei in water molecules in
human tissue, producing a detectable signal. Like a CT
scan, an MRI creates a 2-D image of a small ‘‘slice’’ of the
body. The soft-tissue contrast offered by MRI in some
areas, such as the brain, is superior to that of CT, allowing
small lesions to be observed with greater ease. Medical
ultrasonography uses high-frequency sound waves of be-
tween 3.5 and 7.0 MHz that are reflected by tissue at
varying rates to produce a 2-D image, on a TV monitor. It
has a low resolution compared with CT, MRI, and radio-
graphs, but during the last years, it is used alone or
combined with other modalities to guide the treatment
planning procedure.

Techniques have been developed that enable CT, MRI,
and ultrasound scans to produce three-dimensional (3-D)
images. Traditionally CT and MRI scans produced static
output on film. To produce 3-D images, many scans are
made and combined by computers to produce a 3-D model,
which can then be manipulated by the physician. Three-
dimensional ultrasounds are produced using a somewhat
similar technique.

With the ability to visualize important structures in
great detail, 3-D visualization methods are a valuable
resource for radiation therapy.

Other proposed or developed medical imaging modal-
ities include:

* Diffuse optical tomography
* Elastography
* Electrical impedance tomography
* Fluoroscopy

Table 1. Isotopes Used and Their Characteristics

Isotope Half Life (days) Average Photon Energy (MeV) HVL in Lead (mm Pb)

Radium226 1600(years) 1.2 13
Cesium137 30 (years) 0.66 6.5
Cobalt60 5,26 (years) 1.25 1.2
Iridium192 74.3 0.380 3
Gold198 2.7 0.41 2.5
Paladium103 17 0.021 0.008
Iodine125 59.6 0.035 0.03
Iodine131 8 Many 3.1
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* Nuclear medicine
* Opto-acoustic imaging
* Positron emission tomography

4. EXTERNAL BEAM RADIATION THERAPY

The aim of radiation therapy is to deliver an adequate
dose of radiation (1–3,5,9,10) to the target volume while
sparing surrounding healthy tissues, in other words, to
achieve the maximum therapeutic effect with the mini-
mum risk of complications. Different technical and tech-
nological methods and devices can be used depending on
their availability and of course on the level of expertise of
the therapeutic staff to achieve this aim.

It is common practice in modern radiation oncology for
the treatment of a specific case to be a result of a multi-
disciplinary cooperation (pathologists, surgeons, radiation
oncologists, etc.) based on clinical, histopathological, and
imaging data. The next step, after the decision of the
radiation therapy method, is the planning of the therapy,
i.e., the treatment planning. The whole process is shown
in Fig. 2.

Obviously, the accurate description of the target vo-
lume in three dimensions is a fundamental task in radia-
tion therapy treatment planning, definitively influencing
the outcome of the treatment. We can postulate that the
planning accuracy depends directly on the accuracy of the
delineation of the tumor and the definition of the target
volume.

Although radiotherapy treatment planning is mainly
CT based, other imaging modalities can provide comple-
mentary information for the tumor topology. MRI is

actually more sensitive and can provide more specific
information for brain tumors, head and neck localizations,
and soft tissues in the pelvic region. Other imaging
modalities like positron emission tomography (PET), sin-
gle photon emission computed tomography (SPECT), and
ultrasound can have an important contribution for some
tumor localization and the definition of tumor extension
including detection of the spread of lymph nodes. Estab-
lishment of widely applicable techniques for image corre-
lation for all of these modalities could have a significant
contribution to improvements in the plan and subse-
quently to the treatment results.

Furthermore, for some specific treatment planning
procedures, it is of interest to correlate imaging data
from different time points (time series) during the history
of the cancer case. Such cases are the correlation of
preoperative or pre-chemotherapy to postoperative and
post-chemotherapy imaging data (data acquired during
the radiotherapy treatment planning procedure).

We can identify the following main tasks of the clinical
treatment planning procedure:

* Identification and accurate definition of the 3-D
planning target volume (PTV)

* Design of a conformal treatment technique (treat-
ment plan), where the 3-D dose distribution is ad-
justed to the shape of the PTV

* Accurate 3-D dose calculations taking into account
the real tissue characteristics (inhomogeneities)

* Evaluation of the 3-D dose distribution using effec-
tive tools

* Accurate treatment delivery that can be realized
when using patient immobilization tools and verifica-
tion systems that can visualize under real treatment
conditions the position of the radiation fields to the
patient anatomy (portal imaging devices)

The achievable treatment accuracy that also defines
the success of treatment depends on the accuracy levels
that can be realized in the above-mentioned treatment
planning steps.

The accuracy of definition of the 3-D PTV, the first
member in the chain of treatment planning procedure,
will predefine the quality and level of accuracy of the
following steps. That is why defining target volumes in a
consistent and accurate way is the most important and
critical task for the radiation oncologist in this procedure.
In addition, this task is also the most time-consuming.

According to International Commission on Radiation
Units and Measurements (ICRU 50), the procedure of
defining PTV is as follows (9,10). First the gross tumor
volume (GTV) has to be identified. This is the palpable or
visible part of the tumor. Consequently, the clinical target
volume (CTV) is defined as the volume that has to be
treated adequately to achieve the aim of therapy, cure, or
palliation. CTV is built from GTV by adding adequate
margins to account for subclinical or microscopic exten-
sions of the malignancy. PTV is further built on CTV by
adding geometrical margins around CTV. These margins
have to consider (1) movements of tissues inside CTV, (2)

Image Acquisition and
Transfer

Contour Drawing

Beam Definition

Dose Calculation

Plan Evaluation

Treatment Planning Steps

Figure 2. Treatment planning steps.
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variations in size and shape of the tissues contained by
CTV, and (3) day-to-day variations in patient setup and
alignment.

The margins applied to CTV for deriving PTV depends
on the localization, and immobilization facilities available
for these locations, and it is generally clinic dependent.
Usually, applied values are isotropic margins values of
5 mm to 10 mm.

In practice, GTV is identified using CT or MR imaging
modalities. In contrast to PTV, the margins used to derive
CTV from GTV depend on the ability to identify borders
between the tumor (GTV) and its neighboring tissues
using imaging modalities like CT, MR, SPECT, or PET
and on the clinician’s knowledge of the disease process. In
some cases, multimodality imaging can assist the clinician
in deriving CTV effectively.

An accurate definition of PTV requests the availability
of clinician-friendly, fast, flexible, multimodality imaging
supporting computerized systems. In the following discus-
sion, tools developed to simplify the PTV definition as well
as to assist clinicians to evaluate effective visualize treat-
ment techniques will be presented.

In conventional radiation therapy, x-ray images (films
or fluoroscopy), made under the same geometrical condi-
tions as in the therapy unit (usually accelerator), are
made using a dedicated x-ray machine called a simulator.
A simulator can ‘‘simulate’’ any geometrical parameter
like movement, rotations, and the radiation field that can
be selected in the real treatment machine, and it can
visualize the therapeutic beam applying diagnostic x-ray
energies (50–120 KeV). The latest technology enables high
image quality and anatomical resolution that is difficult to
achieve with the real high-energy therapeutic beam.
These simulation images are then used as reference for
the verification of the treatment delivery. Furthermore,
such x-ray images are also applied for an initial localiza-
tion of the PTV and the anatomical region of the patient
that has to be treated. In the past decades the tumor
localization was mainly done on the simulator machine.
This was clearly the influence of radiology-oriented educa-
tion of the physicians and a result of the missing CT or MR
imaging equipments at the clinics. Even when such sys-
tems existed, they were definitely under the control of the
radiologists (diagnostic). For that time, CT was an instru-
ment for diagnosis and not for treatment planning.

Before the 1970s, treatment planning was generally
carried out through the manual manipulation of standard
isodose charts onto patient body contours that were
generated by direct tracing or lead-wire representation
and relied heavily on the judicious choice of beam weight
and wedging by an experienced dosimetrist.

The simultaneous development of CT along with the
advent of readily accessible computing power from the
1970s on, lead to the development of CT-based computer-
ized treatment planning, providing the ability to view dose
distributions directly superimposed on the patient’s axial
anatomy.

Successive improvements in treatment planning hard-
ware and software have been most notable in the graphics,
calculation, and optimization aspects of current systems.
Systems encompassing the ‘‘virtual patient’’ can display

beams-eye views (BEVs) of radiation beams as well as
digitally reconstructed radiographs (DRRs) for arbitrary
dose distributions. Dose calculations have evolved from
simple 2-D models through 3-D models to 3-D Monte-
Carlo techniques, and increased computing power con-
tinues to increase the calculation speed.

Finally, after the dose calculations are performed by
dosimetrists or medical physicists on computer or by
hand, a radiation oncologist evaluates the plan. The dose
distribution may be obtained for

(1) A few significant points within the target volume
(2) A grid of points over a 2-D contour or image
(3) A 3-D array of points that cover the patient’s

anatomy

5. BRACHYTHERAPY

There are mainly two types of brachytherapy treatments:

* Intracavitary, where the sources are placed in body
cavities close to the tumor volume

* Interstitial, where the sources are implanted within
the tumor volume

Intracavitary treatments are always temporary, of
short duration, whereas interstitial treatments may be
temporary or permanent. The temporary implants are
carried out using either manual or remote afterloading
procedures. Other less common forms of brachytherapy
treatments include surface plaque, intraluminal, intrao-
perative, and intravascular source applications, and for
these treatments, either gamma-emitting or beta-emitting
sources are used.

According to the dose rate, brachytherapy has been
divided into low dose rate (LDR), medium dose rate
(MDR), and high dose rate (HDR), whereas the value of
the dose rate at the dose specification point is

LDR: 0.4–2 Gy/h

MDR: 2–12 Gy/h

HDR: 412 Gy/h

5.1. Computerized Treatment Planning

In brachytherapy, small-miniaturized radioactive sources
are positioned within the tumor so that an effective dose
delivery results while saving healthy tissues. This can be
done by two principal methods:

* The sources are positioned directly into the tumor
tissue and stay there until the end of their life
(continuously decreasing activity of the sources ac-
cording to their decay scheme and decay half-time).
This way of positioning is called permanent implan-
tation, and this method is called LDR because low-
activity and low-energy radioactive sources, (radio-
active seeds) are used.

* A single radioactive source (Fig. 3) of high activity,
driven and controlled by a computer system, is step-
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ping within hollow catheters, which have been im-
planted into the tumor according to a predesigned
chart: specific dwell time for a specific dwell position
within a specific catheter. The treatment time for
such a temporary implantation is very short. Due to
the high activity of the used single stepping source
(Iridium-192 nuclide), this method is called HDR.

For the 3-D dose calculation Monte-Carlo techniques
(11) used in some cases, the most established method for
the source dosimetry is as described in the Report of the
Task Group 43 of the American Association of Physicists
in Medicine (AAPM), known as the TG 43 protocol. For the
HDR case, clinicians need to know before inserting cathe-
ters/needles into the tumor how many catheters are
needed and what is their ideal position into the tumor.
The step described above for defining the appropriate
geometry, number, and location of needles within the
tumor to achieve the desired therapeutic effect is called
preplanning.

Conformal anatomy-based dose optimization (12) con-
siders the dose in the PTV and the critical structures,
including the surrounding normal tissue. The goals of the
conformal anatomy-based dose optimization are as fol-
lows:

PTV: to cover completely the PTV with a dose at least
equal to the prescription dose and simultaneously to avoid
dose values above some critical value
Critical structures: to avoid dose values above some
critical value, specific for each structure, inside or in the
neighborhood of the target.

With anatomy-based optimization, we also mean that
the user can define the target dose for the tumor and the
dosimetric limitations for the critical structures. As these
objectives are usually controversial, the optimization sys-
tem has to offer the following tools:

1. User can defme his own (preknown) significance
factors of the objectives.

2. User can define several combinations of these sig-
nificance factors.

3. The system can estimate the feasible spectrum of
solutions among which the user has to make his
decision.

If the planner wants to see the possible resulting dose
distributions, an evolutionary true multiobjective algo-
rithm can be used. This algorithm provides a representa-
tive setup to a few hundred nondominated solutions in a
matter of some minutes. The planner analyzes the non-
dominated solutions and understands which objectives are
competing and to what extent.

6. EVALUATION OF TREATMENT PLAN

In any treatment modality (external beam or brachyther-
apy) after finishing the treatment plan, the plan should be
evaluated. For the evaluation of the treatment plan, the
following tools can be used: isodose curves and surfaces
(see Figs. 4 and 5), verification on special points or dose
distribution satistics, and dose volume histograms (DVH)
(both differential and cumulative).

Figure 3. Geometry of a cylindrical source.
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For the statistics, we calculate for each organ or the
target the mean, minimum, and maximum dose on the
volume of the specific organ, and other values like dose
received by at least 90% or 120% of the volume or volume
irradiated to at least 100% of the prescribed dose. The
DVH (Figs. 6 and 7) is an anatomy-based method of
measuring the dose distribution. It describes the volume
of the tissues that are included in specific 3-D isodose
surfaces. Each bin of the differential DVH of a specific
region corresponds to a fraction of the volume of this
region. For example, if the start of the bin stands for
some dose value D ¼ D1, and the end of the bin for D ¼
D2, the bin corresponds to the part of the region with dose
values higher than D1 and lower than D2.

In a similar fashion, each bin of the cumulative DVH of
a specific region corresponds to the volume of this region
with dose values lower than the dose the start of the bin
stands for. For example, if the start of the bin stands for
some dose value D ¼ D1, the bin corresponds to the part of
the region with dose values lower than D1. The DVHs are
obtained by sampling the region of interest. In particular,
the differential DVH is calculated by adding the volume
corresponding to each sampling point (dose point) with
respect to its dose value. The cumulative DVH of a region
is actually the integral of the differential DVH of the same
region.

Figure 4. Two-dimensional (50%, 100%,
150%, and 200%) isodoses of a prostate case
in a transaxial view.

Figure 5. Three-dimensional (100%) isodose
of a prostate case.
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7. SIMULATORS

The use of simulators is necessary as it covers many steps
in the process of treatment planning. Simulators and
virtual simulators are used for the localization of target
volume and the near region as well as the spatial accuracy
in dose delivery. It is not related with the actual dose
delivery but supports the whole treatment planning pro-
cess. The determination of the target volume that is
related to the extent of the disease and its position relative
to adjacent critical normal tissues can be achieved with
various methods. Those methods could be either a simple
clinical examination through planar x-ray imaging or the
use of more complex imaging modalities such as CT and/or
MRI scanners. A Standard Simulator Room Installation is
shown in Fig. 8. Such a Simulator has three main systems,
as follows:

* Mechanical
* X-ray system
* Imaging equipment

In those systems, the procedure is as follows:

* Acquisition of patient dataset and localization of
target and organs at risk or other adjacent structures

* Marking of patient coordinate system
* Design of treatment fields
* Sent data to the treatment planning system for the

verification of the treatment plan

More or less the same procedure is followed with
virtual simulators (13) (Fig. 9), but it is simpler and
more reliable with the option to have contours and elec-

dV [%]

30.0

25.0

20.0

15.0

10.0

5.0

0.0
0.00 50.00 100.00 150.00 200.00

Dose [%]

Prostate: 116.436.56
Urethra: 116.4331.15
Rectum: 116.430.00

Differential

Figure 6. Differential dose volume histogram of a
prostate case.
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tron density information. The typical steps for a virtual
simulation are shown in Fig. 10.

* The patient should be placed on a CT table in the
treatment position, and the isocenter that it is going
to use as the origin of the coordinate system should be
marked.

* Fiducial markers, necessary for the positioning of the
patient in the treatment machine, should be placed
on the patient in such a way that the positioning
lasers help in the alignment and the continuous
check of the correct position of the patient.

* After acquisition, physicians should outline the tar-
get as well as all other adjacent critical structures in

Figure 8. Standard simulator room installation.

Figure 9. Virtual or CT simulator.
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the slices of the CT and/or any other imaging mod-
ality, like MRI.

* Using those data, the software calculates the DRRs
and BEVs and the physicist can start to simulate the
treatment process and select the beam’s geometry
and shielding of the normal tissue, for example, by
using multileaf collimators (MLCs).

Some standard beam geometries are field box, opposed
pair, and lateral oblique beams, but those can be combined
with any other beam combination according to the specific
geometry of the target and organs at risk. Moreover, the
physicist should take into account the geometrical restric-
tions such as a potential collision between the accelerator
parts like gantry or collimator and the table or patient.

* After the definition of beams and blocks or the MLC’s
geometry, the data are sent in the treatment plan-
ning system to calculate the dose distribution and
verify the plan.

* The physician accepts the plan, and the patient is
ready to be treated.

7.1. Conventional Simulator vs. Virtual Simulator

* A virtual simulator uses the patient’s CT data to
perform the simulation, and the increased soft-tissue
contrast makes it easier for the localization of target
volume and the adjacent critical structures.

* A virtual simulator provides high-end visualization
techniques, like DRRs and BEVs, that are helpful in
the whole process of simulation and allows the user to
generate DRRs and BEVs even for beam geometries
that are impossible to simulate conventionally. The 3-
D reconstruction of the region is also a useful tool for
localized landmarks. In the case of a conventional
simulator, radiographs provide limited soft-tissue
contrast, and so the user is restricted to setting field
limits with respect to either the bony landmarks
evident on the radiographs or the anatomical struc-

tures visible with the aid of contrast agents such as
barium.

* A virtual simulator reduces the time needed to pre-
pare the simulation plan and the effort and the
personnel needed during simulation, because the
patient is not required to stay after the scanning
has taken place. The patient only stays the minimum
time necessary to acquire the CT dataset, and this
provides the obvious advantage in that the radio-
therapy staff may take their time in planning the
patient as well as try different beam configurations
without the patient having to wait on the simulator
couch.

* Many modern virtual simulation and treatment plan-
ning systems have the ability to combine the infor-
mation from different imaging studies using the
process of image fusion or registration. CT–MR image
registration or fusion combines the accurate volume
definition from MR with electron density information
available from CT. The MR dataset is superimposed
on the CT dataset through a series of translations,
rotations, and scaling. This process allows the visua-
lization of both studies side by side in the same
imaging plane even if the patient has been scanned
in a completely different treatment position.

* The virtual simulator is a low investment in terms of
money and space for the clinic department.

In some cases, virtual-CT simulators have a drawback,
because the soft-tissue contrast offered by MRI in some
areas, such as the brain, is superior to that of CT, allowing
small lesions to be observed with greater ease, but MRI is
not possible to be used alone for radiotherapy simulation
and planning for the following reasons:

* The physical dimensions of the MRI and its acces-
sories limit the use of immobilization devices and
compromise treatment positions.

* The bone signal is absent, and therefore, digitally
reconstructed radiographs cannot be generated for
comparison with portal films.

Treatment Planning

DICOM CT, Contours

Data Acquisition

Contouring

Treatment Verification

Treatment Delivery
: Data exchange locally or via network

DICOM CT, Contours,
Radiotherapy Plan, Dose

DICOM CT, Contours,
Radiotherapy Plan, Dose

DICOM CT

Dose Calculation

DICOM CT, Contours,
Radiotherapy Plan

Figure 10. Working procedure of the CT simula-
tion.
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* No electron density information is available for het-
erogeneity corrections on the dose calculations.

* MRI is prone to geometrical artifacts and distortions
that may affect the accuracy of the treatment.

So the use of simulators with the benefit of reading
both modalities CT and MRI is of great importance. But
also in this case there are some drawbacks for the virtual
simulators, and the most important is that it is not
possible to track the movement of target, especially in
cases like liver, breast, or lung cancer.

8. MORE ADVANCED TECHNIQUES

In addition to routine conventional radiotherapy techni-
ques used in standard radiotherapy departments and
clinics, several specialized techniques that are based
even more in computer evolution are known and used
for special procedures. Those techniques (14–16) have
been developed recently:

* Intraoperative radiation therapy (IORT)
* Conformal radiotherapy
* Intensity modulated radiotherapy (IMRT)
* Image-guided radiation therapy
* Tomotherapy
* PET/CT fused images

8.1. Intraoperative Radiation Therapy (IORT)

IORT (14) is a special radiotherapeutic technique that
delivers in a single session a radiation dose on the order of
10 Gy to 20 Gy to a surgically exposed internal organ,
tumor, or tumor bed. The complexity of such a method is
high because two different techniques of cancer treatment
are involved: surgery and radiation therapy. This techni-
que is still under development and is not used so often,
also because of the involvement of many different specia-
lists, like surgeon, radiation oncologist, medical physicist,
anesthesiologist, nurse, pathologist, and radiation thera-
pist.

In the case of IORT, the operating theater and the
treatment room are merged into one, resulting in a
specially shielded operating suite in which a dedicated
radiation treatment unit is installed permanently. Once a
radiation modality and location in which the treatment
unit is to be installed are selected, an applicator system
must be chosen. Three different radiation modalities are
used to deliver radiation dose intraoperatively:

(1) Orthovoltage x-rays.
(2) Megavoltage electron beams.
(3) HDR iridium-192 brachytherapy sources.

The procedure is similar to those of external beam
treatment planning procedure, but it has to be fast en-
ough, because the patient is still in the operation theater,
and much more accurate, because the dose is high.

8.2. Conformal Radiotherapy

Conformal therapy (15) uses several different techniques
to shape the beam and miss normal tissues. The simplest
technique is called multifield, static coplanar irradiation.
That is, the multiple converging beams of radiation lie in a
single plane. First, an immobilization device is custom
made for each patient, and the patient undergoes a CT
scan in the treatment position. A series of CT scan slices
are produced, and the slices are ‘‘stacked up’’ to produce a
virtual tumor volume in the treatment planning compu-
ter. The radiation oncologist and physicist together choose
the angles that will optimally conform to the target. Beam
apertures are created that closely approximate the shape
of the tumor in the particular beam orientation. A low
melting point alloy metal called cerrobend, or Wood’s
metal, is used to create a physical aperture that blocks
radiation except within the area of treatment. Conven-
tional four-field prostate or pelvic treatment is a simple
example of this class of conformal therapy.

To achieve the 3-D conformal radiotherapy, the target
localization is done using either anatomical or functional
imaging: CT, MRI, SPECT, PET, and US. Then the treat-
ment planning is calculated using simple ‘‘forward plan-
ning’’ or ‘‘inverse planning.’’ Optimization techniques that
uses intensity-modulated beams to improve target dose
homogeneity and spare organs at risk.

For the 3-D dose delivery, either standard regular and
uniform coplanar beams to intensity-modulated non-co-
planar beams are produced with MLCs. MLCs are special
equipment for linacs that incorporate from 20 to 60 pairs
of narrow, closely abutting tungsten leaves, each leaf
projecting a typical width of 10 mm or less at the linac
isocenter. MLCs projecting leaf widths of less than 5 mm
at the isocenter are referred to as microMLCs. They are
used to shape irregular fields of less than 10 cm in max-
imal field dimension, such as head and neck fields, or
irregular fields with less than 3 cm in maximal dimension,
such as fields used in radiosurgery.

The MLCs may be an integral part of the linac head,
replacing upper or lower secondary collimator jaws, or
they may be attached to the linac head and used in
conjunction with both the upper and the lower collimator
jaws. Each leaf is individually motorized and computer-
controlled, allowing positioning with accuracy better than
1 mm and generation of irregular radiation fields, shaped
to conform to the beam’s eye view target cross-section.

More advanced techniques to get better accuracy in
case of conformal radiotherapy is the use of robotic arms,
like a short-length linac mounted on a robotic arm. The
robot would allow the linac to ‘‘plant’’ narrow pencils of
photon radiation with any orientation (excluding zones
within which the linac and couch might collide) relative to
the PTV. The treatment is specified by the trajectory of the
robot and by the number of monitor units (MUs) delivered
at each robotic orientation. It is shown that for complex
PTVs, specifically those with concavities in their outline,
the conformality of the treatment is improved by the use of
a complex trajectory in comparison with a less complex
constrained trajectory and this improvement is quantified.
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8.3. Intensity Modulated Radiation Therapy (IMRT)

The IMRT (14) technique is currently the most advanced
form of conformal radiotherapy that relies on inverse
treatment planning (ITP) for determination of required
intensity-modulated beam maps and on 3-D multimodal-
ity imaging to define the target volumes. IMRT holds
great promise for improving radiotherapy both through
increased tumor control probability and decreased treat-
ment morbidity (i.e., decreased normal tissue complication
probability). In the case of IMRT, the margins around PTV
are shrunken to achieve better accuracy using 3-D ima-
ging techniques. This has the advantage of better preser-
ving the surrounding normal tissue, but it has also the
risk of missing proliferation. The steps of IMRT planning
are demonstrated in Fig. 11. In addition to CT, MRI, and
PET, US is beginning to play an important role because of
its ease of incorporation into a treatment room where the
position of the target volume can be verified on a daily
basis.

For IMRT planning, the ITP techniques provide several
advantages over the standard forward planning ap-
proaches, such as:

* Improved dose homogeneity inside the target volume
and the potential for limited irradiation of surround-
ing sensitive structures

* Increased speed and lesser complexity of the pro-
posed solution

* A quantitative introduction of cost functions often
incorporating dose volume constraints and biological
functions

* Adjustment of the optimal treatment planning to the
actual dose delivery technique and accounting for all
practical hardware limitations.

Various approaches to IMRT have been developed,
ranging from simple standard physical compensators to
scanned photon pencil beams. Between the two extremes
are the currently used MLC-based IMRT techniques that
fall into two categories: One uses multiple static MLC-
shaped fields, and the other uses dynamic MLC dose
delivery approaches.

IMRT treatments can be delivered with the MLC
operating in one of the following modes:

* Step-and-shoot, where each MLC-shaped subfield
can be set before the beam is turned on and there is
no MLC motion while the beam is turned on

* Sliding window, has all subfields set while the beam
is turned on

* Intensity-modulated arc therapy (IMAT), where the
sliding window approach is used as the gantry rotates
around a patient. IMAT should result in the most
conformal dose distributions possible with standard
linear accelerator hardware.

8.4. Image-Guided Radiation Therapy (IGRT)

Over the past decade, there have been substantial ad-
vancements in the technology used to plan and deliver
precision radiation therapy. Inverse treatment planning
and virtual simulation aided by the fusion of multimod-
ality images (CT, MR, and PET) of patient anatomies has
revolutionized the planning of radiation therapy treat-
ments. The efficacy of treatment delivery has also been
improved with the recent introductions of IMRT and
tomotherapy.

The accuracy of dose delivery with these new techni-
ques has been limited by uncertainty in target localization
at the time of treatment. Inter-fraction target movement

Image Acquisition and
Transfer

Contour Drawing

Beam Definition

Dose Calculation

Plan Evaluation

Treatment Planning Steps

Pre-Optimization
dose calculation

Optimization

IMRT additional Steps

Generation of leaf sequencing Figure 11. IMRT treatment planning planing
steps.
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relative to reference landmarks coupled with setup errors
and other inaccuracies add to this uncertainty. The stan-
dard approach has been to add margins to the target
volume, usually at the expense of most of the potential
benefit of the more precise treatment delivery techniques.

Recently, it has become possible to image the patient
anatomy just before the delivery of a fraction of radiation
therapy, thus gaining precise knowledge of the location of
the target volume on a daily basis. This technique is
known as Image-guided radiation therapy (IGRT) and
has the potential of ensuring that the relative positions
of the target volume and some reference point for each
fraction are the same as in the treatment plan, which may
allow reduced treatment margins, fewer complications,
dose escalation, and the avoidance of geographical misses.
The ideal image-guided system will allow the acquisition
of images at the time of each fraction of radiation therapy.
The system must be fast and simple so as not to affect
patient throughput and be accurate within the limits of
target definition and the ability to deliver a conformal
dose.

Five image-guided radiation therapy systems are cur-
rently commercially available. All systems allow pretreat-
ment imaging immediately after a patient is positioned on
the treatment couch for therapy:

* The B-mode acquisition and targeting (BAT) and
Exac Trac systems are based on ultrasound scanning
and are used in conjunction with isocentric linacs.

* The CT Primatom system is based on CT imaging of
patient anatomy and is used in conjunction with
isocentric linacs.

8.5. Tomotherapy

Tomotherapy is a new modality of radiation treatment
that combines the use of very sophisticated computer-
controlled radiation beam collimation with an on-board
CT scanner to image the treatment site. It provides
unprecedented accuracy in beam delivery allowing for an
increase in tumor dose, thereby increasing the likelihood
of a cancer cure while reducing treatment complications in
healthy tissues. Tomotherapy, literally translated, means
‘‘slice therapy.’’ The first implementation was a serial
tomotherapy model, but with that, it could not image the
patient in treatment position and, therefore, could not
assure the accurate placement of the high dose volume
with respect to the malignant region. A more advanced
tomotherapy technique is the helical tomotherapy ma-
chine (Fig. 12) that it is a combination of a helical CT
scanner and a linear accelerator. It uses the slip ring
technology of diagnostic CT scanners, and therefore, the
unit can continuously rotate around the patient while the
couch is moving into the gantry, thus providing smooth
helical delivery. By using a separate collimation (‘‘jaws’’)
system above the MLCs, the ‘‘slice thickness’’ can range
from 0.5 to 5 cm.

Unlike traditional radiation therapy systems that have
beams projecting onto the tumor from a few different
directions, tomotherapy rotates the beam source around
the patient, thus allowing the beam to enter the patient

Figure 12. Tomotherapy unit.

12 COMPUTER-ASSISTED RADIATION THERAPY (CART)



from many different angles in succession. The advantage
is that instead of having, for example, six beams, each
with one sixth the dosage necessary to irradiate the tumor,
the tomotherapy beam has only one seventy-second the
dosage and is projected into the tumor from 72 different
positions as it rotates. In that case, the tumor is more
precisely targeted and the healthy tissue surrounding the
tumor is not subjected to too much radiation.

The tomotherapy process has the following steps that
are shown in Fig. 13 and in more detail:

* 3-D Imaging. This imaging is generally performed
with standard diagnostic imaging equipment or CT-
simulators.

* Definition of Target Volume and Organs at Risk.
* Data Transfer to Tomotherapy Planning Computer.
* Optimized Planning.
* Creation of Verification Data.
* Transfer of Planning Data to the Treatment Unit.
* Pretreatment Megavoltage CT. A pretreatment CT

scan is performed for the verification of the patient
position and the location of the internal anatomy. It
allows for the reallocation of the patient or for the
replanning of the multileaf collimator configuration
to ensure dose delivery to the right tissues within the
patient.

* Delivery Modification. Modification of the treatment
configuration is performed dependent on the infor-
mation obtained from the pretreatment megavoltage
CT.

* Tomotherapy Delivery. Once the above steps confirm
the accurate location of the patient and the internal
anatomy, the dose is delivered according to the
planned multileaf.

8.6. PET/CT Scanners and PET/CT Image Fusion

Recently, the use of CT in radiation therapy is almost
standard. PET is not so common, but the combined use of

CT and PET scanners, with the aid of image fusion is a
new horizon. The main advantages of PET/CT machines
are earlier diagnosis of disease, accurate staging and
tumor localization, more precise treatment, monitoring
of response to treatment and early detection of recur-
rences, reduction of biopsy sampling errors, and reduction
of the number of invasive procedures required during
follow-up. If we consider the characteristics of each ima-
ging modality that are described below, it is obvious why
the combined used is of advantage.

CT scanner characteristics are as follows:

* Acquisition of many cone beam projections around a
patient acquired by a detector array and representing
transmission measurements of x-rays through a pa-
tient. The measured transmission data are recon-
structed to produce a tomographic image, most
commonly through the filtered backprojection
method.

* It has been used not only for providing a detailed
image of internal anatomy including tumor volumes
but also for providing electron densities for accurate
treatment planning of tissues with heterogeneities.

* It yields a detailed image of the body’s anatomical
structures by producing cross-sectional x-ray slices of
the body.

* Although it is excellent in depicting structures and
anatomy, it may miss small or early stage tumors,
and moreover, it does not provide any functional
information for tumors it detects.

PET scanner characteristics are as follows:

* PET has always provided information on the meta-
bolic function of organs or tissues by detecting how
cells process certain compounds such as, for example,
glucose. Cancer cells metabolize glucose at a much
higher rate than normal tissues. By detecting in-
creased radiolabeled glucose metabolism with a
high degree of sensitivity, PET identifies cancerous
cells, even at an early stage when other imaging
modalities may miss them.

* Because of its relatively poor resolution, PET cannot
pinpoint the exact size and location of tumors to a
precision required for optimal diagnosis and treat-
ment planning. This limitation until recently pre-
cluded a wider use of PET machines in radiotherapy.

* In a PET study, one administers a positron-emitting
isotope by injection or inhalation. The radioactive
isotope circulates through the bloodstream to reach
a particular organ. The positrons emitted by the
radioisotope have a very short range in tissue and
undergo annihilation with an available electron. This
process generally results in an emission of two
gamma rays, each with energy of 0.511 MeV, moving
away from the point of production in nearly opposite
directions (at 1801 to each other).

* The PET machine generates transverse images de-
picting the distribution of positron-emitting radio-

Figure 13. Tomotherapy process.
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isotopes in the patient and uses annihilation coin-
cidence detection to obtain projections of the activity
distribution. The transverse images are obtained
through the process of filtered backprojection.

* Detectors used for coincidence detection in modern
PET machines are made of bismuth germanate
(BGO) or lutetium oxyorthosilicate doped with cer-
ium (LSO:Ce) scintillators that transform the 0.511-
MeV gamma ray energy into visible photons detected
by photomultiplier tubes (PMTs).

* The radioisotopes used in PET studies are produced
by a bombardment of an appropriate stable isotope
with protons from a cyclotron thereby producing
positron-emitting radioisotopes that are subse-
quently attached to clinically useful biological mar-
kers. The common positron-emitting radioisotopes
used in PET imaging studies are listed in Table 2.
The fluorine-18 radioisotope attached to fluorodeox-
yglucose (FDG) is the biological marker most com-
monly used in studies involving glucose metabolism
in cancer diagnosis and treatment.

* The relatively short half-life of the positron-emitting
isotopes used in PET scanning requires that a cyclo-
tron be available near the PET machine, making a
routine PET scanning clinical service very costly.

Separate PET and CT images are unfortunately diffi-
cult to fuse because the patient is generally not positioned
identically on both machines. On the other hand, the
recently introduced PET/CT machines, integrating PET
and CT technologies into a single device, enable the
collection of both anatomical and biological information
simultaneously during a single examination, resulting in
accurately fused PET and CT images that permit a more
accurate tumor detection and tumor localization for a wide
variety of cancers.

9. CONCLUSIONS AND FUTURE DEVELOPMENT

The current state in radiation therapy is the use of
advanced techniques, like conformal radiotherapy, IMRT,
tomotherapy, and new imaging technologies. The future in
CART is more detailed dose calculation in both external
and brachytherapy; combined techniques of surgery,
radiotherapy, and chemotherapy; molecular imaging,
and nanotechnology.

Molecular imaging is now used to track the growth of a
cancerous tumor, but also it can ensure that various
therapies treat only the cancer cells, avoiding the toxic
effects of treatment on the patient’s healthy tissue. In the
future, molecular imaging is expected to aid in identifying
the presence of drug-resistant genes that will enable
clinicians to predetermine which treatment regimens
will be most effective within an hour of initiating treat-
ment. This will help minimize ineffective as well as
inappropriate treatments and avoid delays in optimizing
a patient’s therapy.

Researchers are working to integrate molecular ima-
ging with nanotechnologies (human-made, molecular-size

structures or machines) to enable even more precise
therapy, perhaps eliminating the need for surgery en-
tirely. For example, with biosensors providing the exact
location of disease, new nanotechnologies will emerge
that, when dispatched in the body, will deliver drug
therapies directly to cancerous cells, affixing themselves
to those specific cells and releasing cancer-killing agents.
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1. INTRODUCTION

In modern times, there is an increasing demand for three-
dimensional (3-D) optical microscopy (1,2). The main
reason lies in the fact that optical microscopy is still
unique in its ability to allow the complete three-dimen-
sional examination of biological structures in a hydrated
state under experimental conditions that allow the pre-
servation of living or physiological states, also when
compared with other high-resolution techniques (3). This
fact coupled with the advent of fluorescence labeling
permits the study of the complex and delicate relation-
ships existing between structure and function in biological
systems. One relevant step, in terms of progress in 3-D
optical microscopy, was the invention of the confocal
microscope in its different solutions (4). Minsky, in 1957,
invented a confocal microscope identical with the concept
later developed extensively by Egger and Davidovits at
Yale, by Sheppard and Wilson at Oxford, and by Brake-
nhoff et al. in Amsterdam (5). It was in the mid-1970s,
with the advent of affordable computers and lasers, and
the development of digital image processing software, that
the first confocal laser scanning microscopes became
available in several laboratories and applied to biological
and material specimens (6–9).

2. THREE-DIMENSIONAL OPTICAL SECTIONING

It is a matter of fact that the possibility of a 3-D recon-
struction of an object starting from the acquisition of two-
dimensional (2-D) datasets, i.e., 2-D optical slices, is one of
the most powerful procedures for morphological analysis
and volume rendering, especially within biological
sciences where the opportunity for optical slicing allows
one to get information from different planes of the speci-
men without being invasive, thus preserving structures
and functionality.

When a set of 2-D images is acquired at various focus
positions and under certain conditions, in principle, one
can recover the 3-D shape of the object. Unluckily, the
observed image o(x, y, z), produced by the true intensity
distribution i(x, y, z), is corrupted by the characteristic
transfer function, i.e., point spread function (PSF), of the
image formation system s(x, y, z), by additive noise stem-
ming from different sources n(x, y, z) and by cross-informa-

tion coming from different planes rather than from the
focus one.

At a certain plane of focus z0 within the sample or,
optical sectioning along the z-axis, at a plane j over N
within the 3-D sample, the observed image can be re-
garded as the following (10):

oj¼ ij � s0þ
X

kOj

ik � skþn; ð1Þ

where the subscripts on i and o refer to the discretized z
plane, whereas the subscripts on s refer to the number of
the k-plane away from the ‘‘in-focus’’ position at the actual
jth plane.

This relationship is usually transferred to the Fourier
frequency domain, where the convolution operator be-
comes an algebraic multiplication. Image restoration algo-
rithms (deconvolution) aim to invert such equations to
extract the true measured quantity i(x, y, z), thus allowing
a 3-D sample reconstruction directly by piling up 2-D
images, after further scale correction is performed, ac-
counting for axial distortion phenomena linked to the
refractive index mismatch. The solution of the problem
is simplified when operating under the so-called confocal
scheme (4,11).

The confocal scheme is essentially based on an auto-
matic fine z-stepping either of the objective or of the
sample stage, coupled with the usual x-y point-to-point
scanning of the focal plane and image capturing. The
synchronous x-y-z scanning allows the collection of a set
of in-focus two-dimensional images, which is less affected
by signal cross-talk from other planes from the sample as
more strictly confocality conditions are respected.

From Equation 1, ideally one gets

oj¼ ij � s0þn: ð2Þ

Unfortunately, with respect to the wide-field conven-
tional optical sectioning scheme, the confocal one requires
a longer time for the image formation process because it
uses a point-like scanning of the sample.

3. CONFOCAL PRINCIPLE AND LASER SCANNING
MICROSCOPY

When thinking of conventional wide-field microscopes, one
figures out some specimen entirely bathed in the radiation
from the light source, viewed directly by eyes or through
any capture device [charge-coupled device (CCD) camera,
for instance] or photosensitive film. This means that
samples undergo full excitation on every instant, leading
to in- and out-of-focus light points contribution overlap-
ping, worsening axial resolution, and producing that
typical hazing in the collected images that, together with
the light-diffraction effects, limits the instrument perfor-
mances.

In contrast with this, the image formation in any
confocal setup is intrinsically different (4,11).

The most important feature in confocal microscopy is
the capability of discriminating between different focal
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planes and collecting the signal selectively from a plane of
focus from within a sample. This naturally leads to an
improvement of the system performances because fine
details are often scarcely detected in conventional non-
confocal fluorescent microscopes.

This goal is achieved via two principal mechanisms
that are at the basis of a point-to-point scanning of the
selected plane of focus within the sample:

1. Incident light is focused to a spot (much smaller
than the usual field of view) within the specimen
through a very small aperture (pinhole). The bene-
fits of such a focusing technique lie on the possibility
of limiting the excitation of fluorescent dies above
and below the plane of focus.

2. Light emission from regions above and below the
considered plane of focus is physically blocked from
reaching the detector by means of a second pinhole
(or of the same one, depending on the architecture of
the system).

These mechanisms are often referred as the ‘‘confocal
principle’’ (Fig. 1).

To acquire an image, the excitation light has to be fully
delivered to each point of the sample and the emission
signal collected and displayed.

This is usually accomplished by means of two possible
different strategies.

The first one is based on the sample scanning in a
raster pattern such that, over every fixed period of time,
the necessary amount of information from the focal plane
is collected and the emitted light signal, usually detected
through a photomultiplier tube (PMT), is displayed by the
mapping of each single-point light emission. Sometimes
the use of a one-direction moving slit (rather than a single
point) is preferred for speeding up the scanning rate
despite that this leads to an evident worsening of the
spatial resolution and of the 3-D imaging capability.

A second possible approach to forming confocal images
consists of employing a multi-pinhole Nipkow spinning
disk, which is a disk containing multiple sets of spirally
arranged pinholes placed in the image plane of the
objective lens. A large parallel beam of light is then
pointed to a particular region of the disk, and the lights
passing through the illuminated pinholes are focused by
the objective lens straight onto the specimen. When spin-
ning the disk at a rapid rate, the sample may undergo
excitation several hundred times per second: Emitted

light is collected and imaged typically by a high-resolution
and high quantum efficiency CCD camera. One mean-
ingful advantage in the approach with respect to the
previous one is an improvement of time resolution without
compromising resolution.

As for what concerns optical sectioning, every architec-
ture is built such that the sample is placed along the light-
path at a conjugate focal plane and the movements along
the optical axis keep the focus at a fixed distance from the
objective, making it possible to effectively scan different
fields of view through the specimen (thanks to a step-to-
step motor device attached to the fine focus) and collect a
series of in-focus optical slices for 3-D reconstruction.

The degree of confocality is readily a function of the
pinhole size: The use of smaller pinholes improves the
discrimination of focused light from stray one, thus invol-
ving a thinner plane in the image formation process and
improving resolution, at the cost of a lower light through-
put, which makes things difficult when dealing with
particularly dim samples.

In these architectures, z-resolution and optical section-
ing thickness (which are basically the parameters in-
volved in every optical sectioning process), depend on
several factors such as the numerical aperture (NA) of
the objective lens, the wavelength of the excitation/emis-
sion light, the pinhole size, the refractive index of compo-
nents along the light path, and least but not last the
overall alignment of the instrument.

4. THEORETICAL ANALYSIS

The development of an effective theoretical model for
describing the properties of an optical system needs
some preliminary, realistic assumptions to be done to
simplify calculations.

Under this point of view, the use of a linear space
invariant (LSI) model reveals itself as a good one, pliable
enough to get important insights and develop suitable
mathematical tools for the analysis of most concrete
situations.

Let us consider the confocal cartoon in Fig. 2. A point
monochromatic light source is focused onto some sample
focal plane ‘‘j’’ through a lens L1 (condenser), and the
emitted radiation from the sample (which is supposed to
be monochromatic too) is collected through a second lens
L2 (objective) by a point detector.

Let hex and hem be, respectively, the transfer function of
L1 and L2, i.e., the lens response to an input light point
source. hex and hem coincide with s0 at the focal plane.

Under this hypothesis, it can be written that

UexðxÞ¼ ðhex � dsÞðxÞ¼hexðxÞ; ð3Þ

where the excitation light source is modeled by Dirac’s
impulse.

It can be shown that, being Uex the signal reaching the
sample, the emitted signal scales with the fluorescent dyes
density D (D can be also extended to any other intensity

Source

Pinhole PinholeCondenser Objective

Detector

Specimen

Figure 1. A simplified sketch of the confocal principle: Red rays
are the confocal ones, whereas yellow rays show the optical
pathway of contributions coming from adjacent ‘‘not-in-focus’’
planes. 
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property of the sample) according to the law:

Uem¼D �Uex: ð4Þ

The emitted radiation is then focused on the point
detector through L2. This leads to

UdetðxÞ¼ ððhem �UemÞ � ddÞðxÞ; ð5Þ

where the point detector function is assumed to be Dirac’s
impulse.

The overall signal collected by the detector, i.e., more
generally the ‘‘observed image,’’ is thus

Itot¼

Z

UdetðxÞdx¼

Z

dxddðxÞðhem �UemÞðxÞ

¼

Z

dxddðxÞ
Z

dyhemðx� yÞDðyÞhexðyÞ

¼

Z

dyDðyÞhexðyÞ

Z

dxddðxÞhemðx� yÞ

¼

Z

dyDðyÞhexðyÞhemð�yÞ:

ð6Þ

If now we limit ourselves to a point-like sample,

Z

UdetðxÞdx¼

Z

dydðyÞhexðyÞhemð�yÞ¼hexð0Þhemð0Þ; ð7Þ

where hex¼hem under the hypothesis of L1¼L2 and
lex¼ lem.

As an x-y-z scanning process is generally coupled to the
imaging one, it is natural to write, for a general point P(x,
y, z),

Itot¼h2ðx; y; zÞ; ð8Þ

which is the general expression for the PSF, i.e., the
system impulse response.

A mathematical expression for hðx; y; zÞ can be obtained
through the electromagnetic waves scalar theory (12). The
formulation, lying on Frauenhofer diffraction, leads to

hðu; vÞ /

Z 1

0
J0ðvrÞe�0:5iur

2

rdr
�

�

�

�

�

�

�

�

2

; ð9Þ

where u and v are suitable dimensionless variables de-
fined according to the following:

u / z;

v /
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

x2þ y2
p

:
ð10Þ

By limiting us to the points, respectively, along the
optical axis and in the focal plane:

hð0; vÞ /
2J1ðvÞ

v

� �2

hðu; 0Þ /
sinðu=4Þ

u=4

� �2

ð11Þ

that implies

Itotð0; vÞ
2J1ðvÞ

v

� �4

Itotðu;0Þ¼
sinðu=4Þ

u=4

� �4

: ð12Þ

As for conventional microscopes,

Itot � hðu; vÞ; ð13Þ

the evaluation of the FWHM (full-width at half-maxi-
mum), accounting for the system resolution, leads to a
resolution improvement by a factor a 1.4, which turns into
a factor of 3 in terms of volume.

Comparisons between the ideal PSF in the case of strict
confocality with that of conventional microscopes may
somehow account for resolution improvements, despite
the use of this mathematical formalism in concrete situa-
tions needs some further drawbacks to be highlighted.

First of all, there is a natural dependence between the
pinhole size and the PSF: The more the pinhole size is

Light source Point detector

Sample

L1 L2
Figure 2. Cartoon of an equivalent optical
setup for modeling image formation when using
a confocal scheme. 
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increased, the more the confocal microscope’s response
tends to fit conventional ones.

This means that in the case of dim or high photosensi-
tive specimens, some compromise has to be found between
the resolution and the amount of the collected signals,
according to the kind of analysis one is going to perform
(whether a morphometric one or an intensity one).

Second, the PSF is obviously dependent on all other
physical parameters such as the sample immersion med-
ium refractive index and turbidity, the degree of homo-
geneity of the sample, and the photochemical properties of
the used dyes. That is why the development of complicated
computations often leads to poorly applicable results in
practice because conditions are on every time.

One of the most meaningful PSF-dependences is that
from the refractive index mismatch between the objective
immersion medium and that from the sample solution.

Table 1 reports the value of theoretical and experimen-
tal FWHM of confocal PSFs using different pinhole sizes
(13). A sample of subresolved bead (Polyscience,
;¼ ð0:064� 0:009Þ mmÞ has been imaged by means of a
100X NIKON oil-immersion objective (NA¼ 1.3; WD¼
20mm) under Argon laser excitation (l¼ 488nm).

As one can see from the reported values, the system
resolution is worse along the optical axis and is strictly
dependent on the degree of confocality (pinhole size).
Pinhole size is strongly architecture dependent. In the
case reported here, the small size is related to the ideal
condition discussed in the optical sectioning paragraph.
The larger size, which is twice the small one, simply
allows getting more light (useful in case of low fluores-
cence) at the expenses of resolution and optical sectioning
ability. A large pinhole lets more intensity contributions
coming from adjacent planes to pass to the detector.

The typical trends of the PSFs are reported in Fig. 3,
where a comparison between experimental points and
theoretical ones is possible: The evident asymmetry of
the plots in the real case is somehow a typical one and
becomes even more evident when focusing through differ-
ent stratified media.

The theory, developed within the contest of electromag-
netic waves focusing across stratified media, suggests a

progressive broadening of the PSF with respect to the
focusing depth, becoming even more noticeable under
refractive-index mismatch conditions (14).

As a consequence, the largest percentage of variation of
the lateral FWHM, with respect to the focusing depth,
swings from 6% (oil-immersed PSF) to 48% (air-immersed
PSF), whereas the axial FWHM varies up to 130% (air-
immersed PSF) (see Table 2).

This phenomenon goes with a subsequent weakening of
the signal with respect to the focusing depth, which turns
out to be more evident in the case of refractive-index
mismatch.

Table 3 reports typical observed values of the percen-
tage of variation of the PSF intensity peak under different
mismatch conditions and at a different focusing depth
(referred to as the coverslip).

Figure 4 shows a set of optical slices acquired by means
of a confocal scheme. The images are reported without any
processing demonstrating the 3-D optical sectional ability
of the setup.

5. APPLICATIONS

The 3-D ability of the confocal scheme coupled to the
natural property of fluorescence optical microscopy to
allow imaging of living samples moves the imaging sce-
nario in a four-dimensional world (x-y-z-t), where other
dimensions can be added and other mechanisms of fluor-
escence excitation can be considered, like multiphoton
excitation [7, and this book]. So far, it is difficult to report
about the several numerous current and potential appli-
cations (7–9,16). Also, the fast advances in setup are
bringing confocal microscopy to a wider arena of applica-
tions, two of them are fast scanning systems that allow
one to break the 2-ms-per-line temporal barrier (17) and
special setup for endoscopy that permit launching confocal
imaging in the human body (18,19). Most common appli-
cations of confocal microscopy are related to (1,16,17) (1)
producing optical slices of transparent fluorescent speci-
mens for 3-D reconstruction, stereo image production and
four-dimensional imaging (20–24); (2) tracing specific

Table 1. Values of Theoretical and Experimental FWHM of Confocal PSFs Using Different Pinhole Sizes

Oil Lateral (nm) Lateral (nm) Axial (nm) Axial (nm)
(n¼1.52) Pinhole 20mm Pinhole 50mm Pinhole 20mm Pinhole 50mm

18676 21575 48976 59674
Theoretical 180 210 480 560

Table 2. Variations of the Lateral and Axial FWHM PSH Value, with respect to the Focusing Depth

Air Glycerol Oil

Depth (mm) Lateral (nm) Axial (nm) Lateral (nm) Axial (nm) Lateral (nm) Axial (nm)

0 18778 484724 183714 495729 18676 48976
30 244710 62379 22175 545712 197710 497721
60 269711 798710 25277 62879 186712 496719
90 27775 1063724 26878 797726 19179 484712
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molecules, cells, or structures through tissues (25–27); and
(3) determining the cellular localization of ions, RNA,
DNA, proteins, cytoskeletal components, and organelles
(1,6). Many other applications can be found in literature;
the Masters’ volume on Selected Papers on Confocal
Microscopy (28) can be used as an effective starting point.
Moreover, confocal microscopes can also be used in the
reflectance mode with applications on quality analysis of
semiconductor devices (29). In terms of applications, the
advent of the so-called green fluorescent proteins (GFPs)

(30) and quantum dots (QDs) (31) coupled to original
approaches like FRAP (fluorescence recovery after photo-
bleaching), FRET (Fortser-fluorescence resonance energy
transfer), FLIM (fluorescence life-time imaging), and FCS
(fluorescence correlation spectroscopy), also known as ‘‘F’’
techniques, is adding value to confocal microscopy, allow-
ing one to get quantitative information from the very
complex, intricate, and delicate world of biological systems
(32,33).

6. CONCLUSION

Confocal microscopy can be considered one of the most
significant advances in optical microscopy within the last
decades, and it has become a powerful investigation tool
for the molecular, cellular, and developmental biologist;
the materials scientist; the biophysicist; and the electronic
engineer. It is entirely compatible with the range of
‘‘classic’’ light microscopic techniques and, at least in
scanned beam instruments, can be applied to the same
specimens on the same optical microscope stage.
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Figure 3. Experimental (dark dots) and theoretical (dark triangle) PSFs at various pinhole sizes.

Table 3. Typical Observed Values of the Percentage of
Variation of the PSF Intensity Peak Under Different
Mismatch Conditions and at a Different Focusing Depth

Medium % at 30-mm Depth % at 60-mm Depth % at 90-mm Depth

Oil 3 6 7
Glycerol 17 27 34
Air 44 51 60
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Its peculiar advantages result in its ability to generate
multidimensional (x-y-z-t) images by noninvasive optical
sectioning with a virtual absence of out-of-focus blur, its
ability for multiparametric imaging of multiple labeled
samples, and its property of investigating at microscopic
resolution large objects, thanks to the rejection of scat-
tered light. One fundamental step in multiparametric
imaging, including ‘‘F’’ techniques, came from the intro-
duction of precise spectral confocal heads several years
ago (34). The relevance of such an approach implemented
for the first time in the Spectral Leica confocal micro-
scopes by means of a simple but effective optical prism can
be evidenced by the fact that nowadays all confocal micro-
scopes introduce spectral channels that are endowing
confocal microscopy of a fifth dimension, the spectral
one. A sort of natural evolution of confocal microscopy is
given by the introduction of two-photon excitation micro-
scopy (7,35) as shown in the MULTIPHOTON MICROSCOPY

article of this book.
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1. INTRODUCTION

The structural integrity of ‘‘hard’’ mineralized tissues
such as bone is of great importance, especially because
bone is the primary structural component of the body,
serving as a protective load-bearing skeletal framework.
As a structural material, bone is unique when compared
with other engineering materials because of its well-
known capacity for self-repair and adaptation to changes
in mechanical usage patterns (e.g., see Refs. 1–5). Unfor-
tunately, bone mass decreases with aging; furthermore,
elevation in bone turnover, concurrent with menopause in
aging women, can lead to osteoporosis, a condition of low
bone mass associated with an increased risk of fracture.
However, low bone mass is not the sole reason why bone
becomes more prone to fracture with age; indeed, the re-
cent realization that bone mineral density alone cannot
explain the therapeutic benefits of antiresorptive agents
in treating osteoporosis (6,7) has re-emphasized the ne-
cessity for understanding how other factors control bone
fracture. Much of this renewed emphasis is currently be-
ing focused on ‘‘bone quality,’’ where quality is a term used
to describe some, as yet not clearly known, characteristics
of the tissue that influence a broad spectrum of mechan-
ical properties such as elastic modulus, strength, and
toughness. Although there have been many studies on
how such mechanical properties vary with age, disease,
and changes in microstructure (8–30), there still remains
much to be determined about how variations within the
hierarchical microstructure of bone alter the fracture
properties.

The underlying microstructure of cortical bone is quite
complex. The basic building blocks, namely an organic
matrix (90% type-I collagen, 10% amorphous ground sub-
stance) and mineral phase (calcium phosphate-based
hydroxyapatite), are similar for all collagen-based miner-
alized tissues, although the ratio of these components and
the complexity of the structures they form varies with the
function of the particular tissue and the organ it forms.
The composition and the structure of bone are not invari-
ant; they vary with factors such as skeletal site, age, sex,
physiological function, and mechanical loading, making
bone a very heterogeneous structure. On average, how-

ever, the organic/mineral ratio in human cortical bone is
roughly 1:1 by volume and 1:3 by weight.

The hierarchical structure of bone (14,16,31) can be
considered at several dimensional scales (14). At nano-
scale dimensions, bone is composed of type-I mineralized
collagen fibers (up to 15 mm in length and 50–70 nm in di-
ameter) bound and impregnated with carbonated apatite
nanocrystals (tens of nm in length and width, 2–3 nm in
thickness) (14). These fibers are further organized at mi-
crostructural length-scales into a lamellar structure with
adjacent lamellae being 3–7 mm thick (16). Threaded
throughout this lamellar structure are the secondary ost-
eons (31) (up to 200–300 mm diameter), large vascular
channels (up to 50–90 mm diameter) oriented roughly
along the longitudinal direction of the bone and sur-
rounded by circumferential lamellar rings, with so-called
‘‘cement lines’’ at the outer boundary.

Critical for developing a realistic framework for frac-
ture risk assessment is an understanding of the impor-
tance of bone’s microstructural hierarchies on its
mechanical properties. Indeed, the difficulty in under-
standing the mechanisms of fracture in bone clearly lies
in determining the role that the underlying microstruc-
tural constituents and morphology play in crack initiation,
subsequent crack propagation and final unstable fracture,
and in separating their effects on the critical fracture
events. It is the intent of this chapter to describe how
fracture mechanics, along with various characterization
techniques, have been used to begin developing such a
mechanistic framework for the fracture behavior of corti-
cal bone, and, where possible, to relate the specific tough-
ening mechanisms to the underlying nature of the
microstructure. The initial focus will be directed to the
large body of early literature that addressed these issues
by measuring ‘‘single-value’’ fracture toughness behavior,
using such parameters as the work of fracture, Wf, the
critical stress-intensity factor, Kc, or the critical strain-en-
ergy release rate, Gc. Secondly, more recent results that
address the fact that cracking in bone involves rising frac-
ture resistance with crack extension will be discussed, in
light of the salient mechanisms involved. Finally, the topic
of time-dependent damage and fracture is described in
terms of the specific mechanisms involved.

2. SINGLE-VALUE TOUGHNESS MEASUREMENTS

2.1. Fracture Mechanics

One method that is used to characterize the toughness of
materials uses the work of fracture, Wf, which is obtained
by dividing the area under the load-displacement curve
measured during the toughness test by twice the nominal
crack-surface area. This approach has been used for cor-
tical bone to quantify the toughness of nominally ‘‘flaw-
free’’ specimens (8,11,17,25,26,32) but suffers because re-
sults can be both specimen size- and geometry-dependent.
Consequently, work of fracture results generally are not
useful for comparing values determined in different stud-
ies that used different sample geometries, but may be used
successfully to assess trends when the nominal sample
size and geometry are held constant.
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Akin to other structural materials, the fracture of bone
is better characterized by linear-elastic fracture mechan-
ics. In this case, for an essentially linear-elastic material,
where any inelastic (e.g., yielding) behavior is limited to a
small near-tip region, the stress and displacement fields
local to the tip of a preexisting crack are described by the
stress-intensity factor, K. The stress-intensity factor may
be defined for mode I (tensile-opening loading), mode II
(shear loading), or mode III (tearing or antishear loading)
in terms of the geometrical crack configuration, applied
stress, sapp, and crack size, a, viz. (33):

KðI;II;IIIÞ ¼QsappðpaÞ
1=2; ð1Þ

where Q is a dimensionless parameter dependent on sam-
ple geometry and loading mode (i.e., mode I, II, or III) (Fig.
1). The resistance to fracture, or fracture toughness, is
then defined for particular mode of loading as the critical
value of the stress intensity, Kc, at the onset of unstable
fracture, typically computed from the peak stress. An al-
ternative fracture mechanics description, which has also
been used in studies on the toughness of bone, expresses
toughness in terms of a critical value of the strain-energy
release rate, Gc, defined as the change in potential energy
per unit increase in crack area at fracture, which may be
expressed as (33):

Gc¼
P2

2B

dC

da
; ð2Þ

where P is the load, B the specimen thickness, and dC/da
is the change in sample compliance with crack extension
(the compliance, C, is the slope of the displacement-load
curve). It is important to note that for linear-elastic ma-
terials, G and K are uniquely related, viz.:

G¼
K2

I

E0
þ

K2
II

E0
þ

K2
III

2m
; ð3Þ

where E0 is the appropriate elastic modulus (E0 ¼ E in
plane stress, E=ð1� n2Þ in plane strain, where E is Young’s
modulus and n is Poisson’s ratio), and m is the shear mod-
ulus (33). If linear-elastic conditions prevail (i.e., inelastic
deformation is limited to a small zone near the crack tip),

both Gc and Kc should give a geometry-independent mea-
sure of toughness, provided plane-strain conditions are
met, as described below. Some typical mode I fracture
toughness values measured for bone, tabulated from var-
ious sources, are summarized in Table 1
(13,17,19,26,29,30,32,34–40).

2.2. Plane Stress Versus Plane Strain

In applying fracture mechanics, the specimen thickness,
B, may affect the measured toughness values as loading
conditions change from a state of plane strain to that of
plane stress. Plane strain here refers to a condition where
the out-of-plane strain is essentially zero, whereas with
plane stress, the out-of-plane stress is zero. If the sample
has a thickness significantly larger than the scale of local
inelasticity, Kc or Gc values should be thickness-, geome-
try-, and crack-size independent and a condition of plane
strain is said to exist. However, with thinner specimens,
the toughness values may be significantly higher and not
independent of such factors as conditions approach those
of plane stress. The ASTM standard for mode I fracture
toughness testing of metals (i.e., ASTM E-399) requires
that (41):

B � 2:5
KI

sY

� �2

ð4Þ

for plane-strain conditions to exist, where sY is the yield
stress of the material. As a result of variations in KI and
sY with factors such as species, location, and orientation,
the condition in Equation 4 may not always be strictly met
for fracture testing of cortical bone, particularly for hu-
man bone, which is of the most clinical interest. For ex-
ample, based on properties compiled in Ref. 42,
thicknesses ranging from B1–10 mm may be required to
meet plane-strain conditions in human cortical bone, de-
pending on location, age, and orientation, demonstrating
how Equation 4 may not always be easily satisfied for all
practical testing. It should be noted, however, that Equa-
tion 4 is typically considered conservative for most engi-
neering materials and its specific relevance to cortical
bone has not been thoroughly explored. In an early study,
no thickness dependence was found for mode I longitudi-
nal cracking (see Fig. 2 for details on orientation designa-
tion) in bovine femora for 1.8–3.8-mm thick specimens
(36); a similar conclusion was reached for mode I fracture
of bovine tibia, also in the longitudinal direction, where no
thickness dependence was seen between 0.5 and 2 mm
(37). Conversely, more recent studies by Norman et al. re-
port that the mode I toughness varied significantly with
thickness from 2–6 mm, becoming essentially constant af-
ter a thickness of 6 mm was achieved (38). Limited exper-
iments on human tibia also showed little change in mode I
toughness for 2–3-mm thick specimens (38). Thus, until
more extensive information on this subject is available,
caution should be used when comparing fracture data on
bone from different studies that used appreciably different
specimen thicknesses.

Mode I Mode III Mode II 

B

Figure 1. Schematic illustrating the different modes of loading:
mode I (tensile-opening loading), mode II (shear loading), and
mode III (tearing or antishear loading). Loading in vivo could in-
volve one or more of these modes.
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2.3. Effect of Loading Mode

Similar to most engineering materials, cortical bone shows
the least resistance to fracture under mode I loading. In-
deed, Norman et al. has shown average ratios of GIIc/GIc to
be 12.7 and 4.6 for longitudinal (C-L) fracture in human
tibia (43) and femur (10), respectively, for donors aged be-
tween 50 and 90 years. Similarly, higher GIIc values rel-
ative to GIc have been reported for human femoral neck as
well (22). A recent study focused on mode I, II, and III
fracture in bovine femora found GIIc/GIc and GIIIc/GIc to be
3.8 and 2.6, respectively, for longitudinal fracture and 3.4
and 2.9, respectively, for transverse fracture (44). Al-
though such results suggest mode III fracture may be eas-
ier than mode II, it is unclear whether this will be true for
all species, locations, orientations, and other variables. As
mode I fracture is the easiest failure mode, it has received
the most attention in the literature and, accordingly, will
be the subject of the rest of this chapter.

2.4. Effect of Orientation

Studies concerning the effect of orientation on the tough-
ness of bone (Fig. 2) have shown transverse cracking di-
rections (L-C and L-R) (i.e., where the crack must cut the
osteons) to be consistently tougher than orientations with
longitudinal cracking (C-L and R-L), where the crack
splits osteons along the longitudinal axis of the bone. In
bovine tibia, Behiri and Bonfield demonstrated a progres-
sive increase in toughness (from 3.2 to 6.5 MPaOm) as the
orientation of specimens was varied rotationally from the
longitudinal to transverse cracking directions (39). This
effect was quite strong, such that side grooving of speci-

mens was required to achieve straight crack propagation
in all but the longitudinal case, otherwise cracks would
kink toward the longitudinal direction (e.g., Fig. 3). In-
deed, KIc for transverse cracking was found to be up to
twice that for longitudinal cracking in bovine tibia (32,39)
and femora (32,44). Furthermore, a study on baboon fe-
mora showed an even larger effect, with a mean KIc for
fracture in the transverse direction some 3.5 times higher
than in the longitudinal direction (30). Finally, in human
humeri, similar behavior has been observed, with cracks
kinking B901 toward the longitudinal direction (anatom-
ically proximal-distal) when cracking in the transverse
direction was attempted, with transverse toughness (L-C)
reported to be 1.5 times the longitudinal (C-L) (5.3 versus
3.5 MPaOm); conversely, the C-R orientation, which splits
the osteons along the short axis, showed the lowest tough-
ness of 2.2 MPaOm (Fig. 4) (29). It should be noted that
the latter two studies did not use specimen side grooving
to ensure cracking in the transverse directions (Fig. 3),
and accordingly the transverse toughness values may be
lower bounds (i.e., the orientation effect may be even
larger than was reported in those studies). Fracture
toughness results for different orientations may be found
in Table 1.

2.5. Effect of Anatomical Location

Although comparisons of data from many different studies
may suggest differences in toughness with bone location, it
is difficult to separate other variables that might be in-
volved to determine the significance of such differences.
One study compared the toughness of femoral neck, fem-

Table 1. Examples of Mode I Single-Value Fracture Toughness Results for Cortical Bone Taken from Various Sources

Species Bone Orientation} Kc (MPaOm) Gc (J/m2) Test Geometry Ref.

Bovine Femur Long 3.670.7 C(T) 36
Bovine Femur Long 2.4–5.2* 920–2780 C(T) 34
Bovine Femur Transverse 5.771.4 SEN(B) 40
Bovine Femur L-R 3.4–5.1# SEN(B) 32
Bovine Femur C-L 2.1–2.9# SEN(B) 32
Bovine Tibia Long 4.5–5.4* 760–2130 C(T) 35
Bovine Tibia Long 2.8–6.3* 630–2880 C(T) 37
Bovine Tibia Long 3.2 C(T) 39
Bovine Tibia Transverse 6.4 C(T) 39
Bovine Tibia L-R 4.5–6.6# SEN(B) 32
Baboon Femur Long 1.870.5 C(T) 30
Baboon Femur Transverse 6.270.7 SEN(B) 30
Baboon Femur Long 1.7–2.3Dagger C(T) 13
Human Femur L-C 6.470.3 SEN(B) 17
Human Femur C-L 5207190 C(T) 19
Human Tibia C-L 4007250 C(T) 19
Human Tibia C-L 4.1–4.3w 600–830 C(T) 38
Human Humerus C-R 2.270.2 SEN(B) 29
Human Humerus C-L 3.570.1 SEN(B) 29
Human Humerus L-C 5.370.4 SEN(B) 29
Human Femur Transverse 4.3–5.4 SEN(B) 26

Data are given in either K or G as reported by the authors. All reported values are mean values, standard deviations are given when possible.
}When specific orientation is unknown, cracking direction is given, see Fig. 2 for details.
*Range of mean values for several sets of data from samples tested at different loading rates.
wRange of mean values for two sets of data using samples of different thickness.
zRange of mean values for three sets of data using samples from different age groups.
#Range of mean values for two sets of data using samples stored in different media.
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oral shaft, and tibial shaft specimens from matched hu-
man cadeveric bones in order to isolate the effect of bone
location (19). For identically sized C-L oriented specimens,
the femoral shaft demonstrated significantly higher aver-
age GIc values relative to tibial shaft specimens (520 ver-
sus 400 J/m2). Although difficulties existed in comparing
femoral neck data directly because of sample size restric-
tions, results suggested a significantly higher toughness
than both the femoral and tibial shaft specimens. Thus, it
appears that bone location does indeed have an effect on
toughness; however, it is not yet clear what microstruc-
tural differences associated with various locations may
cause such toughness changes. Some toughness results for
different anatomical locations within the same species can
be found in Table 1.

2.6. Effect of Age

A critical issue with bone fracture is the problem of aging.
Indeed, a large number of studies that have looked at age-
related issues in the mechanical properties of bone have
implied a significant deterioration of the fracture tough-

Figure 2. Schematic illustrating the orientation code used by the
ASTM E399 fracture toughness standard (41). The first letter in
the designation refers to the normal direction to the crack plane,
whereas the second letter refers to the expected direction of crack
propagation. It is seen that the L-C and L-R orientations involve
transversely cutting the osteons, and accordingly, these orienta-
tions are commonly referred to as having a transverse cracking
direction in the literature. Conversely, orientations that split
apart the osteons along the longitudinal axis (R-L and C-L) are
commonly referred to as orientations with longitudinal cracking.
Often, the specific transverse or longitudinal orientation is not
given; however, the L-C and C-L orientations are the easiest to
machine, especially from smaller bones. Finally, the orientations
splitting the osteons along their short axes (C-R and R-C) are the
least common orientations found in the fracture literature.
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Figure 4. Variation in fracture toughness with orientation in
human humeral cortical bone. Note the significantly higher
toughness for the transverse (circumferential) orientation. The
toughness in the transverse (L-C) case was ascribed to deflection
of the crack because of the strong role of the cement line in that
orientation (29).

Figure 3. Optical micrograph illustrating B901 crack deflection
for an L-C oriented specimen into the longitudinal direction (in-
dicated by white arrows) along a cement line in human cortical
bone taken from the humerus.
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ness with age (8–11,13,17,19,22,26,30,45–47). Some re-
sults showing this trend may be seen in Fig. 5 (17). In
particular, aging has been associated with increased min-
eralization (46) and lowered collagen network integrity
(26), with resultant reduction in the elastic deformability
and toughness (5,13,17,19,26,30,46). Also, it has been sug-
gested that remodeling induced by increasing microdam-
age with aging (4) leads to an increase in the difference in
properties of the matrix (primary lamellar bone) and the
secondary osteons, implying a stronger role for the cement
lines and a reduction in the toughness (5,17,23,30). Thus,
a desire exists to understand the fracture properties of
bone as a function of age. Indeed, if specific age-related
changes within the microstructure of bone can be linked to
a reduced fracture resistance, progress can be made to-
ward creating successful treatments to combat these del-
eterious effects, which has led to numerous studies
centered on the role of microstructural changes in affect-
ing the fracture toughness, as discussed below.

2.7. Effects of Microstructural Factors

It has long been observed that changes in bone density
and mineral content may be associated with changes in
the toughness of bone; indeed, studies on human and bo-
vine bone have reported increases in toughness with in-
creasing dry and wet density (15,22,36), and decreases in
toughness with increasing mineral content (8,11) or po-
rosity (12). Although such results support the notion that
bone fragility and osteoporosis may be associated with
such factors, more recently it has become increasingly ap-
parent that these factors alone cannot explain, for exam-
ple, gender differences in fracture rates (48) and why
antiresorptive drugs can lower fracture risk independent

of bone mineral density (6,7). Furthermore, there have
also been studies that show fracture toughness to be in-
dependent of bone density or mineral content (13,30,49),
even when decreases in toughness with age were observed
(13,30).

In light of this information, excessive remodeling has
been suggested as a possible cause for increasing fracture
risk with age (6,7); such remodeling can lead to loss in
bone mass, but more importantly may also result in other
morphological changes to the microstructure of bone. With
regard to these microstructural factors, fractographic
studies have suggested that in vivo and in vitro fracture
occurs more readily in human bone where fewer and
smaller osteons exist (50). An in vitro fracture toughness
study of longitudinal cracking in human femur and tibia
specimens found higher toughness with smaller osteons
and increasing osteonal density (12); however, no signifi-
cant relationships with these factors could be found for
femoral neck specimens (22), which did not show a de-
crease in toughness with age.

The cement line, the boundary between secondary ost-
eons and the surrounding lamellar matrix, is another mi-
crostructural element thought to play a key role in the
fracture of bone. Indeed, both microcracks and macro-
scopic cracks have been observed to deflect along the ce-
ment lines upon encountering osteons (Fig. 3), leading to
the conclusion that the cement line must provide a weak
path for fracture (23,29,51–54). Furthermore, the weak
path provided by the cement lines may be responsible for
the strong orientation effects seen in the fracture of bone
(see section on Effect of Orientation) (i.e., the crack de-
flection of transverse cracks toward the longitudinal di-
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rection is likely because of the cement lines), as suggested
in Refs. 29,30.

Finally, changes in the mechanical properties of the
microstructural constituents, such as collagen, may also
have a significant effect on fracture resistance. Research
into the effect on the fracture toughness of collagen dena-
turation, achieved both thermally and chemically (25,55),
found significant decreases in the work of fracture of hu-
man femur specimens with increasing amounts of dena-
turation. Another study on the effect of storage in alcohol
vs. saline (32) reported an elevation in toughness with
storage in alcohol. It has been suggested that storage in a
similar solvent (methanol) increases the collagen cross-
link density in demineralized dentin (56); it is conceivable
that a similar phenomenon is responsible for the observa-
tions in Ref. 32.

3. RESISTANCE-CURVE BEHAVIOR

Although the use of a single-value measure of the tough-
ness, as has been discussed so far, is appropriate for many
materials, in cases where specific extrinsic toughening
mechanisms are active, such as in bone, the fracture re-
sistance actually increases with crack extension, thereby
promoting stable crack growth and requiring a so-called
resistance-curve (R-curve) fracture-mechanics approach
(33,57). This approach can be understood by appreciating
that crack propagation is governed by two distinct classes
of mechanisms: intrinsic mechanisms, which are micro-
structural damage mechanisms that operate ahead of the
crack tip, and extrinsic mechanisms, which act to ‘‘shield’’

the crack from the applied driving force and operate prin-
cipally away from the crack tip, in a frontal process zone or
in the crack wake (58–60). R-curve behavior is the natural
result of extrinsic toughening, as the toughness is a func-
tion of the length of the crack wake (58–60). Examples of
such extrinsic mechanisms seen in engineering materials
are crack bridging, phase transformations, and con-
strained microcracking, all of which develop as the crack
extends (Fig. 6). In such instances, crack extension com-
mences at a crack-initiation toughness, Ko, while sustain-
ing further crack extension requires higher driving forces
until a ‘‘plateau’’ or steady-state toughness is often
reached. The corresponding slope of the R-curve can be
considered as a measure of the crack-growth toughness.
Although important for understanding the fracture be-
havior of bone, R-curve analysis is also important for un-
derstanding the intrinsic and extrinsic mechanisms
involved in fracture, which is discussed in the current
and following sections.

Several recent studies (21,28,53,61–65) have revealed
rising R-curve behavior in bone (Fig. 7) (53,61,62,64,65),
indicative of the presence of active extrinsic toughening
mechanisms in the crack wake. One of the first R-curve
studies in bone, by Vashishth et al. (64) (Fig. 7a), looked at
crack propagation in human and bovine tibia (human do-
nor: 59 years old) for cracking in the longitudinal (prox-
imal-distal) direction. It was found that the toughness of
human and bovine bone specimens rose linearly from 1.6
to 2.5 MPaOm and from 3.9 to 7.2 MPaOm, respectively,
over crack extensions of B2.25 mm. Thus, Ko was found to
be 1.6 and 3.9 MPaOm for human and bovine bone, re-
spectively. A more recent study by Pezzoti and Sakakura

(b)

(c) (d)

collagen
fibers

microcracks

unmicrocracked
material

osteons

uncracked ligament 
bridgescrack tip

(a)

Figure 6. Schematic illustrations of some of the toughening mechanisms possible in cortical bone:
(a) crack deflection (by osteons), (b) crack bridging (by collagen fibers), (c) uncracked ligament
bridging, and (d) microcracking. One or more of these mechanisms can be expected to be active.
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(61) also reported a rising R-curve in bovine bone; how-
ever, after an initial rising portion, a steady-state (so-
called ‘‘plateau’’ toughness) was achieved, typical of many
materials that exhibit R-curve behavior (Fig. 7b). These
authors reported values of B3.2 MPaOm and
B5 MPaOm/mm for the initiation toughness and the (ini-
tial) slope, respectively. Similarly Malik et al. (65) re-
ported rising R-curve behavior for transverse crack
growth in equine bone (Fig. 7c); here, R-curves reached a
steady-state plateau, and in some cases decreased, with
mean Ko values of B4.38–4.72 MPaOm and mean slopes
(calculated from mean parameters reported in Ref. 65) of
1.06–2.57 MPaOm/mm. Additionally, linearly rising R-
curve behavior, with no apparent plateau, has been re-
ported for cortical bone from red deer antler (28).

The most recent work on R-curve behavior in human
bone involved longitudinal (proximal-distal) crack growth,
using the C-L orientation, in humeral bone (Fig. 7d: do-

nors 34–41 years old); an average crack-initiation tough-
ness, Ko, of 2.06 (S.D.¼0.19) MPaOm with the R-curves
monotonically rising over 5–7 mm (no plateau), with a
mean slope of 0.39 (S.D.¼ 0.09) MPaOm/mm, was re-
ported (53,62). These toughness results are slightly higher
than those of Vashishth et al. (64) for 59-year old human
tibial cortical bone tested in the same proximal-distal ori-
entation, where Ko values of B1.6–1.9 MPaOm and slopes
of B0.13–0.27 MPaOm/mm were measured. These differ-
ences may be the result of age-related variations in the
bone tissue, which were discussed earlier and will be ad-
dressed in further detail for R-curves below.

Recently, results demonstrating the effects of aging on
R-curve behavior in human bone (C-L orientation) have
been reported (66). Results for three distinct age groups
(34–41 years, 61–69 years, and 85–99 years) are presented
in Fig. 8 (66) and clearly indicate a degradation in the
toughness of bone with age. Specifically, the crack-initia-
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tion toughness, Ko, decreased from 2.06 (S.D.¼ 0.19)
MPaOm for the 34–41 year group to 1.96 (S.D.¼ 0.18)
MPaOm for the 61–69 year group to 1.22 (S.D.¼ 0.20)
MPaOm for the 85–99 year group. The slope of the R-
curve, which reflects the crack-growth toughness, also de-
creased from 0.39 (S.D.¼0.09) MPaOm/mm for the 34–41
year group to 0.16 (S.D.¼ 0.06) MPaOm/mm for the 61–69
year group to 0.07 (S.D.¼ 0.03) MPaOm/mm for the 85–99
year group. For comparison, the toughness data of Va-
shishth et al. (64) for 59-year old human tibial cortical
bone, tested in the same proximal-distal orientation,
agrees very well with these trends with Ko values of
B1.6–1.9 MPaOm and slopes of B0.13–0.27 MPaOm/mm
being reported, although it is possible that anatomical lo-
cation (tibia vs. humerus) may be a confounding variable.
These results clearly indicate that a decrease in the initi-
ation toughness with age not only exists, but a decrease in
the crack growth toughness exists as well. It should be
noted that it is the combination of these two factors that
contribute to the reported declines in single-value (over-
load) toughness with age discussed earlier. Nevertheless,
it is important to understand these changes on a micro-
mechanistic level, and specifically how any variation in
microstructure associated with aging may separately af-
fect the intrinsic and extrinsic toughening mechanisms.
Some progress has been made in this regard, as discussed
in the next section.

4. MECHANISTIC ASPECTS OF FRACTURE

4.1. Intrinsic Mechanisms of Fracture

Historically, models for bone fracture have been based on
the concept of the critical fracture event being strain-con-
trolled (67–69) (i.e., that fracture occurs when some crit-
ical strain (as opposed to a critical stress) is locally
achieved). Recently, experiments have been conducted to
verify this hypothesis. Using a double-notched four-point
bend geometry, Nalla et al. showed that the onset of the
local fracture events in cortical bone is consistent with
strain-controlled fracture by noting that crack initiation
occurred at points of maximum strain, as opposed to
points of maximum stress (29).

The intrinsic fracture mechanisms for cortical bone are
poorly understood; however, several important factors
that are thought to affect the intrinsic toughness may be
identified. First, the cement lines within the bone micro-
structure are thought to provide an intrinsically weaker
path for fracture relative to the rest of the microstructure,
as mentioned earlier and evidenced in Fig. 3. Accordingly,
the local properties of the cement lines should play a
prominent role in determining the overall intrinsic tough-
ness of cortical bone for many loading configurations. In-
deed, the higher density of osteons, and their associated
cement lines, in older bone may be a significant factor in
causing the degradation in intrinsic toughness with aging
(66,70). Additionally, another factor that likely leads to the
aging-related decrease in the intrinsic toughness is a de-
gradation in the quality of the collagen, a factor that has
also been implicated in deterioration of mechanical prop-
erties of demineralized bone (71). Indeed, nanoindentation
and atomic force microscopy results indicate that the
structure and mechanical properties of collagen from older
bone (85–99 years old) are significantly deteriorated when
compared with younger bone (34–41 years old) (70). Fur-
thermore, deep ultraviolet Raman spectroscopy results
suggest changes in the collagen molecular bonding con-
sistent with an increase in the nonreducable cross-link
content with aging, providing further evidence that
changes in the collagen may be related to the lower ob-
served toughness (70).

4.2. Extrinsic Toughening Mechanisms

In contrast to the intrinsic mechanisms of fracture, far
more progress has been made in understanding the mech-
anisms of extrinsic toughening in bone, which are respon-
sible for the rising R-curve behavior (see section 3).
Extrinsic toughening mechanisms act away from the
crack tip, in the surrounding material or in the crack
wake, and cause a local reduction in the stresses felt at the
crack tip. Although early studies attributed the rising
toughness with crack extension observed in bone to the
mechanism of constrained microcracking (21,28,64), more
recently it has been shown that crack bridging is in fact
the primary mechanism responsible for such behavior
(29,53,61,62), where intact bridges of material across the
crack sustain part of the applied load (Fig. 9) (29). As at
first glance these mechanisms may sound similar, it is
important to understand the differences in the mechanics
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Figure 8. Effect of aging on the resistance curve behavior of hu-
man cortical bone. A decrease in the initiation toughness with age
exists and the growth toughness (reflected by the slope of the R-
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involved with each mechanism. With constrained micro-
cracking, the formation of microcracks is in the damage
zone ahead of the crack tip; this damage zone is left in the
wake of the crack as it extends, and is reasoned to increase
the (extrinsic) toughness because of (1) the volume expan-
sion within the damage zone from the formation of micro-
cracks, which if constrained by surrounding rigid material
exerts a compressive stress at the crack tip, and (2) the
reduction in modulus that occurs within this zone (72,73).
However, these effects are offset at least in part by the
presence of a microcracked region ahead of the crack that
can act to lower the intrinsic toughness. Indeed, a lower
toughness has been observed in highly microcracked bone
(74), indicating that the benefits of extrinsic toughening
would need to be high for this mechanism to be effective.
As a general toughening mechanism, the toughening ef-
fects of microcracking are invariably small, and the mech-
anism has largely been discounted as a significant source
of toughening in all but a few multiphase ceramic mate-
rials with high internal residual stresses (75).

In contrast, crack bridging is a toughening mechanism
where uncracked material bridges the crack wake and
sustains part of the applied load that would otherwise
contribute to crack growth. In bone, this bridging occurs in
the form of so-called uncracked ligaments, often hundreds
of micrometers in size, or by individual collagen fibrils
over much smaller dimensions (29,53,61,62,76). Un-
cracked ligament bridges have been shown to provide
the majority of extrinsic toughening that contributes to
R-curve behavior (53,62), whereas collagen fiber bridging
is hypothesized to play a role in resisting the propagation
of microcracks (76). The uncracked ligaments provide a
particularly potent form of toughening and are created
either by the nonuniform advance of the crack front or by
the imperfect linking of microcracks, which initiated

ahead of the crack tip, with the main crack. Thus, al-
though microcrack formation may lead to bridging, the
mechanics of the two mechanisms are quite different.
Crack bridging acts to reduce the stress intensity experi-
enced at the crack tip, Ktip, relative to the applied stress
intensity, Kapp, by an amount typically referred to as the
bridging stress intensity, Kbr, viz:

Ktip¼Kapp �Kbr: ð5Þ

The reduction in stress intensity is because bridges in the
crack wake sustain a portion of the applied load. As
bridges develop with crack extension, Kbr increases with
crack extension as well, resulting in rising R-curve be-
havior. A steady-state ‘‘plateau’’ toughness may be
reached under conditions where bridges are created and
destroyed at the same rate, at which point Kbr essentially
becomes constant.

For human and bovine bone, examinations using both
microscopy (Fig. 9) and x-ray tomographic techniques
(Figs. 10 and 11) (29,53,61,62,66) has verified the exis-
tence of both collagen fiber bridges near the crack tip and
uncracked ligament bridges far into the crack wake. Fur-
thermore, characterization of such bridging in bone have
revealed that, in human humeri, bridging zones contain-
ing uncracked ligament bridges extend some 5–6 mm be-
hind the crack tip, and that such bridges do indeed sustain
load (53). Specifically, quantitative estimates of the con-
tribution of bridging to the toughness of human humeri
have been made using both experimental compliance data
and theoretical bridging models (53,62). Such results were
in agreement with actual levels of toughening observed
from R-curve measurements, with Kbr B1–2.5 MPaOm.

Experiments have also been conducted to assess the
bridging stresses in the crack wake in bone. Pezzotti et al.

10 µm

(a) (b)

(c) (d)
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1µm  

Figure 9. Scanning electron micrographs illus-
trating crack bridging. For the transverse (ra-
dial) orientation, (a, b) evidence of uncracked
ligament bridging (indicated by black arrows),
and (c) possible collagen fibril-based bridging
(indicated by black arrows). For the longitudi-
nal orientation, (d) evidence of uncracked liga-
ment bridging (indicated by black arrow). The
white arrows in (a)–(d) indicate the direction of
nominal crack growth [courtesy: Nalla et al.
(29)].
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(61) used Raman microprobe spectroscopy to measure
bridging stresses over a distance of 100mm behind a crack
tip in bovine femur. Results indicated stresses as high as
200–300 MPa within the first 10 mm of the crack tip, but
falling off to B10–50 MPa at a distance of 100 mm behind
the tip. Such results gave highly localized measurements,
with a 1 mm probe diameter, measuring to a depth of
20 mm. Using compliance-based experiments, estimates
of the average through-thickness bridging stresses were
also made for human humeri (53). From this study, aver-
age peak bridging stresses were found to be in the range 7
to 17 MPa near the crack tip, and to decay over distances
of 5 to 6 mm within the bridging zones in the crack wake.
The lower bridging stresses deduced in the latter study
may in part be because of species variation; however, more
importantly, it must be considered that the average
through-thickness behavior is measured in that case. Ac-
cordingly, although the stresses may be very high locally
for discreet bridges, when the through-thickness behavior
is considered, it is offset by surrounding unbridged regions
unable to support any load (see Ref. 53).

With regard to aging effects on crack bridging, R-curve
results show a clear decrease in the extrinsic toughening

contribution (i.e., Kbr) for older bone (Fig. 8). Two likely
factors exist that govern this loss of extrinsic toughening,
namely a reduction in the number of bridges or the quality
of the bridges that form in aged bone (66,70). With regard
to the former, direct observations of fewer and smaller
bridges behind crack tips in aged (85–99 years old) relative
to younger (34–41 years old) bone have been made using x-
ray tomography (Fig. 11). Indeed, Fig. 11c clearly shows
that that fewer bridges exist at given location behind the
crack tip and that the bridging zone extends a shorter
distance. Additionally, as discussed, evidence mounts that
the stiffness of individual collagen fibers is lower in older
bone (70), a factor that would decrease the load-bearing
capacity of bridges in the crack wake and correspondingly
lower the toughening contribution. Furthermore, bridges
composed of degraded collagen may be weaker and break
prematurely, a factor that may contribute to the lower
quantity of bridges seen in older bone. However, it is ap-
parent that much must still be determined, and both
quantitative and qualitative assessments of the role of
bridging are currently being undertaken in order to
achieve an improved mechanistic understanding of the
aging effect on bone fracture.
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Figure 10. 3D tomographic reconstructions
of sections of a crack in the longitudinal ori-
entation are shown. Note that the crack ap-
pears to follow the cement lines bordering the
osteons. Uncracked ligaments are indicated.
The white arrow in each case is the direction of
nominal crack growth [courtesy: Nalla et al.
(50)].
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5. TIME-DEPENDENT FRACTURE

Although most clinical fractures are the result of a single
overload, or dynamic, fracture event, clinical significance
exists for fractures that occur over time (i.e., stress frac-
tures) as a result of periods of sustained loading or cyclic
loading (5,77–79); the resulting stable cracking is known
as subcritical crack growth. Stress fractures are a well
recognized clinical problem with incidence rates of 1–4%
often being reported (5,78), with even higher rates cited
for adolescent athletes and military recruits (5,77,79).
They are commonly seen within a few weeks of a sudden
systematic increase in the loading patterns experienced by
the bone, when the time elapsed is insufficient for an ad-
aptational response to alleviate the deleterious effects of
the increased stress levels (5). In addition, cyclic loading
can be a factor in so-called ‘‘fragility’’ fractures commonly
seen in the elderly, where increased fracture risk exists
because of reduced bone quality as a result of osteoporosis
(5).

Early data on subcritical cracking under sustained
quasistatic loading came from studies on bovine tibia
and femur specimens where the effects of crack velocity
on cortical bone toughness in the longitudinal direction
were investigated. Results showed higher driving forces
(K or G) were needed to grow cracks at higher velocities
over the range of B10�5–10� 3 m/sec (34,35,37). Attempts
to grow cracks at faster rates resulted in catastrophic fail-
ure, along with a change in fracture morphology and a
lower toughness. More recent studies (53) that have fo-
cused on slow crack growth in human humeri, also in the

longitudinal (C-L) direction, report similar results but
over a much larger range of growth rates (B10� 9–
10�4 m/sec); higher stress intensities were again needed
to grow cracks at higher growth rates (Fig. 12) (53). Such
behavior is analogous to that displayed by many engineer-
ing materials, such as ceramics and metals, which can ex-
hibit time-dependent crack growth under sustained
quasistatic loading (33,57). In engineering materials,
such behavior is typically associated with environmental
effects, although it is unclear what role, if any, the phys-
iological environment plays in subcritical cracking behav-
ior in cortical bone. A peculiar feature observed in cortical
bone, however, is that at growth rates below B10� 9 m/s,
significant crack blunting (crack-tip rounding) occurs that
eventually leads to crack arrest (Fig. 13) (53). Thus, even
without remodeling, bone has a mechanism to arrest the
growth of subcritical cracks driven by static (noncyclic)
loads.

Cyclic loading also can lead to subcritical crack growth;
indeed, fatigue failures have been studied quite exten-
sively in cortical bone, particularly because fatigue dam-
age is considered to be of key importance in understanding
stress fractures (2,5,27,42,74,80–104). In traditional
terms, fatigue is typically characterized in terms of the
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Figure 11. 2D tomographic reconstruction slices showing typical cracks in specimens taken from
the (a) Young (34FL) and (b) Aged (85FR) groups at spaced intervals from the crack tip. Black
arrows point out several uncracked ligament crack bridges. (c) The fraction of such bridges with
distance from the crack tip quantitatively showing the smaller bridge area fractions and bridging-
zone size in the older bone [courtesy: Nalla et al. (66)].
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Figure 12. Results showing the time-dependent subcriti-
cal crack-growth behavior of human cortical bone, in terms
of the growth rates, da/dt, as a function of the stress in-
tensity, K, for growth rates 410�9 m/s. Attempts at ac-
quiring data for growth rates o10� 9 m/s were
unsuccessful owing to substantial crack blunting over the
time scales involved [courtesy: Nalla et al. (53)].
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Figure 13. Time-elapsed optical micrographs
showing the (a) time-dependent crack extension
(clearly seen in bottom micrograph, as indicated by
black arrows) that occurs over a time scale of sev-
eral hours, and (b) time-dependent crack blunting
behavior in human cortical bone. Note also the ev-
idence of uncracked ligament bridging and the lack
of crack blunting on the shorter time scale in (a).
The direction of nominal crack growth is from left
to right [courtesy: Nalla et al. (53)].
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total life to failure as a function of the alternating stress,
termed the stress-life or ‘‘S/N’’ approach. This method in-
volves the estimation of the number of cycles required to
induce complete failure of a (nominally flaw-free) ‘‘smooth-
bar’’ specimen under prescribed stress levels, where the
measured fatigue lifetime represents the number of the
cycles both to initiate and propagate a (dominant) crack to
failure1 (105). Such an approach has been widely used for
bone to investigate a wide variety of issues, including age
(89), donor species (90), cyclic frequency (42,83,96,106),
testing geometry (42,89,93), loading mode (88,95,99), fa-
tigue-induced damage accumulation (74,88–90,97), and its
role in inducing in vivo repair (remodeling) and adapta-
tion (4); these roles are briefly discussed below.

The effect of aging on the fatigue behavior has been
addressed by Zioupos et al. (89) who reported higher fa-
tigue lifetimes for femoral bone taken from a 27-year old
as compared with a 56-year old donor (Fig. 14a). The same
authors also showed that bovine femoral bone is stronger
in tensile fatigue than red deer antler (Fig. 14b) (90). Data
for bovine and human bone from a number of other studies
are included in Fig. 14. Although confounding factors such
as differences in test frequency, loading mode, and tem-
perature make direct interpretation difficult, data from
Swanson et al. (81) for human bone and from Carter and
Caler (84) for bovine bone suggest that human bone is
weaker than bovine bone in fatigue. However, it has re-
cently been suggested that such differences may be age-
related—most data for human bone, for obvious reasons, is
from aged donors, and as such would be expected to have
poorer mechanical properties (5). A definite effect of fre-
quency on the S/N behavior exists, with higher frequen-
cies giving higher fatigue-cycle lifetimes (83,96,106), as
discussed below in the context of mechanistic aspects for
bone fatigue. Loading mode and test geometry have also
been reported to have an effect on fatigue lifetimes. Zero-
compression loading generally gives only slightly higher
lifetimes (10–15%) than zero-tension loading (106), al-
though data from Pattin et al. (88) suggest a higher crit-
ical threshold exists for damage accumulation during
fatigue under compressive loading (4000 me vs. 2500me).
Vashishth et al. (95) reported a reduction in fatigue life-
times when torsional loading was superimposed on ten-
sion-compression axial loading; similar results were seen
for torsion as compared with compressive axial loading
(99). With regards to test geometry, three-point bending
has been claimed to induce less stiffness loss (reflective of
fatigue damage) as compared with four-point bending (93);
data in Ref. 89 further suggests that fatigue lifetimes in
human bone are progressively decreased by testing in
(four-point) bending, rotating cantilever, and zero-tension
loading. Both latter studies presumably reflect that fa-
tigue damage will accumulate more readily in test geom-

etries with larger statistical ‘‘sampling’’ volumes. These
reported results of the fatigue of bone are, on the whole, in
line with the typical fatigue behavior displayed by most
common engineering materials (105), although variations
in variables such as temperature, donor age, and so on
complicates comparisons between studies.
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Figure 14. Fatigue stress-life S/N data for bone: (a) The effect of
age in reducing the fatigue lifetimes is evident (open symbols- raw
data, closed symbols- modulus-corrected data). Dotted lines
(marked a–e) show data from other studies (see Ref. 89 for de-
tails), (b) The effect of species on fatigue lifetimes is shown. In
addition to data for bovine femoral bone and red deer antler, dot-
ted lines (marked a–e) show data from other studies: a,d,e- hu-
man, b,c- bovine (see Ref. 90 for details) [courtesy: Zioupos et al.,
(89,90)].

1Resulting S/N curves in certain materials, such as steels, can
exhibit a plateau in the stress-life plot at B106 cycles and beyond,
which corresponds to a cyclic stress termed the fatigue limit, be-
low which failure in principle does not occur (105). In the absence
of a fatigue limit, a fatigue endurance strength is generally de-
fined as the alternating stress to give a specific number of cycles
to failure, typically 106 or 107 cycles (105).
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Despite the plethora of fatigue data, mechanistically
the role of fatigue loading in bone is still somewhat un-
certain. Microdamage in bone was first reported over 40
years ago in the work of Frost (107), and a number of more
recent studies have looked at methods of imaging such
damage (108–110), how fatigue cycling can induce it
(74,88–90,97), the loss is mechanical properties because
of such damage (88), and the role of damage in triggering
remodeling in vivo (4). Indeed, this aspect of fatigue in
bone is one of the most studied; for further details, the
interested reader is referred to the excellent review in Ref.
5.

One critical issue is whether fatigue damage is time- or
cycle-dependent (or indeed both). One approach to address
this issue has been to examine the role of test frequency on
S/N behavior—a time-dependent mechanism is implied if
the times-to-failure for different test frequencies are iden-
tical. Such studies, from Caler and Carter (106), Lafferty
and Raju (83), and Zioupos et al. (96), suggest that tensile
fatigue in bone can be time-dependent, because when plot-
ted with respect to time, the effect of test frequency [0.002–
2 Hz in (106) 30–125 Hz in (83), and 0.5–5 Hz in (96)] on
the fatigue lifetimes is essentially eliminated (5,96). To
explain these observations, Carter and Caler (111), and
subsequently Taylor (5), have suggested that a transition
exist in bone from a ‘‘creep’’ —dominated to a fatigue-dom-
inated regime with decreasing stress levels. Although a
classic creep mechanism may not actually contribute to
this effect, it seems clear that the subcritical cracking be-
havior described above plays a role in this transition exists
(100). However, because failure times in fatigue include
both crack initiation and propagation stages, S/N results

are not easy to interpret. Furthermore, in bone, where an
inherent population of flaws/cracks typically exists, the
crack initiation life may be less important. For this reason,
many recent studies on the fatigue of bone have concen-
trated instead on the crack propagation life.

To analyze crack propagation lives, a fracture mechan-
ics methodology, termed the damage-tolerant approach,
may be used where the crack-propagation rate, da/dN, is
assessed in terms of the range in stress-intensity factor,
DK, defined as the difference between the stress intensity
at the maximum and minimum of the loading cycle (Fig.
15) (100,104,112). Fatigue lives may then be determined
from the number of cycles required for an incipient crack
to grow subcritically to a critical size, as defined by frac-
ture toughness, using information relating da/dN to DK
(105). The first such characterization of fatigue-crack
growth in bone, by Wright and Hayes (112), used longitu-
dinally oriented bovine bone specimens to measure crack-
growth rates for long cracks (i.e., cracks that are large as
compared with the microstructural features of the under-
lying material) over growth rates of da/dN B7 � 10� 7 to
B3 � 10� 4 m/cycle. These results were fitted to a simple
Paris power-law formulation (113):

da=dN¼CðDKÞm; ð6Þ

where C and m (Paris exponent) are scaling constants;
values of m were found to be between 2.8 to 5.1. Although
Wright and Hayes’ data did suggest some effect of cyclic
frequency on crack-growth rates, their results were not
conclusive. A subsequent study, by Gibeling et al. (104),
measured a Paris exponent of mB10 for transverse crack-
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Figure 15. Variation in in vitro fatigue-crack growth
rates, da/dN, as a function of the stress-intensity
range, DK. Data shown as individual points are for
crack growth in the longitudinal (proximal-distal)
orientation in human humeral cortical bone (100).
Also included (as dotted lines) are data from Wright
and Hayes (112) for longitudinal crack growth in bo-
vine bone and from Gibeling et al. (104) for trans-
verse crack growth in equine bone.
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growth rates of B6 � 10� 10 to B1 � 10� 5 m/cycle in
osteonal equine bone. For human bone, only one study
has been reported to date; here, Nalla et al. (100) mea-
sured m values of B4.4–9.5 for longitudinal fatigue-crack
growth rates over a wide range from B2 � 10� 10 to B3 �
10�5 m/cycle in human cortical bone taken from the hu-
merus. This work further showed a transition from pre-
dominantly time-dependent cracking at higher DK values
to a true fatigue (cycle-dependent) mechanism at lower DK
values, with this transition occurring at crack growth
rates near 5 � 10� 7 m/cycle. Although a specific mecha-
nism for subcritical crack growth under static loading has
not been proposed, the cyclic mechanism in bone has been
reasoned to involve crack extension via alternating blunt-
ing and resharpening of the crack tip (100), not unlike
what is seen in many ductile materials, such as metals
and polymers (105). Figure 16 shows a schematic of this
proposed mechanism.

Finally, extrinsic toughening is another factor that
must be considered when assessing the fatigue behavior
of cortical bone. Evidence for increasing crack growth re-
sistance with crack extension has been observed in studies
on surface cracks in cortical bone from human humeri and
femera (94,102), and this effect has recently been associ-
ated with crack bridging (102). Bridges that form in the
crack wake may sustain loads that reduce the local stress
intensity range, DK, experienced at the crack tip, affecting
the corresponding crack growth rates. As seen with the
fracture toughness, this behavior leads to a crack size ef-
fect on the fatigue properties (i.e., the crack propagation
resistance increases as the bridging zone develops). An-
other important factor that influences the growth micro-
cracks in cortical bone is crack deflection because of
cement lines, which in many cases causes microcracks to
arrest (101,103) and may also be responsible for the for-
mation of crack bridges as cracks imperfectly reconnect
after deflecting around secondary osteons along the ce-
ment lines.

6. CONCLUDING REMARKS

Biological materials such as bone are complex structural
materials with mechanical properties dictated by a hier-
archical microstructure and an ability to (1) repair them-
selves and (2) adapt to changing environmental and
loading conditions. Accordingly, it is not surprising that

the problem of understanding the fracture of bone is
equally complex. By addressing the intrinsic and extrin-
sic toughening mechanisms, clearer ideas have emerged of
late as to the nature of the fracture resistance of bone.
However, a mechanistic understanding of the increased in
vivo fracture risk associated with factors such as aging,
disease, or cyclic loading, and how they relate to fracture
properties measured in vitro, is still relatively limited. The
ultimate goal is to determine the specific mechanisms in-
volved in the fracture and fatigue of bone, and to discover
how these mechanisms relate to features within the hier-
archical microstructure of bone. Such an understanding
will greatly aid the development of treatments or preven-
tion methods for conditions such as bone fragility and
osteoporosis, which specifically target the key microstruc-
tural aspects that provide the fracture resistance of bone.
As noted above, progress has been made with regard to a
mechanistic understanding of bone fracture, but the de-
gree of understanding is still limited. Consequently, the
authors believe that bone fracture will continue to remain
an area of intense research for the foreseeable future.
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1. INTRODUCTION

Since the late 1970s, the rapid rate of increase of inexpen-
sive computational and storage capabilities promoted the
development of empirical (or data-driven) techniques.
Such empirical or data-driven techniques used observed
data to discover the mechanisms that govern the processes
that generated the data. Once constructed and validated,
such techniques allowed an, insight into the underlying
mechanisms or at least shortlisted some candidates’ hy-
potheses that could be the focus of more targeted investi-
gation. The usefulness of the early empirical techniques
prompted more sustained research based on different
motivating paradigms. Each paradigm, at least initially,
started from a distinct inspiration—pattern recognition
from Bayesian considerations, neural networks from the
efficiencies of biological neural networks, evolutionary
computation from the notion of survival of the fittest,
and statistical inference from statistical considerations.
Today, however, the distinction has somewhat blurred and
it is not uncommon to hear of hybrid approaches, and
many authors now refer to the collection of such ap-
proaches as soft-computing approaches. Although the
early focus of the soft-computing approaches was mostly
accuracy (or the prediction error), the rapid rate of in-
crease of data brought into focus the equally important
attribute of scalability. Thus was born what now repre-
sents ‘‘data mining’’, which we prefer to define as soft-
computing techniques that can sift through large volumes
of data to discover meaningful patterns and relationships.
Today, one finds several innovative uses of data mining;
for some engineering and scientific applications, see Ref. 1.

It is only natural that recent developments such as
high throughout techniques, organized data banks, and
inexpensive computation have also prompted the use of
data mining techniques for improving our understanding
of biological organisms. In the limited space available to
this article, it is not possible to provide an overview of all
of these applications. Consequently, we have limited the
focus of this article to three biomedical applications:
mining of sequence data, mining of gene expression (micro
array) data, and mining of biomedical literature. From a
data mining perspective, all of these applications require
the ability to sift through massive (possibly heterogeneous
and possibly unstructured) data sources.

2. MINING OF SEQUENCE DATA

Proteins are the fundamental building block of all cells.
Proteins are made up of a chain like arrangement of
amino acids. There are 20 different amino acids, and the
exact sequence of amino acids that form a protein comes
from the DNA. The DNA nucleotides (A, T, G, and C) read

three at a time to specify the protein sequence. The
chaining together of amino acids gives rise to the so-called
primary structure of the protein. The amino acid chains
(polypedtides) also fold on themselves, creating a second-
ary structure. Although the fold can often be determined
from the amino acid sequence, sometimes additional mo-
lecules (cofactor) influence the shape of the fold. The
protein sequence along with the secondary structure
determine the role of the protein.

There are thus two initial problems, as follows:

* Finding the protein sequence. There are two difficul-
ties. First, only some portions of a DNA code for a
protein, and second, the DNA sequence that encodes
for a protein is not continuous but is distributed in
blocks called exons.

* Finding the structure of the protein. One possibility
is to use x-ray crystallography or nuclear magnetic
resonance (NMR) spectroscopy. However, the diffi-
culty in crystallizing proteins and the long times
required by NMR techniques makes it difficult.

Data mining can be used in tandem with experimental
techniques to find the function of the 100,000 or so
proteins that are present in humans. At the heart of
many of these techniques is search. The motivation for
search comes from the belief that proteins with a similar
sequence have a similar structure. Consequently, hints
about the structure of a new protein are obtained by
searching among known proteins to locate one that has
a similar sequence.

Two developments have made such sequence searching
possible: first, the concerted effort to build large databases
(such as EMBL, NCBI, DDBJ, SWISS-PROT, Protein Data
Bank, and many others) of discovered sequences and,
second, the development of scalable algorithms that allow
for fast searching. At the core of any search method is an
algorithm that can align a sequence with another and
compute a score reflecting the degree of alignment. The
following discussion focuses on two sequences—a ‘‘query’’
sequence and another sequence (the ‘‘prototype’’ sequence)
that may be one of the many present in a database.

As a precursor to an actual alignment algorithm, we
mention that it is possible to visualize any similarity that
may be present in the query and prototype sequence using
the so-called dot plots. Underlying a dot plot is a matrix M
whose element Mði; jÞ is 1 if the ith symbol in the query
sequence matches the jth symbol in the prototype se-
quence. In this form, the matrix will have many spurious
1’s (after all, the query and the prototype sequence are in
terms of A, T, G, and C only). Often another step is
required to remove these spurious matches, a simple one
being based on continuity (i.e., retain those matches that
have supporting matches along the diagonal, i.e., with
increasing i and j). When visualized as an image, such a
dot plot has diagonal streaks corresponding to sustained
matching of symbols.

Global alignment can be performed on the basis of
dynamic programming (2) and relies on the least cost
transformation that can make the query sequence per-

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



fectly match the prototype sequence. Three operations are
allowed, namely, insertion, deletion, and replacement,
with associated costs CI, CD, and CP, respectively. The
distance dðQ1;Q2Þ between the query sequence, say Q1,
and the prototype sequence, say Q2, of length n and m,
respectively, can then be obtained from the following
recurrence:

d0;0¼ 0

di;0¼di�1;0þCD

d0;j¼d0;j�1þCI

di;j¼ min

di�1;jþCD

di;j�1þCI

0 if q1i¼q2j

di�1; j�1þCR if q1iOq2j:
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The recurrence of Equation 1 can be solved using dynamic
programming (2). Several variations to the above method
for finding the similarity between two sequences (in the
context of general strings) have been proposed (3–6).
When, the recurrence of Equation1, continues until i¼n
and j¼m, one recovers dðQ1;Q2Þ¼dnm or the distance
between the entire subsequences Q1 and Q2. The align-
ment score and the distance can be some appropriate
inverse functions of each other. In reality, the cost of an
insertion (or gap) and other costs used in dynamic pro-
gramming are often based on additional knowledge and it
is possible to use various amino acid distance measures
(for example, measures based on percent accepted muta-
tions (7)) in the formulation.

Within the context of sequences, the earliest of the
methods (8) was based on a similar idea. In contrast to
global alignment, which may result in useful subsequence
matches to be missed, modifications that identify subse-
quence alignment have also been proposed (9). These
methods only require minor modifications to the above
formulation. In addition, many algorithms for multiple
alignment have also been proposed (for example, Ref. 10;
see Ref. 11 for a slightly dated review). The most popular
algorithms, however, seem to be FASTA (12), BLAST (13),
and their variations.

Such sequence matching, of course, also serves as the
basis for additional biomedical applications. The distance
used in clustering that serves as the basis for many
phylogenetics approaches can also use sequence matching
and alignment scores as aliases for distances.

3. MINING OF GENE EXPRESSION DATA

The advent of high-throughput techniques such as micro-
array technology has given rise to massive amounts of
data that when analyzed can provide clues to understand-
ing pathways, provide clues to the functionality of un-
characterized genes, identify single nucleotide

polymorphism (SNP), and help us understand the changes
caused by onset by disesase (14–16). In its simplest form,
micro-arrays are based on laying out DNA complementary
to the gene of interest in a lattice. The DNA from the
‘‘dyed’’ query sample binds with the complementary DNA,
and the expressed genes and the levels of expression are
detected using a florescent microscope. The result is a
matrix whose elements Gði; jÞ represent the level of ex-
pression of gene i in sample j.

Various data mining (or equivalently pattern recogni-
tion) techniques have been applied to gene expression
data. For example, similar genes often show similar gene
expression data; consequently, various forms of clustering
can be used to functionally group similar genes. Cluster-
ing is an unsupervised procedure that attempts to parti-
tion the data such that similar samples are assigned to the
same cluster and dissimilar samples are assigned to
distinct clusters. Conversely, the clustering may be done
so that similar genes are assigned to a cluster and dis-
similar genes are assigned to distinct clusters. Often this
is called one-way clustering, and a large number of
clustering methods exist that have been proposed over
the years (see, for example, Refs. 17 and 18). In contrast,
one can also use two-way clustering in which both cluster-
ing of genes as well as samples is simultaneously done
(19). To clarify, consider hypothetical micro-array data in
which there are 100 genes and 10 samples. One-way
clustering would produce a cluster that would indicate
that genes 1, 7, 12, and 14 belong to a single cluster on the
basis of the entire expression profile of these genes (or that
samples 2, 3, and 7 belong to a cluster on the basis of
expression level of all genes). On the other hand, two-way
clustering could indicate that genes 1, 7, 12, 14, 21, and 29
belong to a cluster on the basis of samples 2, 3, 7, and 9.

A few words of caution are in order. Although the basis
of all clustering algorithms is to produce clusters with
small intracluster variation and large intercluster dis-
tances, several parameters need to be chosen and the
results can change dramatically depending on the values
of the parameters chosen. For example, the geometry of
the clusters, the distance measure that is used, and the
number of clusters all affect the final clustering that is
obtained. Although some ways of choosing the number of
clusters exist (see Refs. 20 and 21), the results obtained
must be validated with experimental or other evidence.

Various other methods have also been used to analyze
micro-array data. For example, hypothesis testing has
been used to see whether the expression levels of a control
sample statistically differs from the expression level of a
test sample (22). When some labeled gene expression data
are available, then it is possible to use various decision
theoretic methods for categorization (23) (see Ref. 24 for
more details). Singular value decomposition and principal
component analysis can also be used for visualizing the
data in lower dimensions or for extracting weak signals; in
Ref. 25, for example, patterns in gene transcriptional
response are detected even though individual genes do
not separate well in a scatter plot.

One promising approach is based on association rule
mining to discover (or obtain hints) on previously un-
known pathways. Succinctly, association rules are often
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written as A) B, which may be interpreted as if A, then
B. The left side of the expression is often termed as the
antecedent, whereas the right side is the consequent.

Two measures are often associated with association
rules, as follows:

* Support: The support for an association rule is the
probability of the itemsets (terms that appear in the
antecendent and consequent) appearing together.
Succinctly, the support for an association rule A)
B can be written as

SðA) BÞ¼PðA \ BÞ: ð2Þ

* Confidence: The confidence of an association rule is
the probability of the consequent being true when the
antecedent is true. Succinctly, the confidence for an
association rule A) B can be

CðA) BÞ¼PðBjAÞ¼
PðA \ BÞ

PðAÞ
: ð3Þ

The minimum support and confidence values are user
supplied; having a low value for the support leads to many
rules being discovered, whereas having a low confidence
value leads to poor predictability. A fast and frequently
used algorithm for finding association rules is the a priori
algorithm (26) (see also Ref. 27). The algorithm is iterative
(multipass) and is based on the assumption that any
subset of a frequently occurring itemset is also frequent.
Thus, the algorithm starts by finding items that are
frequent. Those that have a support larger than the
minimum specified support are used as seed sets and
combined with other qualifying sets to form yet larger
item sets. During the process, intermediate rules that do
not meet the minimum specified support and confidence
are discarded. It has been shown that the a priori algo-
rithms scales linearly with the number of records (26). The
algorithm given in Ref. 28 is similar in spirit, although it
uses a hash table to reduce the qualifying sets that are
considered at each iteration. Finally, to deal with large or
changing databases, an incremental updating of associa-
tion rules can be used (29).

4. MINING OF BIOMEDICAL LITERATURE

Knowledge in the area of biomedical engineering is pri-
marily disseminated through publications (journals, con-
ference proceedings, and the like), which use natural
language (or free or unstructured text). The mining of
this rich and vast information resource allows researchers
to fully use known information and can potentially pro-
vide currently unknown associations. For example, it can
allow for the analysis of protein–protein interactions,
gene–gene interactions, and so on. However, the unstruc-
tured nature of these text corpuses along with the use of
natural language makes it difficult, if not impossible, to
directly use data mining techniques. A substantial

amount of effort, over the last several years, has been
directed toward converting this unstructured source of
information into a structured (or at least, semistructured)
one.

4.1. Bioentity Identification

One of the first steps in converting the unstructured
documents into structured ones is the identification of
bioentities (for example, protein names). One difficulty in
the identification of the bioentities in these documents
comes from the presence of several aliases that refer to the
same entity (and as a corollary, the same name referring
to different entities) (30–32). Often an entity is also a
compound name (i.e., comprising more than one word) or
may have variations in expression. Consequently,
although a name can be exactly (or approximately)
matched with relative ease, disambiguating the possible
context in which the entity is being used is considerably
more difficult.

One early attempt at bioentity identification focused on
identifying protein names (33). This approach used hand-
crafted rules to first isolate core-terms (words containing
capitalization, special symbols, or numerals, e.g., Ref. 33,
p. 53) and feature-terms (words that characterize the core-
terms, e.g., protein) followed by concatenation and re-
building of core-terms and feature-terms. The rebuilding
uses a parts-of-speech tagger and is based on rules (for
example, ‘‘Connect non-adjacent annotations if every word
between them are either noun, adjective, or a numeral’’).

In contrast to the rule-based approach, methods that
rely on a dictionary have also been proposed (34,35). In the
simplest of implementations, these dictionary-based ap-
proaches attempt to use string matching to match a name
that appears in the dictionary with a name in the free-
text. There are several problems with these simplest of
implementations, and the quality of the results depends
on the quality of the dictionary. Furthermore, as remarked
in Ref. 36, semantic mismatches of characters cannot be
identified by straightforward string matching. The ap-
proach in Ref. 36 is thus a token-based approach. The
authors define multiple types of token classes (e.g., speci-
fier tokens comprise Arabic and Roman numerals and
Greek letters; modifier tokens introduce semantic varia-
tions as in a receptor or inhibitor). The HUGO nomencla-
ture database is used to identify the gene symbol with the
corresponding names being added from the OMIM data-
base. Synonyms available from the SWISS-PROT and
TrEMBL databases (37) were used to arrive at a diction-
ary that was further curated by a pruning and expansion
approach. A token-based matching algorithm that is lin-
ear in the number of tokens of the parsed text is used to
identify the bioentity.

The third category of methods for identifying bioenti-
ties in free text is based on learning algorithms.

Several factors influence the accuracy of bioentity
identification in free-text (unstructured) documents. In-
deed, newer methods of bioentity identification continue to
enhance the accuracy (see, for example, Refs. 38–40).
Broader and systematic methods of evaluation are needed
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to understand the strengths of each of these approaches
(41).

Irrespective of the particular method used, the result of
bioentity identification can be used to create structured
(or semistructured documents) from unstructured ones.
For example, the output can be an XML file with annota-
tions (42) that allows a search engine to easily perform
complex searches (43) or a machine learning method to
model complex cause–effect relationships.

4.2. Interaction of BioEntities and Concept Creation

The structured documents resulting from bioentity iden-
tification have more recently started being used for under-
standing the relationship between the entitites.

At the simplest level, one can look for (potential)
interaction among genes based on whether the genes co-
occur in, say, MEDLINE abstracts (44,45). From a mining
perspective, however, it is not clear within which text unit
the co-occurrences are most relevant: within a sentence,
within a paragraph, and within an abstract. A recent
evaluation suggests that performance is generally better
for smaller text units (this is perhaps a consequence of our
infancy in the area of natural language processing and
understanding) (46). Even so, co-occurrence is indicative
of an interaction not of the nature of the interaction.
Nonetheless, if the text-unit is carefully chosen, it is
possible to arrive at entity pairs that are likely interact-
ing. Somewhat toward that goal are approaches that
cluster genes based on the associated literature (see Ref.
47, for example). In this approach (47), a vector space
model (an element vi;j represents the weight of a term tj in
document di) is used. Such a representation ignores the
grammatical structure of the document and hence is often
also called a bag-of-words representation. The cosine
similarity defined was used as the basis of a k-medioid
clustering algorithm (18) that was used to cluster the
documents (represented as vector space models). If the
dictionary of terms is chosen carefully, or if desired terms
are weighted more than others, then clustering can pro-
vide interactions as well as the nature of the interactions.
For example, if the term ‘‘inhibit’’ is given a larger weights,
then clearly it will pay a more dominant role in the
formation of separate clusters.

The PIES system (48) searches MEDLINE abstracts for
the presence of a specified entity. It uses BioNLP (49) to
extract relevant information from sentences and then
considers the ‘‘inhibit’’ and ‘‘activate’’ type of interactions.
Some-what along similar lines, a corpus-based approach
with rules defined over separate classes of predicates has
also been used to extract biomolecular relationships (50).

The GENIES system (51) extracts and structures in-
formation about cellular pathways from existent litera-
ture. Built on the MedLEE (52) system, it has a term
tagger that uses rules and external sources; a preprocessor
to identify sentences, words, and phrases; and a parser
consisting of semanting patterns along with constraints to
identify relevant relationships. The output consists of
frames that are somewhat similar to the templates that
other technique discussed below use.

Other efforts such as GeneScene (39) aim at extracting
information from sentences to ultimately realize a system
that will allow summarization of existent literature. Gen-
eScene uses the notion of preposition level templates (for
example, templates for ‘‘by’’ and ‘‘of ’’). Initially, the verb
closest to the preposition is retrieved followed by noun
phrases that appear to the left and right of the verb and
the preposition. The goal is to extract relevant words
surrounding the preposition and to populate the preposi-
tion level template with the information. In the recombi-
nation phase, these basic templates are combined using
rules. For example, two basic templates based on the same
preposition and connected by ‘‘AND’’ are combined. The
net effect is that a higher level of abstraction of the
contents of the document is created.

Another system, called the MEDSYNDIKATE (40), uses
natural language techniques along with medical taxo-
nomies such as the Unified Medical Language System
(UMLS) (53) to create a more comprehensive ontology and
knowledge base.

At a higher level of sophistication, aptomatic pathway
discoveries from online scientific abstracts were reported
in Ref. 49. This system has three components: BioKleisli,
BioNLP, BioJAKE. The BioKleisli system serves the role
of integration systems and provides a high-level query
language that can be used across multiple data sources.
BioNLP uses the rules in Ref. 33 along with semantic
clues for protein name identification. BioNLP then uses
co-occurrence along with the type of interaction (active,
inhibit) to extract protein–protein interactions. BioJAKE
then allows visualization based on a editable, hyperlinked
pathway network. This aspect of biomedical text mining is
the most challenging and perhaps the most rewarding,
although additional pieces of work are now focused on
automated discovery (see, for example, the work reported
in Ref. 54 for automatic hypothesis generation: also see
Ref. 55 for a general text mining framework).

Also, a thread, separate from that based on natural
language processing, has been used to predict character-
istics of biological molecules. In Ref. 56, for example, the
vector space model along with a pattern classification
method [support vector machines (57)] is used for sub-
cellular localization of a protein. The approach is based on
identifying abstracts with the relevant keywords (i.e.,
name or aliases were present), and using the inverse
document frequency (IDF) to find the weight of a term.

5. CONCLUSIONS

Although, this article restricted its focus to three areas in
biomedicine, data mining has been used in other areas of
biomedicine as well as with other modalities of data—for
example, mining of biomedical images (58,59), analyzing
biomedical time series (60), and mining of human brain
image data (61), to mention a few.

These uses support the fact that data mining when
properly applied considerably narrows the space of possi-
bilities that need to be validated with experimentation,
physiological, and other sources of evidence. The organi-
zation of larger amounts of data in specialized data banks
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and the ever increasing storage and computational power
makes it possible to use data mining and other empirical
methods of data analysis. As data mining evolves to more
naturally process heterogeneous and incomplete sources
of data, more naturally incorporate hints (or domain
knowledge), and more naturally handle the multiple-
scales from quantum mechanics to the organism, it will
play a yet more significant role in a more complete under-
standing of biological organisms and in the discovery of
causes and cures of disease.
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1. INTRODUCTION

Data visualization involves the exploitation of statisti-
cal, computer graphics, and geometric modeling tech-
niques to transform numeric or symbolic datasets into
graphical displays that reduce the difficulty of interpret-
ing the behavior of complex physical systems. These tech-
niques are used to correlate huge volumes of data, reduce
the quantity and dimensionality of the data to a manage-
able size, and graphically encode as much information as
possible into the visual display. Key information embed-
ded within the data is represented in the display space
using color difference, shape parameters, relative proxim-
ity of graphical icons, and movement of the icons over
time. Problems in visualization develop from the various
ways in which different levels of symbolic and numeric
data can be presented to a human observer, and how the
individual’s perception of these graphical representations
affect the final interpretation of the underlying informa-
tion.

Graphic art as a means to display scientific data had
originated as an alternative medium for communicating
critical details about a physical system or phenomenon.
Although the data being displayed is accurate and precise,
it must be presented in a compact form that permits the
observer to understand the inherent relationship between
the data points or vectors. A key advantage of graphical
techniques over the automated and semi-automatic meth-
ods of data analysis developed in the artificial intelligence
(AI) and statistics disciplines is that visualization tech-
nology promotes direct user interaction with the data. It
provides the user with an accessible, interactive, and in-
tuitive means to search for meaningful patterns and test
multiple hypotheses in large volume complex datasets.

The display of scientific data in graphical form had ex-
isted long before the invention of the computer. Modern
statistical graphics can trace its origins to the mid-eigh-
teenth century when scientists began to use length and
area to show quantity, time-series to illustrate the change
in a property, and scatterplots for associating multivariate
data. In the early years, William Playfair worked to de-
velop and improve on contemporary 2-D graphical display
methods, with the goal of replacing numeric tables with
systematic visual representations by his ‘‘linear arithme-
tic’’ (1). However, the introduction of digital computers
and graphics software enabled mathematicians and sci-
entists to create more sophisticated representations of nu-
meric and statistical data. The pioneering efforts by
statisticians like Edward Tufte (1), John Tukey (2), and
William Cleveland (3) in the twentieth century have

helped define several key principles and governing fac-
tors that enable data analysts to generate suitable 3-D
graphical representations of large multivariate datasets.
These researchers introduced a variety of ways to produce
meaningful visual cues that reflect information content in
a manner that can be easily interpreted. The advances in
computing and graphics technologies have given rise to
new disciplines that focus on user-data interaction such as
scientific data visualization, information visualization,
and exploratory data analysis.

Scientific data and information visualization tech-
niques are becoming increasingly more important in med-
icine as clinical staff, practicing physicians, and
biomedical engineers need to explore and analyze large
complex databases. Furthermore, decision-making pro-
cesses in medicine often require the integration of several
types of data and information in order to make an appro-
priate diagnosis or to plan an ‘‘optimal’’ treatment strat-
egy. A detailed picture of the correlations and associations
between data vectors, or segments of textual information,
will lead to improved medical care.

Medical practitioners use anatomical and metabolic
data acquired from a variety of instruments and equip-
ment, such as medical imaging technology, to make crit-
ical diagnostic decisions. Noninvasive methods of imaging
the anatomy include surface range scanning, x-ray, com-
puted tomography, ultrasound, and magnetic resonance.
Invasive imaging methods such as angiography and nu-
clear medicine require a liquid or instrument to be in-
serted into the human body in order to obtain the desired
images. Anatomical modalities depict the morphology of
the anatomical structure and, therefore, it is often used to
accurately separate information associated with bone ma-
terial from the surrounding tissue. These methods include
x-ray, computed tomography, magnetic resonance imag-
ing, ultrasound imaging, and the video sequences cap-
tured by catheter scopes during laparascopy. In contrast,
functional image modalities provide the physician with
metabolic information, including planar seintilography,
SPECT (single photon emission computed tomography),
and PET (positron emission tomography), which together
make up nuclear medicine imaging modalities and func-
tional MRI (fMRI).

Once the images of the tissue, organs, or skeletal struc-
ture have been captured, and before they can be analyzed,
it is necessary to extract coordinate data of anatomical
structures, critical dimensions of organs, or tissue mate-
rial densities. Often, the volume of data collected by the
instrumentation is immense and saved in a variety of dig-
ital data structure formats; therefore, it is necessary to
analyze and synthesize the information at different levels
to make the most appropriate decisions. Emerging com-
puter graphic tools and visualization technology are being
used to process and synthesize the data and graphically
display the anatomical and metabolic information for
more accurate medical diagnosis and monitoring the pro-
gression of a disease or the body’s response to a treatment.
As well, recent developments have occurred in the area of
minimally invasive surgical simulation and training.

Other electrophysiological signals, such as EMG (elect-
romyography) and EEG (electroencephalography), pro-
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vide medical data and information on muscle and brain
activity. The electrodes record muscle (EMG) and neuro-
nal (EEG) firings associated with changes in environmen-
tal cues. Data is captured as a time-series signal that
reflects changes in neural activity level in the muscles and
specific areas of the brain. The noisy time-varying data is
cleaned prior to analysis using signal processing tech-
niques from the discipline of electrical engineering. So-
phisticated statistical tools are also used to map time
signals onto 3-D representations of the anatomy for en-
hanced visualization and data correlation purposes.

Although these imaging and electrical signal acquisi-
tion systems provide essential data about the anatomy
and metabolic processes, another piece of critical data col-
lected at hospitals and clinics are the patient medical re-
cords including information about the history of past
illnesses and prior treatments. Although each medical re-
cord is unique to the individual, it can be used to identify
patterns of similar symptoms or past medical histories in
the population. This analysis assists physicians in plan-
ning treatment strategies for other patients whose clinical
records exhibit similar characteristic patterns in their
symptoms. The visualization techniques provide another
means to extract and correlate useful textural information
embedded in clinical data.

Over the past decade, two branches of visualization re-
search have evolved: scientific data and information visu-
alization. Techniques that generate graphical displays
from raw or transformed experimental data are usually
referred to as scientific data visualization. Raw data
are measured entities acquired directly by the instrumen-
tation whereas transformed experimental data, also
known as analytical data, is created using mathematical
tools that modify or combine single or multimodal raw
data into new entities for enhanced interpretation. In sci-
entific data visualization, a variety of mathematical tech-
niques are used to transform multidimensional
multivariate datasets into simple graphical objects called
glyphs that provide scientists and engineers with a clearer
understanding of the underlying system behavior. Classi-
cal communications theory (4) is based on the principle
that raw numeric data is nothing more than strings of
symbols that do not constitute information. Any informa-
tion embedded in the original data is represented by the
differences that exist between individual data vectors, or
the degree-of-association amongst groups of vectors. The
transformation of raw data into graphical forms must,
therefore, capture these differences and enhance embed-
ded patterns (5). Exploratory data analysis, as first pro-
posed by Tukey (2), emphasizes the search for unexpected
structures in seemingly random datasets by developing
‘‘rich’’ descriptions of relevant information through statis-
tics, model fit indicators, and graphical summaries.

Information visualization, on the other hand, fo-
cuses on the graphical display of document databases and
information spaces. The amount of pictorial and textual
information stored in a digital form has exploded over the
past few decades. A variety of visualization tools have
been developed to assist clerical staff in hospitals and
other medical personnel to efficiently navigate through
immense streams of data and complex information spaces.

By presenting medical data in graphical displays, it is
possible for the user to quickly process large volumes of
information and make the necessary connections or infer-
ences. Examples of such data include medical history and
medical records of patients, accumulated diagnostic and
symptomatic data related to prevalence of the illness, pos-
sible factors of causality, and patient demographic data.
Clearly, the functionality and presentation of information
by the visualization application tool depends on the tasks
to be performed by the end user and the type of graphical
cues needed to represent the data.

Medical data and information can be visually repre-
sented in a variety of ways using 1-D, 2-D, 3-D, multidi-
mensional, temporal, hierarchical, and network graphical
forms. Simple linear 1-D representations of information
include a list of figures, text, or source code. The useful-
ness of visualizing 1-D data depends on the size of the
database and the complexity of the role performed by the
user in final data interpretation. 2-D representations con-
sist of displaying two primary attributes using conven-
tional bar graphs, (x,y) plots, and geographic maps. These
graphical techniques can be extended to 3-D feature
spaces for separating and classifying higher dimensional
data (Fig. 1). 3-D data representations such as rendered
surfaces and volumes are also used extensively in medical
applications to model the shape of internal organs, tissue,
fluid flow in vessels, and bone structures. Other visual-
ization applications attempt to create 3-D glyphs that help
the user navigate through information spaces displayed in
virtual-reality environments. Multidimensional informa-
tion visualization involves representing data with more
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Figure 1. An illustration of multivariate data displayed in 3-D
feature space.
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than three attributes, where each is to be displayed
equally.

Animated graphical displays are powerful time-based
visualization tools that enable analysts to observe the
physical changes in tissues and organs and explore the
medical histories of patients. Hierarchical data structures
are another method of visualizing information where each
item is given by a node or leaf in a tree. File systems and
knowledge databases are often displayed in this type of
graph visualization to simplify the process of tracking
through the large amount of data and searching for con-
nections between different pieces of information. In biol-
ogy and chemistry, hierarchical graphs are applied as
evolutional trees, molecular maps, genetic maps, biochem-
ical pathways, and protein functions. Other engineering
and information display applications include VLSI (very
large-scale integration) circuit diagrams, state-transition
diagrams, Petri nets, data flow diagrams, subroutine-call
graphs, entity relationship diagrams, semantic networks,
class browsers (object-oriented systems), compiler struc-
tures (data structures), document management systems,
and project management diagrams (PERT diagrams).

The efficiency of the visualization tool depends in large
part on how much information the observer is able to per-
ceive in the display and interpret correctly. Color is a com-
monly used visual cue that helps identify patterns in data.
Often, color coding involves mapping a data vector, attrib-
ute, or parameter to the dimensions of a perceptual color
space. It can greatly influence human interpretation of the
graphic form. Color scales can be generated by linearly
interpolating between a minimum and maximum value of
the three parameters of a color model: hue, saturation,
and intensity. It is recommended that the increments in
the color scale reflect seemingly equal increments in the
data range (6).

However, shape may be a more effective perceptual cue
than color when displaying small variations in the data.
Similar to color mapping, the original data vectors are
transformed into a 3-D surface or volume model. Each di-
mension corresponds to a shape parameter such as height,
length, or local shape distortion. Small variations in
height, length, size, and surface texture are far easier to
discriminate than minor changes in area or color (5). This
visual cue is commonly used in geometric projection meth-
ods where the data is displayed as a 2-D terrain map.
Furthermore, it can visually enhance localized details
while providing an overview of the global structure of
the data, for example, in fisheye views (7) and hyperbolic
trees (8), or reflect global patterns in glyph-based meth-
ods.

Data animation has also been used as a mechanism to
search for patterns hidden in the data. The movement of
graphical objects provides the user with additional insight
by displaying multiple cues in a common visual space.
Unlike color and shape cues, movement is more easily
perceived when the glyph appears in the observer’s pe-
ripheral vision field. Common animation methods for sci-
entific data visualization include Grand Tour,
iconography, and scalar visualization (9). The Grand
Tour method of data animation takes one parameter out
of the multidimensional data vectors, labels it as the time

variable, and then projects the remaining parameters onto
2-D planes in rapid succession according to the changes of
this new time parameter. The method provides simulta-
neous display of numerous features by encoding the data
as the smooth motion of scatterplots. A detailed discussion
on the taxonomy of motion attributes and guidelines on
how it serves as a visual cue can be found in the work by
Bartram (10).

Volume models of organs and anatomical structures
created by rendering 3-D medical image data are often
displayed as a sequential and temporal collection of spa-
tial data. These images may be presented as a continuous
sequence or, with additional shading and rotation, it is
possible to create an illusion of depth. In addition, color
cues within the same model may be changed over time to
reflect different parameters. In this context, time is used
as an additional dimension in the display, and the result-
ing effect is termed as time multiplexing. Thus, the ani-
mated display of the information will have a different
meaning at different instances of time, and will conse-
quently reflect different parameters of the data based on
the time scale.

2. SURFACE AND VOLUME RENDERING

3-D graphical forms based on surface and volume infor-
mation are used extensively in medical applications to
model the physical shape of internal organs, tissue, fluid
flow in vessels, and bone structures. Surface and volume
rendering techniques are commonly used in medical data
visualization because these methods from the computer
graphics and computer-aided design (CAD) provide a re-
alistic view of the bone, organ, or tissue shape. The surface
model is an infinitely thin shell that surrounds the space
occupied by the original object and contains no informa-
tion about the object’s interior. Complex free-form surfaces
found in biomedical applications are often modeled by po-
lygonal surfaces meshes or numerous low-order continu-
ous surface patches. The term patch is used to designate a
limited region of a larger surface. Patches are mathemat-
ically defined by a curve-bounded collection of points
whose coordinates are given by continuous two parame-
ter functions (11). Furthermore, color-coded rendered im-
ages can be easily created for enhanced visualization and
qualitative analysis. Volume rendering, on the other hand,
provides accurate information about both the exterior
shape and the internal characteristics of the anatomical
structure.

A polygonal mesh, such as in Fig. 2, approximates the
surface shape of an object by specifying a set of points in
space that identify the vertices of numerous flat, triangu-
lar, or quadrilateral faces. The process of creating a po-
lygonal mesh representation of the object is called
triangulation. The finer the mesh size of the surface en-
tities in a model, the longer the CPU time needed to con-
struct the entities and update the graphics display, and
the longer it will take to plot the surface model on the
monitor. However, the surface will never be truly smooth
but will always remain a facetted approximation of a free-
form shape. Meshed surfaces are used extensively in com-
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puter graphics and entertainment animation where math-
ematical accuracy of the shape is not the most critical is-
sue, rather the primary goal for these applications is to
produce the illusion of reality. Ray tracing algorithms are
used to add realism of shading and reflection on the po-
lygonal meshes so that they appear smooth and round.

Volume models approximate the shape of the anatom-
ical structure with a collection of primitive 3-D entities
such as cylinders, ellipsoids, spheres, or cubes. Spatial oc-
cupancy enumeration represents a 3-D solid object by nu-
merous spatial cells or volume elements called voxels. A
voxel is a cube of a predetermined size that lies in a fixed
spatial grid. An individual spatial cell is identified by the
coordinates of the voxel’s centroid in the grid. Each con-
stituent element in the grid is marked as either being full
or empty, showing the regions of space occupied by the
solid object being modeled. The smaller the size of the
cube, the more accurate the scheme is in representing
curved objects. In general, this solid modeling scheme pro-
vides a unique solution that is easy to validate; however, it
is computationally intensive. As modeling irregular sur-
faces requires almost an infinite number of tiny cubes, the
method is very memory-intensive. Nevertheless, the
method is very good at modeling irregular solids. In a
variation of this method, called cell decomposition, the cell
may be a distinctive shape, like a finite element mesh.

Volume models are used extensively in biomedical ap-
plications for visualization and preoperative surgical plan-
ning. Often, it is necessary to create the 3-D volume model
by piling up a sequence of 2-D sliced images. Furthermore,
interpolation of adjacent slices is usually needed to create
new intermediate slices for smooth solids because of the
spaces between the slices from the image acquisition sys-
tem. This problem occurs because the sampling interval
between the slices is normally greater than the generated
image resolution, resulting in voxels that are not cubic.
After interpolation, this size distortion is corrected, so that
the visualization algorithm will generate correct propor-
tion projections. Although the new volume model has more
slices than the original, it is not necessarily more accurate
because these new slices were produced from interpola-
tion. Recent methods in volume modeling have exploited

the flexibility of NURBS (NonUniform Rational B-Splines)
modeling with voxelized representations, and the results
are more accurate.

In some medical applications, such as computer-based
surgical simulation and training systems, the graphical
organ-force models must realistically respond to external
influences in real-time. Creating a realistic physics-based
model is a significant challenge because of the layered and
nonhomogeneous nature of soft organ tissue (12). Fur-
thermore, the models must exhibit the viscoelasticity, an-
isotropy, nonlinearity, and time-dependent properties of
natural organs. These surgical simulation systems are
further complicated by the algorithms used to mathemat-
ically describe the interaction between virtual haptic tools
and deformable tissue. The tool-tissue interactions gener-
ate dynamic and nonlinear behavior between neighboring
organs that are very difficult to simulate in real-time. The
two common approaches to creating force-reflecting organ
tissue models are particle-based and finite element-based
methods. The nodes in a particle-based model are con-
nected by springs and dampers. Each node is represented
by position, velocity, and acceleration and will move under
the influence of an external force provided from the virtual
haptic tool. On the other hand, finite element methods
create a deformable model by dividing the organ into nu-
merous surface or volumetric elements. The elements are
then assembled to compute the various deformation states
as the virtual organ experiences the external forces.

3. MULTIVARIATE DATA VISUALIZATION

Visualization of multidimensional multivariate data deals
with the visual display and analysis of the key relation-
ships that exist amongst the data vectors with multiple
parameters or identified factors. For large datasets, it is
possible to display limited portions of the data, and allow
the user to interactively navigate through the graphical
representation. A majority of the multivariate data anal-
ysis techniques are designed for special purposes such as
volume and vector field visualization. Others can be clas-
sified as techniques based on two-variate displays such as
2-D plots and line plots, multivariate displays that use
color graphics, and animation where time series is often
used to show two-way correlations. It is possible to map
the variates (or dimensions) onto graphical primitives of
different colors, sizes, shapes, and locations in the view
space. The visual display of all the dimensions and their
variates generates a representative texture pattern, un-
ique to the data, that can provide the analyst with critical
insights into the structure and content of the dataset.

The traditional 2-D point and line plots are early visu-
alization techniques for representing a small number of
variates or parameters. These graphical techniques are
modified for higher dimensional data by putting an array
of plots for the additional variate into one display. A com-
mon example of this approach is a scatterplot matrix. The
simultaneous display of all the dimensions in the data
vector generates a representative texture pattern, unique
to the dataset, which can provide the analyst with critical
insights into the data structure and content.

Rendered surface Tessellated surface mesh 

Figure 2. The tessellated mesh and rendered surface of the fe-
mur.
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Another common approach to multivariate data visu-
alization is to find a projection of the high-dimensional
data in a low-dimensional space such that the lower di-
mensional space reflects the important variances in the
data features. These geometric projection techniques
include exploratory statistical methods such as principal
component analysis, projection pursuit (13), factor analy-
sis, and multidimensional scaling (14). Geometric projec-
tion techniques also include parallel coordinate
visualization (15) where the k-dimensional space is
mapped onto the two display dimensions by using k equi-
distant axes parallel to one of the display axis. The various
projected axes correspond to the dimensions of the original
data vector and are linearly scaled from the minimum to
maximum value along a particular dimension. Each data
item is then presented as a polygonal line, intersecting
each of the axes at that point that correspond to the value
of the considered dimension.

Principal components analysis (PCA) is a widely used
statistical technique that reduces the dimensionality of
the data by forming linear combinations of its features.
PCA helps in identifying the most influential variables in
the multivariate dataset. These variables can then be used
as features in clustering, pattern recognition, and other
exploratory data analysis techniques in order to reveal
underlying structures embedded in the data. Independent
component analysis (ICA) is a variant of the PCA tech-
nique and is commonly used to decompose multichannel
EEG signals and Event-Related Potentials (ERP) (16,17).
Whereas the PCA method de-correlates the data, ICA
identifies direction vectors in the data-space onto which
the projections are independent. Although the idea is very
simple, both are powerful visualization techniques that
can reveal a wide range of data characteristics such as
different data distributions and functional dependencies.

Pixel-oriented methods (18) are also used in multiv-
ariate data visualization applications and involve map-
ping each data value to a colored pixel. These techniques
partition the screen into as many subwindows as there are
dimensions, or attributes, in the data and present the data
values for each attribute in a separate window. Three
main considerations in these methods include mapping
data to color, the arrangement of pixels in a subwindow of
an attribute, and the arrangement of the different sub-
windows or pixel maps on the screen in a manner that
reflects the associations between them.

If one pixel represents each data value, the main ques-
tion is how to best arrange the pixels on the screen. For
datasets with m attributes or vector dimensions, the
screen must be partitioned into m windows—one for
each identified attribute. As the pixel-oriented techniques
use only one pixel per data value, the techniques allow
visualization of the largest amount of data—up to 1 mil-
lion data values with current monitor technology. In ad-
dition, the pixel-oriented techniques use different
arrangements for different purposes. The analyst may
use a query-independent visualization technique that
sorts the data according to a specific attribute and uses
a screen-filling pattern to arrange the data values is each
subwindow. In the case of the query-dependent tech-
niques, an additional ðmþ 1Þth window is required for

the overall distance. Correlations, associations, or func-
tional dependencies between the different attributes are
detected by relating corresponding regions in the different
windows or pixel maps.

Icon or glyph visualization methods involve generat-
ing a graphical display by mapping novel features that
represent distinct or similar attributes onto the visual di-
mensions of a graphical primitive called a glyph. These
methods normally involve a one-to-one mapping between
the data and the visual attributes of the graphical form,
and are extensively used in vector data analysis and vi-
sualization to reflect temporal direction within shape con-
straints. Multiple glyphs can be presented and compared
within the same display space. These glyphs have been
used in medical applications to visualize temporal flow
patterns of fluids in the organs, such as monitoring blood
flow patterns, and to check for abnormalities in the func-
tioning of an organ, such as the kidney.

Glyphs may be either a 2-D (Fig. 3) or 3-D geometric
primitive (19,20). The Chernoff face (19) is the most famil-
iar method used to generate 2-D glyph representations
from numeric datasets. It is created by mapping the var-
ious elements of an N-dimensional feature vector to N fa-
cial characteristics such as the angle of the eyes, shape of
the face, and width of the nose. The star plot (20,21) is
another method that creates 2-D graphical representa-
tions of numeric data by representing individual elements
of a feature vector as equal angular spokes radiating from
the center of a circle. The tip of each spoke represents the
maximum value of the feature element found in all vectors
of the entire dataset, whereas the center of the circle rep-
resents the minimum value of that corresponding ele-
ment.

Stick figures (22), hedgehogs (23), directional arrows,
oriented glyphs, and stream-lines (24) or stream surfaces
(25) are a few other 2-D glyphs that have been used for
data visualization. A stick icon or glyph is generally a five-
limb figure whose limb angles are controlled by the differ-
ent attributes of the data. Smith et al. (26) present a two-
limb stick figure to visualize bivariate MRI data. Direc-
tional arrows, as the name implies, are a directional vec-
tor. Hedgehogs are directional line elements that are
scaled in proportion to the magnitude of the vector. An
oriented glyph is a 2-D or 3-D variant of the hedgehog
figure and uses geometric primitives such as cones or el-
lipsoids as the graphical element to encode information.
These figures provide an additional visual dimension that
can be used to encode information such as temperature,
velocity, or pressure along with directional information of
the vector at each point. A temporal phenomenon, such as
tracing the path of a particle over time by connecting the
point at different instances of time, can be visualized in
the form of stream-lines. Directional glyphs generally re-
flect global properties of the vector field. Stream tubes and
stream surfaces are used to visualize water diffusion in
biological tissues and thereby provide microstructural in-
formation.

One example of a 3-D glyph is the implicit surface
model approach introduced by Rohrer et al. (27) and ex-
plained in the context of visualizing identifiable relation-
ships that exist amongst text documents. The text phrases
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or terms that match the query statement are mapped onto
representative graphical shapes, and differences among
the text documents are viewed as variations in the glyph
shape. As a result, documents with similar themes exhibit
the same underlying shape.

Although glyph-based visualization methods are fairly
simple and easy to interpret, they are largely restricted by
the size of the dataset because it is necessary to define a
glyph at each required location in order to reflect the vec-
tor information at that point. A large dataset will render
the visualization meaningless because it will become dif-
ficult to clearly observe discrete variations in the glyphs.
The complexity in identifying variations among the differ-
ent visual cues in one glance, given a large number of
glyphs in the display, limits the levels of information that
can be encoded on the graphical primitive. Their imple-
mentation is, therefore, largely restricted by the size of the
dataset, dimension of the input space, and the size of the
basic primitive and result in loss of information in the
graphical transformation process.

4. EXPLORATORY CLUSTERING ALGORITHMS

Exploratory clustering methods assist the analyst in
interactively searching for meaningful patterns within
large high-dimensional datasets by reducing the volume
and dimensionality of data to a manageable size. These
techniques have been referred to as data grouping, clump-
ing, unsupervised pattern recognition, and cluster analy-
sis. The primary goal is to identify groups of similar
patterns that exist among the large mass of multivariable
data vectors by projecting them into a low-dimensional
space that reflects maximum variances or novel attributes
in the original data.

Unsupervised clustering has become a key technique
for data visualization. The most common approaches find
clusters that are disjoint or mutually exclusive, as opposed
to clusters that overlap due to clumping. After discovering
clusters within data, it is possible to reduce the number of
elements to be displayed by restricting the view to the
clusters themselves, which provides an overview of the
dataset or data structure and allows the observer to retain
a context while reducing visual complexity. Looking at
simpler and smaller clustered graphs enables the user to
better grasp the overall structure. If clustering is per-
formed by successively applying the same clustering pro-

Vectors to be represented by 2D glyphs
(a)

(b)

(c)

Facial caricature based on the Chernoff face parameters (19)

2D star plot (20)

x x1 x2 x3 x4 x5

x 1 2.5 3.0 1.0 3.0 3.0

x 2 1.0 2.0 1.5 1.5 3.0 
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Figure 3. Various 2-D glyphs used to enhance
the visualization of the multidimensional data
vectors given in (a). The corresponding Chern-
off faces and star plots are shown in (b) and (c),
respectively. (a) Vectors to be represented by 2-
D glyphs. (b) Facial caricature based on the
Chernoff face parameters (19). (c) 2-D star plot
(20).
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cess to groups discovered by the previous clustering oper-
ation, then the process is referred to as hierarchical clus-
tering. The hierarchical clustering results in a tree that
can be navigated by the user, with each cluster represent-
ing a node. In this fashion, a hierarchical clustering rou-
tine can induce a graph structure to the information
where no apparent hierarchical structure exists.

Most clustering algorithms seek to find a balance be-
tween the number of clusters and the number of data vec-
tors assigned to the cluster. A small number of clusters
allows for fast processing and navigation. However, the
number should not be too small because the visible infor-
mation content will become too low. In some situations it is
difficult to interpret the clustering results in the low-di-
mensional space, and therefore the clusters are mapped
back into the original input space for detailed study. Two
common exploratory clustering methods used to identify
groups of data vectors that form patterns in the data are
K-means clustering algorithm and Kohonen’s self-orga-
nizing feature map (28). K-means is a clustering algorithm
that finds groups of similar vectors that are represented
by their respective cluster center, which is computed as
the mean of the data vectors assigned to it. The self-orga-
nizing feature map (SOFM) is an unsupervised clustering
algorithm that searches for hidden patterns or relation-
ships by correlating data vectors and establishing an or-
dered topology for the cluster centers in the feature space.
Associations among the cluster centers and, consequently,
those among groups of similar data vectors are reflected in
the relative position of the nodes in the lattice of the
SOFM. Information about the relationship between sim-
ilar patterns extracted by these algorithms is either pre-
sented in the low-dimensional space, using standard
graphical plots such as scatter plots or terrain maps, or
are projected back into the input space.

Gross (29) discusses the visualization of topological as-
sociations between clusters extracted using Kohonen’s
self-organizing feature map algorithm implemented using
a grid with cubic topology. Pathological data is mapped
from an 18-D space to the 3-D RGB space. A texture-based
analysis of MR slices is performed to identify the spread of
the tumor based on tissue type. The network is trained on
only one pathological dataset, and the trained network is
then applied to the rest of the MR slices. This technique is
novel because it is able to generalize the clustering to
other similar datasets. The information extracted is su-
perimposed on a 3-D model of the skull. From a data cor-
relation perspective, the cubic topology of the feature map
provides a comparatively higher level of association of
vector similarities and dissimilarities than a 2-D map.

Ritter (30) extended the concept of 3-D self-organizing
feature map by introducing a SOFM with spherical topol-
ogy. The predefined spherical lattice with uniformly dis-
tributed nodes provides both symmetry and continuity to
the SOFM structure. The spherical topology provides a
closed self-organizing system that does not suffer from the
distortions and errors that commonly occur along the
boundary of traditional maps. However, visualization
and interpretation of the relationships between the clus-
ter units is done on a ‘‘flat space’’ in the form of a Poincaré
map. Although the spherical structure of the map was

used to obtain a high degree of data association, its pro-
jection onto a flat space restricted the number of visual
dimensions available for encoding additional quantitative
information (31).

Breast cancer data (32) is used to illustrate the appli-
cation of colorized glyphs for displaying and interpreting
multivariate data. The dataset consists of 683 fine needle
aspirate (FNA) tissue samples and is preclassified into two
categories: benign (C1) and malignant (C2) tissue samples.
Every FNA tissue sample is a vector consisting of nine
attributes: clump thickness, uniformity of cell size and
shape, marginal adhesion, single epithelial cell size, bare
nuclei, bland chromatin, normal nucleoli, and mitoses, all
of which need to be considered in order to make a correct
diagnosis. Each attribute is assigned a value on a scale of
1–10 by the pathologist, 10 indicating a very high proba-
bility of malignancy.

Data vectors are randomly selected and presented to a
spherical self-organizing feature map (31,32) consisting of
642 cluster units uniformly distributed on a tessellated
sphere. On completion of the training process, the spher-
ical lattice is deformed and color-coded to reflect informa-
tion about the physical phenomenon. Color is assigned
based on prior information about the two categories of
samples: yellow representing benign tissue samples and
red indicating malignant tissue. Distortions are intro-
duced using a metric representing the distance of a lat-
tice node from the center of all nodes. Figure 4 shows
several views of the graphical object created from the
breast cancer data. All the malignant tissue samples con-
tribute to the elevated red region in the resulting shape.
By maintaining a record of the inputs assigned to each
node in the lattice, it is possible to trace backward to those
vectors that contributed to significant changes in surface
shape or color, thereby indicating the presence of individ-
ual tissue samples that are unique in the dataset. A mis-
classified benign tissue sample is identified by the surface
color of the glyph shown in Fig. 5. A slightly above average
value (6.0) for clump thickness and a value of 10 for the
epithelial cell size in the feature vector appear to have
contributed to it being classified as malignant.

These methods can be used to assist medical staff in
making a diagnosis by discovering patterns in temporal
clinical data or in time-series voxel data that reflect re-
gions of abnormalities in the tissue or anatomy. Correla-
tions extracted are displayed by either mapping it back
into the input space, which is the anatomical image, or by
presenting it in the mapped space. Exploratory clustering
methods may also be used to distinguish between tissue
types and thereby identify pathological tissue from ana-
tomical in order to gauge the spread of the tumor. It is very
difficult to visually distinguish between the tissue types
and segment the data. A simple linear separation of the
grayscale values that results in changing the contrast of
the image hardly helps in segmenting pathological tissue
from anatomical because it is observed that fat tissue sur-
rounding the skull has the same intensity as the patho-
logical tissue. Furthermore, bones do not appear in the
image. Clustering techniques are therefore used to auto-
matically distinguish between the different types of tis-
sues.
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5. MEASURES OF EFFECTIVE VISUALIZATION

Perception is inherent in the visual interpretation of in-
formation and therefore, by definition, is a subjective and
qualitative process. Each observer may interpret the vi-
sual cues in slightly different ways—sometimes leading to
contradictions. A critical question, therefore, is how to
measure the effectiveness of a visualization method (33).
Brath (34) identified a number of measures or metrics for
assessing visualization techniques based on the empirical
observations while comparing similar visualization repre-
sentations. The metrics were based on the assumption
that the display is a static image of the scene with no di-
rect user interaction. These proposed metrics include the
number of data points and data density, bounds, dimen-
sion score, occlusion percentage, percentage of identifiable
points, and degree of complexity.

The number of data points relates to the number of
discrete values represented or made visible on the screen
at any moment in time, and the data density is the number
of data vectors mapped into each visual element. The met-
ric related to bounds indicates the lowest and the highest
number of data values that the visualization mechanism
can effectively handle. Dimension scoring is based on mea-
suring the effectiveness of mapping the input data to the
visual dimension. It may be N-to-one mapping, one-to-one
general mapping, one-to-one intuitive mapping, or a pre-
existing implied representation. The occlusion percentage
metric relates to the number of possible viewpoints that
can be created in order to allow a complete visual presen-
tation of the graphical object in the display. A more recent
trend in visualization methods is to make provision for an
intuitive, task-dependent interface to interact with the
graphical representation(s) thereby ensuring minimal oc-
clusion. The percentage of identifiable points refers to the

number of visible data values that can be identified with
respect to every other visible data value. This value is low
for unsupervised clustering algorithms because of the
many-to-one mapping that occurs during the formation
of the cluster centers.

Visualization techniques are commonly used to repre-
sent high-dimensional data. An effective multidimen-
sional multivariate data visualization strategy must try
to correlate information from as many dimensions as pos-
sible and accommodate it within a single 2-D or 3-D dis-
play. The degree of complexity is determined by identifying
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Figure 4. Multiple views of the same 3-D col-
ored glyph used to cluster 683 9-D data vectors
into two classes (benign and malignant). Vec-
tors assigned to the benign class (C1) are rep-
resented by the yellow facets, whereas those
associated with the malignant class (C2) are
shown as red.
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Figure 5. Visual identification of a misclassified data vector
based on the color cue.
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the number of dimensions that can be displayed simulta-
neously. According to the principles of small multiples (1),
increasing the number of dimensions that are simulta-
neously displayed not only makes it difficult to generate
suitable graphical representations but also increases the
level of cognitive complexity for the observer. As all the
elements in the input vector collectively constitute a sig-
nature for the data vector, it is essential that pattern as-
sociations hidden in the data vectors are extracted by
correlating all the input dimensions at the same time.

6. DATA VISUALIZATION IN MEDICINE

Clinical data is generally multidimensional and requires
assessment based on correlations of several parameters or
attributes in order to discover patterns. Every examina-
tion record consists of many attributes such as smoking
habits, drugs, allergies, medical history, and past treat-
ments. Patterns may be identified using the techniques
discussed earlier or by using special-purpose visualization
tools that combine clustering and projection methods with
provisions for query-dependent interactions at the visual
interface. Individuals with similar medical profiles are
identified and used to plan treatment strategies, thereby
assisting in the prognosis of an illness or disease. Typical
examples of such tools to analyze and visualize associa-
tions or patterns in the examination records of patients
are the Cube and SimVis techniques introduced by Falk-
man (35).

Lifelines (36) is another tool designed to present an
overview of the medical history of a patient in the form of
dots and horizontal lines using the concept of timelines
(1). For example, in the case of monitoring a drug treat-
ment over a period of time, the line will continue until the
patient is on the particular medication and will terminate
once the medication is stopped. Critical conditions such as
migraine headaches, seizures, and severe allergies are
highlighted in red. In this manner, the medical practitio-
ner can correlate information and identify problems such
as drug allergies or abnormalities in the physical or phys-
iological condition of a patient. Cousins and Kahn (37) also
use a browser based on the concept of timelines to visual-
ize temporal data but provide additional features to facil-
itate a query-dependent presentation of the temporal
information.

Clustering techniques have also been applied to fMRI
time-series data in order to identify similarities within the
activation patterns. fMRI, because of its high temporal
and spatial resolution, is an ideal method of mapping
rapid and fine activation patterns or time signals of the
human brain in response to stimuli. The information in
the anatomical images are grouped together by the clus-
tering algorithm and displayed as voxels. Similar activa-
tion patterns may be visualized in further detail by
mapping the correlated information embedded in a voxel
back into the original input image (38) or by using a graph
technique such as the minimum spanning tree (MST)
method (39). The display space may be interactive and
have provisions for the user to explore the temporal
changes of the graphical forms or original data. The

KNAVE system (40) is one system that facilitates the in-
teractive exploration and visualization of bone marrow
toxicity and measurements of platelet counts.

Visualization of inter-bone distances and ligament
paths in joints provides a noninvasive tool to explore hid-
den structures, constraints in joint mobility because of the
ligaments, and subtle kinematics in the joints thereby fa-
cilitating the study of normal anatomy and complex kine-
matics in joints, which will consequently assist to study
changes in the joint kinematics because of injury or dis-
orders in the joints such as rheumatoid arthritis, carpel-
tunnel syndrome, and tears in the inter-carpel ligament.

Inter-bone distances, contact areas between bones and
ligament paths in articular joints, can be visualized using
implicit surface models or parametric representation mod-
els of the bones approximated from segmented CT scans.
The calculated inter-bone representations are reflected in
the surface models of the bone in the form of color maps
and iso-contours. The distances are calculated from every
vertex of the surface model of one bone to the vertices in
the neighboring bone. Thus, every vertex has an associ-
ated distance map, which is updated for each frame in the
sequence of joint kinematics. Whereas distance values are
reflected in the varying saturations of color, wherein
shorter distances correspond to higher saturation values,
constant distance maps in the contact area can be visual-
ized using contour lines.

Flow simulation assists the analyst in visualizing fluid
or blood flow patterns in the human anatomy. The intro-
duction of magnetic resonance imaging has resulted in
new techniques to acquire diffusion tension data from bi-
ological tissues, and thereby provide information on the
directional dependence of water molecules as they move
within the tissues. Diffusion occurs at different rates, and
its directional dependence can be determined by a second-
order tensor that is represented by a 3 � 3 real-valued
symmetric matrix. Discrete brush strokes and streamlines
are other common methods used for tensor visualization.
Whereas brush strokes enable the visualization of fluid
flow by drawing lines to reflect the direction of diffusion,
streamlines create a surface to represent the path. Its
cross section indicates the remaining two eigenvectors and
associated eigenvalues. A possibility exists that the visual
representation may appear to be clustered because of sev-
eral ellipsoids or several streamlines packed together
within the display, which can be avoided by employing a
3-D rendering of the tensor field. A recent approach is to
represent the diffusion tensor matrix as an ellipsoid whose
major, medium, and minor axes are along the three eigen-
vectors of the matrix. These axes are then scaled in pro-
portion to their respective eigenvalues. Attributes of the 3-
D graphical forms such as color, light, and opacity can
then be used to reflect not only directional information of
the tensor, but also additional relative information about
the changes in diffusion rates or the anisotropic properties
of the tensor field (41). For example, while trying to un-
derstand the structure of the brain it is possible to avoid
occlusion of important internal structures by assigning a
low opacity value to the gray matter on its exterior.

Figure 6 illustrates an example of pulsatile flow pat-
terns through the carotid artery (42). This figure first
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presents the velocity profiles at various stages during the
flow along the length of the artery and the same when vi-
sualized using streamlines. It then shows how the same
information when mapped to color can enhance the mean-
ing incorporated in the visual display. Whereas the graph-
ical plot of velocity profiles provide an indication of reverse
flow along the cross section of the artery, a color map of the
same provides a complete visual of the flow pattern along
the length of the carotid artery. The different shades of
blue reflect regions of reverse flow. It is observed that the
flow pattern is not as clearly apparent when streamlines
are used.

Human movement visualization techniques primarily
involve stick figures to visualize human joint kinematics.
Spatial data on inter-joint coordination is collected using
commercial video- or opto-electric sensor-based motion
analysis software. These commercial systems provide a
means to link the joints and create a stick figure repre-
sentation of the individual, thereby simplifying the visu-
alization of human kinematics (Fig. 7).

7. FUTURE DIRECTIONS IN MEDICAL VISUALIZATION

Emerging technologies such as virtual reality (VR) pro-
vide a natural and intuitive means to interactively ma-
nipulate 3-D graphical forms and quickly extrapolate
relationships between complex multidimensional datasets
because this group of technology provide enhanced feed-
back gained by peering around objects, looking at them

from within, or handling them. A significant contribution
of this innovative technology is in being able to easily
combine and manipulate data from various different for-
mats. The use of VR in the medical community has evolved
in the following categories: surgical training and plan-
ning; modeling and nonsurgical training; telesurgery and
telemedicine; rehabilitation engineering; and behavioral
education (43).

VR technology provides a 3-D time-varying display me-
dium for a realistic, interactive training workstation from
which surgeons can easily simulate a specific surgical pro-
cedure for demonstration and instructional purposes. Pro-
spective medical students and surgeons in training can
learn how to handle unusual and emergency situations
during complex surgical procedures by conducting virtual
experiments that replicate hazardous and life-threatening
situations. Geometric models of anatomical structures
also assist in nonsurgical training as a study guide or in-
structional aid wherein a student is able to download an-
atomical structures, interactively explore it by navigating
through the 3-D space, and learn anatomical relationships
through a guided tour while also being able to access other
supporting resources such as images, diagrammatic rep-
resentations, and detailed descriptions of the structures.
Such an instructional aid is beneficial not only to medical
students and surgical residents but also to school teach-
ers.

A near realistic experience is realized by modeling an-
atomical data using surface or volume rendering tech-
niques, simulating flow properties using glyph-based

(a)
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Figure 6. Flow visualization in the carotid ar-
tery using graphical velocity plots, stream-
lines, and color mapping (42). (a) Velocity
plots. (b) Streamlines. (c) Color mapping.
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methods, and later identifying similar patterns or charac-
teristics using exploratory clustering techniques. Medical
instruments can be simulated using external haptic de-
vices or virtual surgical tools. Physical properties such as
the behavior of an organ or bone structure in response to
the virtual surgical tools, although complicated, can be
simulated using various collision detection methods and
direct deformable methods.

Through telesurgery and telemedicine, the medical
community is trying to gain access to remote areas and
be able to perform a surgery in time without having to be
present in the operating room. So, the surgeon is essen-
tially performing the surgery on the patient but is not
physically present in the same room as the patient. A vir-
tual reality rehabilitation workstation will serve as a
training center to individuals with disabilities to assist
them in learning to use specially designed assistive de-
vices and, at times, to relearn physical movements
through the real-time visual feedback facilitated by the
technology. Researchers at the Human Interface Technol-
ogy Laboratory at the University of Washington, along
with the University’s Department of Rehabilitation Med-
icine and the San Fransisco Parkinson’s Institute, are us-
ing virtual imagery to simulate normal walking behavior

in a kinetic Parkinson’s patient. The team developed an
approach that helped them to extract near-normal walk-
ing by presenting moving virtual images of objects and
abstract visual cues at speeds that emulates normal walk-
ing by creating an illusion of space-stabilized visual cues
at the patient’s feet. The virtual reality technology is,
therefore, increasingly gaining a therapeutic appeal in the
area of rehabilitation. Besides these implementations, it is
also being explored as an illusionary pain-relieving alter-
native in burn rehabilitation (44) and in simulating train-
ing environments in virtual reality-based rehabilitation
studies that examine correlates between cognitive ability
(45) and motor function (46).

Medical data visualization is evolving rapidly along
with the recent advances in computing hardware and 3-D
graphic rendering tools. The changing technology not only
allows large volumes of data to be graphically represented,
thereby enhancing the communication between different
health-care professionals, but it also provides a tool for
another level of analysis that may lead to the discovery of
new patterns in the data or provide a unique interpreta-
tion of the data for a more detailed understanding of the
underlying phenomena.

Time

Joint
Angle

Time

Velocity

x

y

z Figure 7. An illustration of a visualization
tool for determining skeletal gait.

DATA VISUALIZATION 11



BIBLIOGRAPHY

1. E. Tufte, The Visual Display of Quantitative Information.
Cheshire, CT: Graphics Press, 1983.

2. J. Tukey, Exploratory Data Analysis. New York: Addison-Wes-
ley Publishing Company, 1977.

3. W. S. Cleveland, Visualizing Data. Summit, NJ: Hobart Press,
1993.

4. A. J. Wise, Change as a concept in information system theory,
Ph.D. thesis, The University of Pittsburgh, Pittsburgh, PA,
1977.

5. W. S. Cleveland and R. McGill, Theory, experimentation and
applications to the development of graphical methods. J. Am.

Statist. Assoc. 1984; 79(387):531–554.

6. D. A. Keim and H-P. Kriegel, Issues in visualizing large da-
tabases. Proceedings of the 3rd IFIP 2.6 Working Conference
on Visual Database Systems, 1995: 203–214.

7. M. Sarkar and M. Brown, Graphical fisheye views. Commun.

ACM 1994; 37(12):73–84.

8. J. Lamping, R. Rao, and P. Pirolli, A focus þ context tech-
nique based on hyperbolic geometry for visualizing large hi-
erarchies. Proceedings of ACM CHI Conference on Human
Factors in Computing (CHI 95), New York: ACM Press, 1995:
401–408.

9. P. C. Wong and R. D. Bergeron, 30 years of multidimensional
multivariate visualization. In: G. M. Nielson, H. Hagen, and
H. Müller, eds., Scientific Visualization: Overviews, Method-

ologies, Techniques. Piscataway, NJ: IEEE Computer Society
Press, 1997.

10. L. Bartram, Perceptual and Interpretive Properties of Motion
for Information Visualization. Technical Report CMPT-TR-
1997-15, School of Computing Science, Simon Fraser Univer-
sity, 1997.

11. J. Hoschek and D. Lasser, Fundamentals of Computer Aided

Geometric Design. Wellesley, MA: A.K. Peters Ltd., 1993.

12. S. Cotin, H. Delingette, and N. Ayache, Real-time elastic de-
formations of soft tissues for surgery simulation. IEEE Trans.
Visualization Computer Graph. 1999; 5(1):62–73.

13. J. Friedman and J. W. Tukey, A projection pursuit algorithm
for exploratory data analysis. IEEE Trans. Computers 1974;
C-23(9):881–889.

14. R. O. Duda, P. E. Hart, and D. G. Stork, Pattern Classification.
New York: John Wiley and Sons, 2000.

15. A. Inselberg and B. Dimsdale, Parallel coordinates: a tool for
visualizing multidimensional geometry. Proc. IEEE Visual-

ization 1990: 361–378.

16. T-P. Jung, S. Makeig, M. J. McKeown, A. J. Bell, T-W. Lee, and
T. J. Sejnowski, Imaging brain dynamics using Independent
Component Analysis. IEEE Proc. 2001; 88(7):1107–1122.

17. J. Anemuller, T. J. Sejnowski, and S. Makeig, Complex inde-
pendent component analysis of frequency-domain EEG data.
Neural Networks 2003; 16(9):1311–1323.

18. D. A. Keim, Designing pixel-oriented visualization tech-
niques: theory and applications. IEEE Trans. Visualization

Computer Graph. 2000; 6(1):59–78.

19. H. Chernoff, The use of faces to represent points in k-dimen-
sional space graphically. J. Am. Statist. Assoc. 1973;
68(342):361–368.

20. J. M. Chambers, W. S. Cleveland, B. Kleiner, and P. A. Turkey,
Graphical Methods for Data Analysis. Belmont, CA: Wads-
worth, 1983.

21. U. Fayyad, G. G. Grinstein, and A. Wierse, Information Visu-

alization in Data Mining and Knowledge Discovery. CA: Mor-
gan Kaufmann Publishers, 2002.

22. R. M. Pickett and G. G. Grinstein, Iconographics displays for
visualizing multidimensional data. Proceedings of IEEE In-
ternational Conference on Systems, Man and Cybernetics,
PRC, Beijing and Shenyang, 1988: 514–519.

23. R. Klassen and S. Harrington, Shadowed hedgehogs: a tech-
nique for visualizing 2D slices of 3D vector fields. Proceedings
of IEEE Visualization, 1991: 148–153.

24. S. Bryson and C. Levit, The virtual windtunnel: an environ-
ment for the exploration of three-dimensional unsteady flows.
Proceedings of IEEE Visualization, 1991: 7–24.

25. J. van Wijk, Implicit stream surface. Proceedings of IEEE Vi-

sualization, 1993: 245–252.

26. S. Smith, G. G. Grinstein, and R. D. Bergeron, Interactive
data exploration with a supercomputer. In: G. M. Nielson and
L. Rosenblum, eds., Proceedings of IEEE Visualization, Los
Alamitos, CA: IEEE Computer Society Press, 1991.

27. R. M. Rohrer, J. L. Sibert, and D. S. Ebert, A shape-based vi-
sual interface for text retrieval. IEEE Computer Graph. Ap-

plications 1999; 19(5):40–46.

28. T. Kohonen, Self Organizing Maps. New York: Springer, 1997.

29. M. Gross, Visual Computing: The Integration of Computer

Graphics, Visual Perception and Imaging. Berlin: Springer-
Verlag, 1994.

30. H. Ritter, Self-organizing maps on non-Euclidean spaces. In:
E. Oja and S. Kaski, eds., Kohonen Maps. Amsterdam, The
Netherlands: Elsevier Science, 1999, pp. 97–109.

31. A. Sangole and G. K. Knopf, Visualization of randomly or-
dered numeric data sets using spherical self-organizing fea-
ture maps. J. Computers Graph. 2003; 27:963–976.

32. C. L. Blake and C. J. Merz (1998). UCI Repository of Machine

Learning. University of California, Department of Informa-
tion and Computer Science, Irvine, CA. (online). Available:
http://www.ics.uci.edu/Bmlearn/MLRepository.html.

33. H. Rushmeier, Perceptual measures for effective visualiza-
tion. IEEE Proceedings of Visualization’97 (Discussion pa-
nel), Oct. 19–24, 1997: 515–517.

34. R. Brath, Concept demonstration: metrics for effective infor-
mation visualization. Proceedings of the IEEE Symposium on
Information Visualization, 1997: 108–111.

35. G. Falkman, Information visualization in clinical Odontology;
multidimensional analysis and interactive data exploration.
Artific. Intell. Med. 2001; 22:133–158.

36. C. Plaisant, R. Mushlin, A. Snyder, J. Li, D. Heller, and B.
Shneiderman, Lifelines: using visualization to enhance nav-
igation and analysis of patient records. Proceedings of the
American Medical Informatics Association Annual Fall Sym-
posium (AMIA), 1998: 76–80.

37. S. B. Cousins and M. G. Kahn, The visual display of temporal
information. Artific. Intell. Med. 1991; 3(6):341–357.

38. K. H. Chuang, M. J. Chiu, C. C. Lin, and J. H. Chen, Model-
free functional MRI analysis using Kohonen clustering neu-
ral network and fuzzy C-means. IEEE Trans. Med. Imag.
1999; 18(12):1117–1128.

39. R. Baumgartner and R. Somorjai, Graphical display of fMRI
data: visualizing multidimensional space. Magnetic Reso-

nance Imaging 2001; 19(2):283–286.

40. S. L. Van Sint Jan, G. J. Clapworthy, and M. Rooze, Visual-
ization of combined motions in human joints. IEEE Computer

Graph. Applications 1998; 18(6):10–14.

12 DATA VISUALIZATION



41. G. Kindlemann and D. Weinstein, Hue-balls and lit-tensors
for direct volume rendering of diffusion tensor fields. Proceed-
ings of IEEE Visualization, 1999: 183–189.

42. R. Gin, Numerical modeling of the carotid artery bifurcation
with a mild stenosis. Masters thesis, The University of West-
ern Ontario, 2000.

43. W. J. Greenleaf and T. Piantanida, Medical applications of
Virtual Reality technology. In: J. D. Bronzino, ed., The Bio-

medical Engineering Handbook, 2nd ed. Boca Raton, FL:
CRC Press, 2000.

44. H. G. Hoffman, Virtual-reality therapy. Scientif. Am. 2004;
291(2):58–65.

45. P. J. Standen and D. J. Brown, Virtual reality in the rehabil-
itation of people with intellectual disabilities: review. Cyber-
psychol. Behav. 2005; 8(3):272–282.

46. M. K. Holden, Virtual environments for motor rehabilitation:
review. Cyberpsychol. Behav. 2005; 8(3):187–211.

DATA VISUALIZATION 13



DEFIBRILLATION

AMY DE JONGH CURRY

The University of Memphis
Memphis, Tennessee

ROBERT A. MALKIN

Duke University
Durham, North Carolina

1. DEFIBRILLATION DEFINITION

One leading cause of death in the United States is sudden
cardiac death, often called cardiac arrest or a massive
heart attack (1). Death results from a lack of blood flow
when the heart stops beating. The heart stops beating
because the normally carefully choreographed electrical
impulses become uncoordinated. This uncoordinated, ap-
parently random, electrical activity is known as fibrilla-
tion. Reversion of fibrillation to any other, more organized
electrical pattern, or rhythm, is called defibrillation.

Cardiac arrest results from ventricular fibrillation
(VF), the word ‘‘ventricular’’ referring to the lower two
chambers of the heart. Ventricular fibrillation is a self-
sustaining phenomenon with many possible causes. The
most common cause is thought to be related to ischemia
and infarction in regions of the heart where blood flow has
been compromised (2). However, extended electrical sti-
mulation (3), brief electrical stimulation in the vulnerable
period of the cardiac cycle (4), drug overdose, hypother-
mia, and asphyxiation caused by drowning are also com-
mon causes. No matter what the cause, VF rarely self-
terminates in humans. If it is not treated promptly, VF is
fatal.

However, the top two chambers of the heart can also
suffer fibrillation, which is called atrial fibrillation (AF).
AF is the most common electrical disturbance of the heart.
AF may have the same causes as VF or may be self-
promoting (5). No matter what the cause, doctors diagnose
AF more often, at least in part, simply because AF is not
fatal. Rather, AF leads to dizziness, or in some cases, the
patient may even be asymptomatic. In addition to the
causes shared with VF, AF can also be caused by pulmon-
ary myocytes that act erratically (6).

Historically, there are two approaches to defibrillation,
chemical and electrical. The chemical approach requires
administering a large bolus of a depolarizing salt solution,
such as KCl or another agent, directly into the ventricles
(7). The heart was massaged to first distribute the agent,
achieving the defibrillation, and then massaging was
continued to flush out the agent. However, this is rarely
practiced today because it requires direct access to the
ventricles and has a low success rate (8).

Rather, the most common approach to defibrillation is
electrical. This technique requires passing a sufficient
amount of electrical energy (30–300 J) through the ven-
tricles for approximately 10ms. Because of the relatively
high powers required, the defibrillation shock can be
painful (9), damaging (10,11), and psychologically trau-
matizing (12).

If the electrical shock is applied soon after VF starts,
either directly to the heart or indirectly to the heart across
the thorax, electrical defibrillation can be nearly 100%
successful at terminating VF (13). Because of the lack of
blood flow associated with VF, it rapidly becomes more
difficult to defibrillate, success rates dropping as much as
10% per minute (14). Fifteen minutes after cardiac arrest,
the success rate for defibrillation has dropped to only 10%
(15). After such long VF periods, even when defibrillation
is successful (converting VF to some more organized
rhythm), the chances of survival to hospital discharge
are only 50/50 (16).

Patients with AF have considerably better prognoses,
because blood continues to flow, despite the presence of
AF. Patients often remain in AF for days, weeks, or even
months. AF can usually be terminated with transthoracic
defibrillation. However, there is an increased risk of stroke
when AF is terminated, as blood can pool and clot in the
atrial appendages (17). Even when terminated, AF is self-
promoting, i.e., the chances that the patient will reenter
AF grow with the duration of the AF (5).

For transthoracic atrial defibrillation, the patient is
lightly sedated (because blood is flowing, the patient is
otherwise conscious during AF). If the atrial defibrillation
shock was to land in the ventricular vulnerable period, it
might initiate VF. So, the defibrillating shock is synchro-
nized to the ventricular activity. Typically, electrodes are
placed on the front and back of the thorax (18) and
approximately 260 J are delivered to the patient. After
several attempts, the physician can either reposition the
electrodes (19–21) or more commonly move to a more
invasive technique. Between 20% and 30% (22,23) of
patients that undergo transthoracic atrial defibrillation
cannot be successfully defibrillated with maximum energy
levels, standard electrode placements, and standard wave-
forms. These patients must then be subjected to the
invasive procedure of catheterization for internal cardio-
version (24).

In some patients, AF is a recurring problem. In addi-
tion, some patients have more severe symptoms from AF,
which can include fainting. In these cases, it is now
possible to implant a manual or automatic (25) atrial
defibrillator in the patient. With catheter-borne electrodes
placed in the heart, the implanted defibrillator waits until
it detects AF, and then delivers a rescuing shock. This
technique does not enjoy wide acceptance, probably be-
cause the shock is painful (26), and for most people, the
symptoms of AF can be tolerated.

Pain is not a consideration for VF, because the patient
is usually unconscious by the time the shock is delivered.
However, not all VF is spontaneous. VF commonly follows,
or is even induced during, open-chest heart surgery,
especially if the surgery involves bypass. In these cases,
the heart is directly defibrillated with spoon-shaped pad-
dles applied across the ventricles (8). Around 30 J is
typically sufficient to accomplish direct cardiac defibrilla-
tion. Defibrillation is nearly 100% successful in these
situations.

Although direct, electrical defibrillation was considered
the best treatment for VF at one time, the advent of DC
defibrillators considerably increased the success rate for
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transthoracic defibrillation (8). The use of cardiopulmon-
ary resuscitation (CPR) techniques now gives the practi-
tioner time to make several attempts at transthoracic
defibrillation (14). There is also a clear hesitancy by
nonsurgeons to perform an emergency thoracotomy. The
combination of these factors has led to nearly all emer-
gency defibrillation being attempted by external, electrical
means.

Because the success rate for defibrillation drops so
quickly with time (16), it is now accepted that defibrilla-
tors should be widely available. Until recently, access to
defibrillators was restricted to medical doctors. However,
the advent of automatic external defibrillators (AEDs)
(27–29) has made these devices extraordinarily common.
AEDs can be found in stadiums, shopping mall, airplanes,
and with policemen and firemen (30,31). Automatic ex-
ternal defibrillators operate under the same principles as
nonautomatic defibrillators (the equipment for defibrilla-
tion is described elsewhere). However, instead of requiring
a physician to determine that VF is underway, the device
can detect VF and therefore only deliver shocks when they
are appropriate. A shock of 200–300 J is delivered for each
attempt.

For patients at great risk for VF, or who have survived
a VF episode, it is possible to implant a fully automatic
defibrillator (32–35). The device is placed in a pocket
under the skin on the chest. The electrodes are catheter-
borne, leading from the device to the heart through veins.
Typically 10–30 J of energy is sufficient to terminate the
detected VF.

2. DEFIBRILLATION THEORY

Although electrical defibrillation is now widely practiced,
the mechanism by which a strong electrical shock can stop
fibrillation is still not understood. Defibrillation may fail
because it does not extinguish a sufficient amount of
fibrillatory activity (critical mass hypothesis) or because
it creates new fibrillatory patterns (upper limit of vulner-
ability and deexcitation). A combination of the critical
mass and upper limit of vulnerability hypotheses may be
required to understand defibrillation. Experimental re-
sults and basic electrophysiologic theory suggest that a
few length constants into a homogeneous tissue, the
defibrillation pulse should have no affect on the trans-
membrane potential (36). Yet, the shock must change the
transmembrane potential. Several theories explain how
an electrical stimulus can alter the transmembrane po-
tential of tissue several centimeters away. A final area of
defibrillation theory that is poorly understood is the
strong dependence on the temporal pattern, or waveform,
of energy delivery. For example, truncating the exponen-
tial decay from a capacitor increases the probability of
defibrillating, despite the fact that less energy is deliv-
ered. Each of these three areas, defibrillation mechanisms,
distant tissue effects, and waveform, are considered in
detail in the following sections.

2.1. Critical Mass Hypothesis

In a seminal paper, Zipes et al. (37) depolarized portions of
the fibrillating myocardium by selectively perfusing the
tissue with potassium chloride. When only a small per-
centage of the tissue was perfused, defibrillation did not
occur. If, however, a critical mass of the tissue was
depolarized, fibrillation ceased. This has become known
as the critical mass hypothesis (38): In order to stop
defibrillation, you must depolarize a critical mass of
tissue.

An equivalent experiment for electrical defibrillation is
technically challenging. However, Zhou et al. attempted to
nullify the electric field in a small region of myocardium
(39). They found that it is necessary to raise more than
95% of the tissue above some critical electric field strength
(5–10V/cm) to defibrillate. However, the electric field
nullification approach has not been reproduced. The cri-
tical value for the electric field has been explored in
conjunction with the upper limit of vulnerability hypoth-
esis (more about this hypothesis below) and has been
reported to be 8V/cm (40,41).

Despite the limitations of the experimental evidence,
the critical mass hypothesis is probably the most widely
cited theory for the electrical defibrillation of the heart.
Modeling work will often assume that defibrillation will be
successful if more than 95% of the tissue is raised above
8V/cm for defibrillation (42,43). The corollary, that critical
mass of tissue that must be available to support fibrilla-
tion, has spawned a theory for the failure of small hearts
to sustain fibrillation (44,45).

Although most of the attention has been focused on the
cessation of electrical activity by depolarizing excitable
tissue, a supplemental mechanism might be the extension
of the refractory period (the period during which a cell is
not affected by a stimulus). The defibrillation shock can
extend the refractory period (RPE) of already excited
myocardium (46). If the RPE is widespread, fibrillation
could conceivably be abolished by this mechanism alone.
There is considerable experimental evidence that a defi-
brillation shock extends the refractory period of some
myocardium. Optical mapping has shown refractory per-
iod extension when the entire heart is shocked (46).

In addition to extending the refractory period of active
cells, a defibrillation shock can de- or hyperpolarize active
cells (47,48). Experimental support for the deexcitation
concept is extensive. In one interesting approach, defibril-
lation has been shown to cause immediate dilatation in
dogs (49) and humans (50). Immediate dilatation may
result from deexcitation in the bulk of the myocardium.
However, direct measurements on cells (51), tissues (52),
and the heart (53) have also confirmed the existence of
deexcitation. Although deexcitation by itself is not hy-
pothesized to cause defibrillation, it may play a role in
extinguishing existing wavefronts. However, extinguish-
ing wavefronts is not the only mechanism hypothesized
for defibrillation.

2.2. Upper Limit of Vulnerability

Another possible explanation for defibrillation is related to
the fact that, within limits, a stimulus given in the
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vulnerable period of the myocardium can initiate fibrilla-
tion. If the stimulus is either too strong, or too weak,
fibrillation is not initiated. Therefore, it is conceivable that
defibrillation fails because it reinitiates fibrillation via the
vulnerable period mechanism (40). In other words, the
upper limit of vulnerability hypothesis states that defi-
brillation succeeds when the shock strength is high en-
ough that it cannot reinitiate fibrillation. The lowest shock
strength just high enough to not initiate fibrillation when
delivered in the vulnerable period is called the upper limit
of vulnerability (ULV).

The mechanism by which the stimulus shock causes
fibrillation is not certain. Frazier et al. (54) showed that a
critical point is formed when the refractoriness of the
tissue and the strength of the shock are both at critical
values. Around this critical point, fibrillation can be in-
itiated. More recently, however, Efimov et al. have sug-
gested that the shock can form a phase-singularity around
which reentry may be initiated (55). In this approach, the
conduction velocity may increase or slow at the virtual
electrode site of initiation depending on the strength of the
shock. Stronger shocks lead to higher conduction velocity,
which tends to prevent reentry, as the wavefront is ex-
tinguished when it encounters tissue that has not had a
chance to repolarize (53).

There is considerable experimental data to support the
ULV hypothesis. The stimulus that is strong enough to
defibrillate (the defibrillation threshold, or DFT) is highly
correlated with the ULV in dogs (56), pigs (57), and hu-
mans (58). It has been suggested that implantable defi-
brillators could be programmed by taking advantage of
this correlation, using limited (59), or no (60) episodes of
VF. Rapid cellular activation, mimicking VF, tends to
increase the ULV, which makes it even closer to the DFT
(4).

3. FIELD EFFECT AT A DISTANCE THEORY

Experimental results and basic electrophysiologic theory
suggest that a few length constants into a homogeneous
tissue, the defibrillation pulse should have no affect on the
transmembrane potential (36). Yet, defibrillation theories
require the shock to change the transmembrane potential
far from the electrode.

Theories to explain the far-field effects have included
fiber curvature (61–64), anisotropic ratio of intracellular
to extracellular conductivities (virtual electrodes) (64,65),
syncytial heterogeneities (cell volume variance) (66), high-
resistance coupling of cardiac cells (gap junctions) (67),
microscopic intercellular clefts (connective tissue) (68),
and directional changes in the applied electric field
(62,63). These studies encompass in vitro experiments as
well as computational modeling at the cellular, tissue, and
whole heart levels. A few of the more prominent ideas are
discussed in detail here.

3.1. Virtual Electrodes

The shock-induced effects near extracellular electrodes
are intuitive: Cardiac cell membranes are hyperpolarized
near the anode and depolarized near the cathode. At a far

distance (greater than a few millimeters) from the anode-
induced hyperpolarization and cathode-induced depolar-
ization, the shock-induced effect changes such that regions
of opposite polarization are produced adjacent to each
other. This far-field effect, termed by some investigators
as virtual electrode polarization (VEP), has been hypothe-
sized to be responsible for both the success and the failure
of defibrillation (69,70). In vitro experiments have shown
that VEP occurs on the epicardial surface during defibril-
lation (71). The spatial scale of the regions of depolariza-
tion and hyperpolarization on the epicardial surface
depends on the location of the defibrillating electrodes,
i.e., external or internal (71,72). Computational studies
have suggested that VEP also occurs throughout the
myocardium during both external and internal defibrilla-
tion (72,73).

3.2. Fiber Curvature

The effect of fiber curvature in field stimulation has been
investigated in passive bidomain models of a spherical
shell heart (64,74) and an ellipsoidal heart with trans-
mural rotation of fibers (65). In these models, the fiber
directions are specified to follow the longitudes of the
geometry. The results of these studies agree that the
nature of the curvature of the fibers, such as the radius
of curvature in the spherical model, determines the loca-
tion and shape of the regions of polarization. Entcheva et
al. (65) also showed that the presence of transmural fiber
rotation increased the magnitude of the change in trans-
mural polarizations. Each of these model studies requires
the ratios of longitudinal to transverse conductivity values
for the intra- and extracellular spaces to be unequal
(unequal anisotropy ratio) for polarizations to occur in
the bulk of the tissue. Equal anisotropy ratios produce
polarizations only on the epicardial and endocardial sur-
faces, or the boundaries of the tissue (64,65).

In contrast to these passive models, Trayanova and
Skouibine (61) have examined the effect of fiber curvature
in an active bidomain model of a two-dimensional (2-D)
cardiac sheet. In this model, reentrant spiral waves were
initiated and then monophasic shocks were delivered from
parallel-line defibrillation electrodes at the top and bottom
of the tissue. For strong monophasic shocks, the results
showed that spiral waves were terminated by shock-in-
duced VEP via anode-break excitation.

Related to fiber curvature is the study of fixed fiber
orientation with directional changes in the applied electric
field (62,63). In an isolated rabbit heart study, Knisley et
al. (62) determined fiber directions on the anterior epicar-
dial surface and optically recorded extracellular potentials
from electric fields produced by uniform and nonuniform
electrode pairs. The nonuniform electrodes induced larger
regions of opposite polarization compared with the uni-
form electrodes on the anterior epicardium where fiber
directions varied from apex to base and right to left. In an
idealized ellipsoidal heart with transmural fiber rotations,
Entcheva (63) varied the orientation of the electrical axis
of stimulation and showed that regions of opposite polar-
ization occurred along an axis different from the axis of the
applied electric field. In these studies, in which the fiber
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orientation is constant and the applied field changes, the
investigators show that patterns of VEP are modulated by
the orientation of the applied field to the cardiac fibers or
by the uniformity of the applied field.

3.3. Heterogeneity

The effect of intercellular gap junctions has been investi-
gated by Sharma and Tung (67) in isolated guinea pig cell-
pairs using both an experimental and a theoretical ap-
proach. Both approaches showed a discontinuity in trans-
membrane potential across the gap junction during field
stimulation; however, a reversal in polarization was only
observed when the gap junctional resistance was below a
critical value. This critical value was theoretically pre-
dicted to be approximately 18MO given the experimen-
tally recorded transmembrane potentials. The reversal in
polarization across the gap junction was first predicted by
Plonsey and Barr (75) with a linear cardiac cell model and
was called the ‘‘sawtooth effect.’’ A few other multicellular
studies have attempted to measure this sawtooth effect
(76,77), but Sharma and Tung (67) are among the few
investigators to experimentally observe it.

The effect of microscopic intercellular clefts or regions
of nonconductive tissue have been studied in a multi-
cellular preparation. Fast et al. (68) created intercellular
clefts of collagen throughout a cultured cell monolayer of
neonatal rat myocytes and showed that regions of opposite
polarization were produced on opposite sides of the clefts
after defibrillation-strength stimuli. The magnitude of the
shock-induced polarizations was amplified by not only
increasing shock strength but also increasing cleft length.

The effect of syncytial heterogeneity has been investi-
gated in a passive, 2-D sheet model of cardiac tissue.
Fishler (66) varied the fraction of intracellular volume
randomly over the area of the cardiac sheet model. The
pattern of membrane polarizations directly corresponded
to the pattern of heterogeneity in intracellular volume.
The magnitude of membrane polarizations increased as
the heterogeneity of the underlying tissue increased. The
work of Fishler (66) and the work of Fast et al. (68) suggest
that the variation in the anatomy of cardiac tissue, such as
variations in myocyte size or distribution of capillaries or
interstitial collagen, induces far-field effects.

4. WAVEFORM DEPENDENCE THEORY

Improvements in defibrillation efficacy have been signifi-
cant as defibrillation waveforms have advanced from AC
to DC to truncated DC and then to biphasic (78). These
accompanying boosts in efficacy have been sufficient to
facilitate the development of implanted, active can, and
now external automatic defibrillators. However, because
the mechanism of these efficacy boosts is unknown, it has
not been possible to predict or construct the optimum
defibrillation waveform. Presumably the optimum wave-
form exists and would allow the development of smaller
implanted devices, more efficacious external defibrillators,
and so on.

It is not for a lack of hypotheses that we have not
discovered the mechanism of waveform sensitivity. In-

deed, there have been dozens of proposed mechanisms.
The hypotheses can be broadly grouped into those favor-
ing the delivered charge, the frequency content, and the
delivered strength/duration.

4.1. Stimulus Strength and Duration

Stimulus current has long been considered the best mea-
sure of the strength of the stimulus for pacing (79).
Fundamental research has shown that the strength and
duration are the two most critical components of a pacing
pulse for determining its impact on the tissue, and this
has been suggested for defibrillation (80,81). Therefore, it
is no surprise that current (or voltage for a fixed impe-
dance) is one of the most predictive parameters for defi-
brillation (82).

It is significant, however, that only simple measures of
current, such as the absolute charge of the stimulus, and
the maxima and minima of the waveforms have been
shown to be significant. The average currents calculated
by Kroll (80) and Bourland et al. (83) do not correlate with
efficacy in the report of Malkin (82).

It has been reported for one-, two-, and three-cycle
waveforms that increasing the duration of a waveform
reduces its efficacy (increases the energy required to
defibrillate) for most waveshapes studied (83,84). Malkin
recently confirmed these results in a large sample of
waveforms when the duration was less than 11ms (82).

4.2. Charge-Based Hypotheses

Several authors have proposed that the charge deposited
on, removed from, or remaining on the cell membrane is
the best predictor of the success of a defibrillation wave-
form. Swerdlow et al. (85) followed the lead of Walcott et
al. (86) and Kroll (80) to propose that the optimal wave-
form minimized the charge remaining on the cell after the
stimulus. Fishler, on the other hand, followed a more
classic approach and assumed that the optimal waveform
(at least for certain wave shapes) would be the weakest
shock that deposited the most charge on the membrane
(87).

However, Malkin recently showed little evidence to
support any of these charge-based approaches in a test
of more than 140 different defibrillation waveforms (82),
with two exceptions. The maximum deposited charge was
a significant and independent predictor of the efficacy of a
defibrillation waveform for time constants up to 2.0ms.
Although this time constant is shorter than typically
assumed, this result indicates that the deposited charge
is a predictor of efficacy. The second exception is the
charge remaining on the cell. As the time constant is
reduced, this approaches the magnitude of the final phase
of the waveform, not the maximum and minimum of the
waveform. The charge remaining for a very short time
constant (0.06ms) was a strong negative predictor of
efficacy. Any dependence on final voltage contradicts Fish-
ler’s work, which suggests that ascending waveforms are
superior, at least for monophasic waveforms (87). Perhaps
these results do not apply to monophasic waveforms or
cannot be extended to polyphasic waveforms.
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4.3. Frequency-Based Hypotheses

Schuder and McDaniel (88) predicted that the frequency
domain would be a better representation of a defibrillation
waveform than the time domain for determining efficacy.
They specifically recommended using the energy con-
tained in the band from 40 to 160Hz. However, Malkin
showed that this approach has no predictive value over a
broad class of waveforms (82).
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1. INTRODUCTION

An object is called deformable when its shape can be
altered according to external stimuli. Contrary to rigid
objects, which have a fixed shape, most human organs as
well as tissues are deformable. Although rigid objects
require for their simulation only translation and rotation
properties to be defined, deformable objects demand also
deformation parameters to be evaluated, which is usually
a computationally intensive procedure.

1.1. Application Fields

The major application field of deformable object modeling
in medicine is surgical simulation. Surgeons acquire and
enhance their skills through practice. However, practi-
cing, through the performance of a surgical operation on a
patient, is very dangerous and puts the safety of the
patient in a serious risk! Therefore, student surgeons
are usually trained on the specific techniques of an opera-
tion using animals and cadavers. This traditional way of
practicing has important disadvantages because the anat-
omy of animals is significantly different than the human
one, and cadavers do not provide the appropriate physio-
logical response (1) that could simulate with high accuracy
the response of humans.

Recently, virtual surgical simulators have been devel-
oped, which offer an alternative way of practicing using
virtual patients. Thus, the student surgeon performs an
operation on a virtual human organ, without risking the
safety of a real patient. One of the most important
advantages of the simulators is that the difficulty of the
operation and the complexity of the required actions can
be chosen arbitrarily. Therefore, the trainee can proceed
naturally from the easier to the more difficult operations
(2). Recently developed simulators include, but are not
limited to, virtual suturing (3,4), microsurgery (4), liver-
laparoscopic simulation (5–7), intestine surgery (8), fallo-
pian tubes operations (9), arthroscopy (10), general eye
surgery (11), capsulorhexis during cataract surgery (12),
and pericardiocentesis (13). Other important issues like
the blood flow simulation during virtual surgery (14) can
be also efficiently addressed.

When using deformable objects in virtual surgery
applications, the efficiency of the simulators depends on
the satisfaction of the following:

1. Accuracy of the modeled objects in terms of corre-
spondence to the real

2. Realistic interaction interface with the virtual scene

3. Efficiency of the deformable object simulation engine

The first requirement is critical for the simulator. All
virtual objects (human organs, surgical tools, etc.) should
be modeled to have properties similar or very close to the
real objects, regarding not only their shape but also
properties like (surface smoothness, stiffness, etc.). The
second is about the interaction interface with the virtual
environment, which is usually a haptic device. These two
requirements can be in general satisfied relatively easily
through the use of sophisticated haptic devices and proper
modeling of the objects. The third requirement demands a
more comprehensive study and will be analyzed in the rest
of the article.

1.2. Deformable Objects

Recently, virtual reality simulations have become very
popular and are extensively used in various medical
applications as well as in entertainment, education, and
industrial design. Over the last 20 years, many advances
have been carried out mainly concerning special rendering
techniques like virtual shadowing and physics-based si-
mulation. However, interactive virtual reality applica-
tions will remain far from being realistic without the
potentiality of simulating deformable objects, which in-
crease dramatically the realism of the simulations.

The simulation of deformable objects involves mainly
the following three interrelated procedures:

1. Object modeling/representation

2. Simulation of the adopted model—numerical inte-
gration

3. Collision detection and response, for supporting
interaction with the user

Regarding the modeling of deformable objects, the
mass-spring and finite elements models are most com-
monly used in the literature for surgical (3,5,11) and not
only (15–17) applications. They are generally called phy-
sically based models, because after the modeling and the
definition of their parameters, the system just uses the
physical forces (gravity, friction, collision response, etc.) to
simulate the object. Contrary to the physically based
models, kinematics-based systems (10,18) use static mod-
els and propagate the motion of a node to all other nodes of
the object. Kinematics-based systems are rarely used in
surgical simulation, because they do not provide realistic
simulations and require the manual definition of much
more parameters when compared with the physically
based simulators.

The mass-spring model is the most widely used in the
literature (4,8,11,12). It consists of a grid of mass particles
linked together with mass-less ideal springs and dampers.
Each particle is connected with its neighbor particles.
According to the structure of these connections, many
different mass-spring systems with different properties
can be obtained.

1
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The finite element model (FEM) has been also widely
used in the literature (3,6). FEMs consider a continuous
formulation of the relation between deformation and
energy, which is a fundamental difference compared with
the mass-spring models, because the latter treat the object
as a discrete grid of mass points. Thus, no mass is
supposed to ‘‘lie’’ between the particles. FEMs evaluate
the deformation over the entire volume of an object and
are interrelated to the digital three-dimensional (3-D)
models by discretizing the region of interest into volu-
metric elements and using interpolation to acquire the
local deformation.

1.3. Numerical Integration

Either adopting a mass-spring model or an FEM, the
simulation of the objects involves numerical procedures,
which project the state vector (position, velocities, etc. of
the object points) of the system forward in time. Two basic
numerical integration methods are used, namely, explicit
and implicit integration.

Explicit integration is a straightforward procedure,
which uses the force and the velocity of the current time
step to propagate each point into its next position. Implicit
integration makes use of a prediction of the force in the
next time step and the current velocity to move each point
to its new position. As will be discussed here, implicit
integration is much more stable than explicit. Other
methods that provide a combined explicit–implicit numer-
ical integration or propose alternative and more sophisti-
cated integration techniques have been presented (19–22)
and aimed mainly at the reduction of the computational
cost of the integration.

1.4. Collision Detection

Collision detection is an essential process in physics-based
simulations because possible invalid object interpenetra-
tions decrease significantly the realism of the simulation.
In surgical virtual reality applications, collision detection
becomes very important, because operations like cutting
and suturing demand high accuracy in the detection of
collisions. Moreover, the response of a human organ to the
input of the user is a direct result of the collision detection
algorithm. Thus, erroneous collision detection would lead
to a nonrealistic response of the deformable model. Colli-
sion detection methods are divided into two basic cate-
gories, as follows:

1. Accurate collision detection

2. Approximate collision detection

The methods of the first category make direct use of the
objects’ meshes involved into a possible collision. Gener-
ally, the basic test for collision is between the elementary
surfaces (usually triangles) of the two objects. Thus, the
test for intersection has to be executed for each pair of
triangles of the two objects. Research on accurate collision
detection methods is mainly focused on the minimization
of the number of triangle pairs, which should be checked
for collision, at each step of the algorithm.

The approximate collision detection methods use the
mesh of the object only in a preprocessing stage to build
corresponding data structures, which are used instead of
the real mesh for the collision detection. A typical example
of these data structures is the distance field (23,24). A
distance field is a 3-D grid, which contains the 3-D object
‘‘A’’. A signed distance value from the original mesh is
assigned to each node of the grid. Negative values corre-
spond to nodes lying inside A. Lets assume that a second
object ‘‘B’’ enters into the 3-D grid (bounding box) of A. For
each vertex of B, the distance from A is calculated by
interpolating the distance values of its surrounding nodes
of the distance field. If the distance is negative for at least
one point of B, then collision is detected. These methods
are called approximate because the 3-D distance field is
just an approximation of the 3-D object. Research in this
area is focused on increasing the accuracy and the speed of
collision detection and diminishing its memory require-
ments (a huge amount of memory is required to store the
distance field).

1.5. Haptic Rendering

The interface between the user and the virtual reality
simulator is in most surgical applications a haptic device,
which emulates a specific surgical tool and provides force
feedback to the user’s hands so that he/she can feel the
response of the object. The calculation of the forces fed
onto the haptic device is called haptic rendering and is of
high importance in surgical simulations.

2. DEFORMABLE OBJECT MODELING

2.1. Mass-Spring Systems

The mass-spring model has been used excessively in the
literature to represent deformable objects. It consists of a
grid of mass particles linked with mass-less linear springs.
Particles react not only to the spring forces but also to the
physical forces applied to them, such as gravity, viscosity,
damping, wind resistance, and friction. In most applica-
tions, the model illustrated in Fig. 1a is adopted, where
each particle is linked to its 12 nearest neighbors (for the
two-dimensional case). Structure, shearing, and bending
springs are represented by the straight, dashed, and
curved lines, respectively. Variations of this approach
have also been presented, aiming mainly to the reduction
of computational complexity. The model in Fig. 1b does not
include bending springs. However, the decrement in com-
plexity comes at the cost of a severe decrease in realism.
Fig. 1c illustrates another alternative model, which uses
eight springs (straight) to react in shrinking and eight
(dashed) to react in stretching. The nonlinear nature of
this model may cause problems of convergence and stabi-
lity.

The basic model for simulating deformable material is
based on Newtonian physics; i.e., the movement of each
particle i is governed by:

mi �
.
vi¼ f i:
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Vectors xi, vi, and
.
vi are the position, velocity, and

acceleration of particle i and mi, and fi is its mass and
the force applied to it. The force vector fi is a sum of the
internal fint and external fext forces. The internal forces
are derived from the mass-spring model as described from
the following equation:

f inti ¼
X

8j

kij xjxi
�!
� lij

xjxi
�!

jjxjxi
�!
jj

 !

;

where kij and lij are the constant and rest length, respec-
tively, of the spring connecting particles i and j. External
forces may include any force affecting the physical system
like gravity f i¼mi � g and f i¼ � kd � vi, where kd is the
damping coefficient.

The linear nature of the mass-spring systems has an
inherent drawback, when compared with real deformable
objects. In particular, if a force is applied to a real object, it
will start deforming approximately linearly; i.e., the de-
formation will be proportional to the applied force.
Although the force exceeds the limit F1, as illustrated in
Fig. 2, the relation between force and deformation cannot
be linearly approximated, and if it exceeds a specific
threshold FC, the object will be deformed plastically; i.e.,
it will break, rip, or deform permanently. The mass-spring
model, however, deforms the objects linearly with no
constraints and produces unpleasant nonrealistic simula-
tions if relatively strong forces are applied to the object. To
overcome this defect, over-elongation constraints have
been applied in Ref. 25, whereas in Ref. 16, nonlinear
force models were introduced. The latter describe more

accurately real deformable models but are more sensitive
to numerical instabilities.

2.2. Finite Element Models

Finite element models (26,27) allow a continuous formula-
tion, which is usually expressed via an integral equation
relating deformation to energy. For example,

E¼
1

2

Z

sTedV:

The basic quantities of continuummechanics are strain,
which is a dimensionless deformation noted by e, and
stress, which is a force per length for surfaces or per
area for volumes and is denoted by s. In the case of a one-
dimensional spring, these entities are scalars. The strain
of this spring is its elongation per length, whereas the
stress is the spring force. In the case of surfaces or
volumes, these entities are tensors.

Given specific conditions that have to be minimized,
i.e., the object tends to propagate to the state, which
minimizes its internal energy, the internal forces can be
evaluated through the energy formula. To obtain a dis-
crete approximation of the continuous model, FEMs divide
the object into elementary volume elements, which are
usually tetrahedral. These elements are connected with
each other through their common nodes. Deformation
inside each tetrahedron is derived through interpolation
from the displacements of its nodes.

The sampling of the objects using a set of ‘‘finite
elements’’ leads to the formulation of the system of
equations:

.
v¼M�1fðx;vÞ;

where x, v, and
.
v are vectors containing the position,

velocity, and acceleration of all nodes, respectively. M� 1 is
the inverse mass matrix of the object. The mass of each
node is the average mass of its adjacent tetrahedral
elements. The mass of its tetrahedron is the product of
the mass density and its volume. Finally,

fðx;vÞ¼KxþBv;

(a)

(c)

(b)

Figure 1. Two-dimensional mass-spring models: (a) usual, (b)
simplified, and (c) alternative.

Linear

Non-linear

Fc
F

F1

∆l

Figure 2. Linear and nonlinear behavior of elastic objects.

DEFORMABLE OBJECTS, INTERACTIVE SIMULATION OF 3



where K and B are the stiffness and damping matrices,
respectively.

Using FEMs, the deformation properties of the objects
can be accurately modeled. Several approaches have been
proposed in the literature for the accurate modeling of
tissue properties (28,29). Their primary drawback is their
computational complexity. Recently, methods aiming to
increase the speed of the simulation have been presented
(5,30), which evaluate only the deformation of the visible
surface elements, whereas others (28) build adaptive
grids, which are dense only in the areas of high interest.

2.3. Mass-Spring vs. Finite Element Models

Modeling deformable objects using a discrete mechanism
involves several complications. A certain resolution of the
object has to be chosen initially and cannot be easily
altered. To be independent of this resolution, the object
should be represented as a continuous material. Moreover,
the determination of realistic stiffness values is not an
easy task. The most important advantage of the discrete
models is their simple formulation and the speed of
simulation.

On the other hand, continuous models can accurately
describe deformable object properties, but they are more
complex and computationally intensive when compared
with discrete models. Thus, depending on the application
and the complexity of the involved models, the choice of
the appropriate model is an issue of high importance.

3. SIMULATION OF DEFORMABLE OBJECTS

To animate a mass-spring system, the following integra-
tion schemes are usually employed.

3.1. Explicit Integration

Explicit Euler integration consists of the following equa-
tions (31):

vnþ 1
i ¼vn

i þ
fni
mi

dt;

xnþ 1
i ¼xn

i þvnþ 1
i dt;

where xn
i and vn

i are the position and velocity of particle i
in time step n, mi denotes its mass, fni is the force applied
to it, and dt is the simulation time step.

Notice that the forces at time n contribute to the
velocities at time nþ 1. Thus, if the forces are relatively
high or if the time step is not small enough, there will be
very high and nonrealistic displacements, which in the
next time step will cause much higher forces. The result of
this feedback is the divergence of the system. Other high-
order schemes, like Runge–Kutta numerical integration,
can be also used to achieve more accurate and smooth
results.

The advantage of these integration schemes is their
simplicity and speed for each time update. But this is not
enough for real-time simulations because the time step

should be, in most cases, very small to assure convergence
and stability.

3.2. Implicit Integration

Implicit integration consists of the following equations
(15,21):

vnþ 1
i ¼vn

i þ
fnþ 1
i

mi
dt;

xnþ 1
i ¼xn

i þvnþ 1
i dt:

In this setting, the forces at time nþ1 contribute to the
velocities at time nþ 1. But as the forces at the next time
step are unknown, the directional derivatives of the forces
as well as their derivatives with respect to speed have to
be computed, to generate an estimation of the forces at the
next time step. As the predicted force at the next time
step, instead of the force at the current step, is used in
implicit integration, much higher time steps can be used
without the risk of divergence.

The disadvantage of this integration scheme is the need
to solve for z the large linear 3n� 3n systemHz¼y, where
n is the number of particles in the mesh. Fortunately, this
system is sparse and efficient numerical methods like the
conjugate gradient can be applied to reduce complexity.
The computational effort needed to update the state of the
system is much higher than in explicit integration, but the
overall speed is usually higher because larger time steps
are allowed without risking the simulation’s stability (15).

3.3. Alternative Integration Methods

Integration schemes using techniques aiming to increase
the speed of the simulation have also been presented.
Implicit and explicit integration have been combined in
Ref. 32 to develop hybrid integration schemes. This was
mainly motivated by the reduced accuracy of implicit
methods and by the artificial damping they usually insert.
A case of pseudo-implicit integration has also been studied
(20,33) and intended to benefit from implicit integration
without needing to solve the large linear system. In Ref.
21, a hierarchical simulator was introduced, which re-
duced the computational cost of implicit integration with-
out losing accuracy.

4. COLLISION DETECTION

Beyond the calculations needed to perform the numerical
integration of the system, a significant amount of proces-
sing is required for the accurate detection of collisions
during the simulation (17,34). The interaction between
the input objects, i.e. surgical tools and probes, as well as
between the scene objects demands the accurate determi-
nation of any possible contact. Handling collisions, i.e.,
object intersections in a scene, is thus an essential process
in realistic physics-based simulations.
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4.1. Accurate Methods

The most accurate approaches of the past have been based
on building a bounding volume (BV) around the object. If
the bounding volumes of two objects do not intersect, then
no collision is possible. If they do, more tests have to be
performed to detect whether collisions between the actual
meshes have occurred.

A typical case of a bounding volume is a sphere (35,36).
Bounding spheres have the advantage of being rotation
invariant. Thus, there is no need to calculate the BV’s
orientation when the actual object is rotating. Moreover,
tests for intersection between two bounding spheres can
be carried out rapidly by simply comparing the distance of
their centre with their radii. Bounding boxes have also
been widely used in the literature (37). Of practical
interest are the axis aligned bounding boxes (AABB)
(38), which are parallelepipeds, whose sides are aligned
with the coordinate axes. Thus, collision between AABBs
is detected if their projections onto all coordinate axes
overlap. Contrarily, the oriented bounding boxes (OBBs)
(37) are aligned with the eigenvectors of the object.
Bounding spheres and boxes are simple BVs, but they
cannot accurately model asymmetrical objects. A case of
dynamically transforming geometries was presented in
Refs. 39 and 40, where BVs are used, which are deforming
according to the shape and motion of the object.

Accurate collision detection methods proceed as fol-
lows: Initially, the intersection between the bounding
volumes is checked for the whole scene. If the result is
positive, low-level geometrical tests are performed, which
consist of intersection checks between every triangle of
the bodies involved in the possible collision. To speed up
calculations, a hierarchy of the processed mesh is build,
based on topological criteria. The root of the tree built
contains the entire object, whereas the leaf nodes contain
the single triangles. If intersection is detected between the
BV of the root and an object, the algorithm checks for
intersection between the child nodes of the tree and the
object and so on, until the leaf nodes are reached and the
accurate points of collision are found. Different algorithms
on building the hierarchy have been proposed, aiming
mainly at the reduction of the overhead in the computa-
tional cost inserted while traversing the tree structure
(37,41).

4.2. Approximate Methods

Despite the accuracy of these methods, which are exten-
sively used in the literature, the computational cost of
performing the intersection tests between the bodies is
very high, especially when they consist of many triangles
or when they are part of multiple simultaneous collisions.
In the latter simulation cases, tests show that the compu-
tational time needed for collision detection can be even
above 50% of the entire simulation time. It should be also
noticed that when handling deformable objects, the
bounding volume data have to be updated, thus degrading
performance even more. It is obvious that real-time simu-
lation becomes very hard when using mesh-based techni-
ques for collision detection.

Recently, methods for collision detection based on level
sets (42) were introduced (23,24,34), which decrease the
computational cost dramatically. These methods require,
at a preprocessing stage, to generate distance fields for the
objects, which are stored in arrays. In particular, a bound-
ing box is assumed for each object. A 3-D grid is defined
inside each box, and a distance value is assigned to every
point of the grid, which indicates the distance of the
specific point from the mesh. Negative values indicate
that the point lies inside the mesh. These distance values
are obtained using a level set (24) and fast marching
algorithms (42). Despite their efficiency, these methods
are not used excessively for collision detection. The major
reason is their huge memory requirements. Imagine that
for an object like a skull consisting of about 2000 triangles,
a dense distance field would require more than 300MB of
memory.

Adaptively sampled distance fields (43) have been
presented to decrease the memory requirements. The
distance field is held dense only near the surface of the
object, whereas it is set to be coarse far outside and deep
inside of it. The gain in memory of the adaptive distance
field is illustrated in Fig. 3. The tradeoff for this gain is a
decrement in the speed of the collision detection because
the traversal of the tree structure is not a simple process,
which is the case for a regular distance field. Another
remarkable method was presented in Ref. 44, which
introduces an efficient way to trade memory for speed.

4.3. Accurate vs. Approximate Methods

In medical virtual reality applications and especially
surgical simulators, the accurate collision detection meth-
ods are almost exclusively used (3,6,11), because they
provide the exact position of the collision, and thus typical
operations like cutting and suturing can be executed
directly. On the contrary, approximate methods would
require extra computations to estimate the area, where
these operations will be applied. However, accurate colli-
sion detection remains computationally intensive and
often inhibits any attempt of simulation at interactive
rates. Bearing also in mind that approximate methods can
be with proper processing very ‘‘accurate’’ and that they
are a relatively novel area in collision detection, it is
anticipated that they will be extensively used in the
near future.

5. HAPTIC RENDERING

After collision is detected, the force feedback provided to
the user through the haptic device has to be calculated.
Force feedback is obtained directly from the model
adopted for collision detection. Thus, collision detection
and haptic rendering are usually handled in an integrated
way.

The absolute value of the force fed onto the haptic
device is obtained using a spring model with zero rest
length as illustrated in Fig. 4. In particular,

jjFjj ¼ kCjjdjj;
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where kC is the spring constant and d is the penetration
depth. Notice that the rest length of the spring is zero, so
the model tends to bring the penetrating areas of object B
back to the surface of A. This model applies forces when-
ever a collision has occurred. If the application demands
no collision to occur during the simulation, then the
absolute value of the force can be calculated through

jjFjj ¼ kCðjjdjj þ ctÞ; if ðjjdjj þ ctÞ > 0;

where ct is the proximity threshold. When the distance of
B to A is less than ct, then the repulsion force is active,
thus tending to separate the objects and not to allow the
collision to occur. Despite that this method prevents
collisions to happen, it has the drawback that the proxi-
mity calculation (45) is computationally more intensive
than collision detection. However, using approximate
methods, like the distance field, it can be rapidly calcu-
lated with a certain degree of inaccuracy.

A more difficult issue is the calculation of the direction
(n in Fig. 4) of the force feedback. Generally it should be
perpendicular to the local area, where collision is detected.
The evaluation of the direction of the force is strongly
related to the collision detection procedure. Using accu-
rate methods for collision detection, an obvious solution to
the evaluation of the direction of the force would be to
detect the surface element (i.e., triangle), where the colli-
sion occurred and to provide the feedback perpendicularly
to it. In this case, the force evaluated using the mesh of the
object will be perpendicular to its surface, thus resulting
into a relatively strong discontinuity when crossing an
edge as illustrated in Fig. 5a. To overcome this defect,
operations like force shading have been proposed (46) to
smooth the resulting force feedback (Fig. 5b).

Using approximate methods for collision detection al-
lows a more robust handling and evaluation of the force
feedback because its direction at a specific point can be
obtained simply using the gradient of the distance field.
The error of the evaluation is directly proportional to the
inherent error of the collision detection method. The most
important advantage of approximate methods is that
computationally ‘‘cheap’’ techniques can be applied to
improve the result of the force feedback. In particular,
when a local smoothing procedure is applied to the dis-
tance field, the resulting force (Fig. 5c) will lack of dis-

Figure 4. Force feedback evaluation.

Figure 3. Memory requirements for the dis-
tance field and the adaptive distance field for a
scene consisting of 8108 faces (triangles). 

6 DEFORMABLE OBJECTS, INTERACTIVE SIMULATION OF



continuities without being over-rounded (Fig. 5b), which is
the case for the force shading methods. Moreover, other
effects like haptic texture and friction can be efficiently
emulated using approximate methods (47).

6. APPLICATIONS

The applications of deformable objects in medicine and
especially in surgical simulation are numerous. In this
section, some of them will be presented to exhibit the
importance and high applicability of deformable object
simulation.

6.1. Virtual Suturing

Suturing is a common element in almost every surgical
procedure. In Ref. 3, a real-time linear FEM has been used
for surgery simulation and especially for virtual suturing.
The method is reported to handle high-resolution models
in real time with no restrictions in the point where the
needle may enter. Haptic feedback and stereoscopic dis-
plays are used to increase the realism of the application
and the immersion of the trainee into the virtual opera-
tion. Screenshots of a suturing procedure are illustrated in
Fig. 6.

In Ref. 4 and Ref. 51, a mass-spring model is used for
the simulation of microsurgical operations like the sutur-
ing of vessels (Fig. 7), which is a very sensitive procedure.
Two numerical integrators were developed. The first is an
explicit integrator using fourth-order Runge–Kutta. For
cases, where the objects are complex and the dynamical
simulation becomes impossible in real time, the authors in
Ref. 4 use a quasi-static method where the dynamic
inertial and damping forces are neglected. The resulting
system is solved much faster, but the realism of the
simulation is decreased, especially if impulsive forces are
applied to the deformable object. It should be also men-
tioned that tradeoffs between realism and efficiency are
very common in these simulations, because accurate and
realistic simulations are computationally intensive and
often not feasible in real time.

6.2. Laparoscopic Surgery

In Refs. 5 and 6, simulators for laparoscopic surgery have
been developed. The approach in Ref. 5 uses nonlinear
elasticity in the FEM and can produce real-time simula-
tions of complex deformable objects. Collisions are
handled using an accurate method. However, only the
extremity point of the surgical tool is considered for
collision. On the contrary, the approach in Ref. 6 proposes
a simulator, which handles collisions between the model
and both the shaft and the tip of the surgical instrument.

6.3. Intestinal Surgery

Intestinal surgery simulation has been addressed in Refs.
8 and 9. The approach in Ref. 9 uses splines to model the
intestine, whereas the one in Ref. 8 uses a mass-spring
system. An application-specific collision detection algo-
rithm is developed in Ref. 8, which takes advantage of
the cylindrical shape of the intestine to efficiently check
for collisions and self-collisions between different parts of
the intestine. Fig. 8 illustrates snapshots of the simulation
using the algorithm presented in Ref. 9.

6.4. Eye Surgery

Eye surgery simulation has been addressed in Ref. 11
using a mass-spring system and collision detection based
on AABB trees (38). Explicit Euler integration is used to
update the state of the system. The inherent stability
problems in mass-spring systems when using explicit
integration are dealt with the use of several constraints
like filtering the force field or deleting the springs, which
are elongated more than a predefined threshold. In Ref.
12, an application for simulating the capsulorhexis proce-
dure during cataract surgery is developed using a mod-
ified constrained mass-spring system and haptic force
feedback.

Besides surgical applications, other simulations like
blood flow visualization (14), muscular development and
deformation (48), skin aging (49), and plastic surgery
simulation (50) have been presented.

Mesh
based

Force
shading

Distance
field

Force discontinuities
(a)

(b)

(c)

Figure 5. Qualitative force feedback illustra-
tion using only the mesh, force shading method,
and distance fields.
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7. CONCLUSIONS

Deformable models can provide a very realistic and power-
ful tool for simulating human tissues and organs. Various
methods exist for building the model of the object, for
resolving collisions, and for haptic rendering. Considering
the application to be developed each time, the most
appropriate model and algorithm has to be selected in

terms of accuracy compared with the real organ, realism of
the simulation, physical response, and simulation at
interactive rates. The most important advantage of these
applications is that the user, usually a trainee, can per-
form operations in real conditions, and not using animals
or cadavers, without risking the health of the patient.

Figure 6. Sequential steps of a suturing pro-
cedure. (Reprinted with permission from J.
Berkely, G. Turkiyyah, D. Berg, M. Ganter,
and S. Weghorst, Real-time finite element mod-
eling for surgery simulation: An application to
virtual suturing. IEEE Transactions on Visua-

lization and Computer Graphics. 2004; 10 r

[2004] IEEE.)

(a) (b)

Figure 7. (a) Virtual and (b) real snapshots
of microsurgical operations (vessel suturing).
(Reprinted with permission from J. Brown,
Real-Time Soft Tissue and Suture Simula-
tion, Ph.D. Thesis, Stanford, CA, November
2003.)

Figure 8. Intestinal surgery simulation.
(Reprinted with permission from L. France,
J. Lenoir, A. Angelidis, P. Meseure, M. P.
Cani, F. Faure, and C. Chaillou, A layered
model of a virtual human intestine for sur-
gery simulation. Medical Images Analysis.
New York: Elsevier Sciences, 2004.)
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1. INTRODUCTION

Dentin is the hydrated composite structure that constitu-
tes the body of each tooth, providing both a protective
covering for the pulp and serving as a support for the
overlying enamel. Enamel, with its exceptionally high
mineral content, is a very brittle tissue. Without the
support of the more resilient dentin structure, enamel is
so brittle that it would fracture when exposed to the forces
of mastication. Dentin supports as well as compensates for
the brittle nature of the enamel.

In contrast to enamel, dentin is a vital tissue contain-
ing the cell processes of odontoblasts and neurons. As the
odontoblasts can be stimulated to deposit more dentin,
this tissue is capable of limited repair. The structure-
property relationships of dentin vary with location, phy-
siological, aging, and disease processes. This chapter will
review the composition, structure, and properties of the
various types of dentin and their effect on current restora-
tive dentistry procedures.

2. DENTIN FORMATION

All of the tissues of the tooth, with the exception of
enamel, are derived directly from the neural crest (1).
Neural crest cells develop from the ectoderm along the
lateral margins of the neural plate; those cells that travel
down the sides of the head into the maxilla and mandible
contribute to the formation of the tooth germ (2). Tooth
formation begins as a localized proliferation of ectoderm in
the region of the future alveolar processes. This prolifera-
tion leads to the formation of horseshoe-shaped bands or
structures known as the dental laminae.

The dental laminae experience further proliferation at
sites corresponding to the positions of the twenty primary
teeth (3). The dental papilla or embryonic dental pulp
develops as the ectomesencymal cells proliferate and
condense adjacent to the dental lamina at the positions
where teeth will develop. Odontoblasts, the cells that form
dentin, differentiate from the ectomesenchymal cells of the
dental papilla.

The formation of dentin by mature odontoblasts in-
volves secretion of matrix proteins via transport vesicles
at the apical portion of the cell and along its process (4).
The noncollagenous proteins secreted into the excellular
matrix during dentinogenesis include dentin sialopho-
sphoprotein, dentin matrix protein 1, and matrix extra-
cellular phosphoglycoprotein (5). The tissue formed
directly outside the odontoblasts consists largely of type
I collagen fibrils and certain proteoglycans (4,6). This

collagenous matrix is termed the predentin. As the dimen-
sions of the predentin matrix grow, the cells recede in a
pulpal direction leaving behind ondontoblastic processes.
At a specific location in this tissue, referred to as the
predentin-dentin (PD) border or junction, the collagenous
fibrillar network acquires mineral and the predentin
tissue is converted to dentin. The precise mechanisms
involved in dentin mineralization have not been defined.
However, current evidence suggests that noncollagenous
proteins at the mineralization front form a supramolecu-
lar aggregate that converts nonmineralizing predentin
fibrils into a matrix in which apatite crystal initiation
and growth takes place (6–8).

Dentin mineralization begins at the tips of the pulp
horns at the dentin-enamel junction (9). Dentinogenesis
continues until the entire crown is complete and long after
the tooth has started to erupt. The rate at which dentin is
laid down during the period of crown development and
during eruption is approximately 4 microns per day (9).
Once the teeth are in occlusion, the rate decreases to less
than 1 micron per day.

3. DENTIN COMPOSITION, STRUCTURE, AND
PROPERTIES

Dentin is a complex hydrated biological composite struc-
ture that is modified by physiological, aging, and disease
processes (10). Dentin is composed of approximately 50%
inorganic material, 30% organic material, and 20% fluid
by volume. Dentin mineral is a carbonate-rich calcium-
deficient apatite (10). The organic component is predomi-
nantly type I collagen with minor contribution from other
proteins that can be categorized as phosphoproteins,
glycoproteins, and (-carboxyglutamate-containing pro-
teins (11). The composition of dentinal fluid is reportedly
similar to plasma; but to date, it has been poorly char-
acterized (10).

A unique feature of the dentin structure is the tubules
that traverse the structure from the pulp cavity to the
region just below the dentin-enamel junction (DEJ) or the
dentin-cementum junction (DCJ). The tubules, which
could be modeled as narrow tunnels a few microns or
less in diameter, represent the tracks taken by the odon-
toblastic cells from the pulp chamber to the respective
junctions. Dentinal tubule diameter measures approxi-
mately 2.5 mm near the pulp and 0.9mm near the DEJ
(12). Tubule density and orientation vary from location to
location; density is lowest at the DEJ and highest at the
predentin surface at the junction to the pulp chamber. For
example, in the coronal aspect of young premolar and
molar teeth, the number of dentinal tubules ranges from
59,000 to 76,000 per square millimeter at the pulpal
surface to approximately half as many per square milli-
meter in the proximity of the DEJ (12). The content of the
tubules includes fluid and odontoblast processes for all or
part of their course. In contrast to root dentin, the tubules
in coronal dentin are surrounded by a collar of highly
mineralized peritubular dentin (13). The composition of
the peritubular dentin is carbonate apatite with very
small amounts of organic matrix, whereas intertubular
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dentin (i.e., the dentin separating the tubules) is type I
collagen matrix reinforced with apatite.

The composition of intertubular dentin is primarily
mineralized collagen fibrils; the fibrils are described as a
composite of a collagen framework and thin plate-shaped
carbonate apatite crystals whose c-axes are aligned with
the collagen fibril axis (14). In healthy dentin, the majority
of the mineralized collagen fibrils are perpendicular to the
tubules (15). The crystal organization in peritubular and
intertubular dentin are similar, but the macromolecular
constituents are not. The amino acid composition of the
principal proteins in peritubular dentin are high in serine
and probably phosphoserine, but they are not similar to
the phosphophoryns of intertubular dentin (14).

The difference in relative mineral content between the
peritubular and intertubular dentin is reflected in the
hardness values (i.e., 2.3GPa and 0.5GPa, respectively)
(16). With atomic force microscopy (AFM), these hardness
values were determined for indentations made parallel
with the tubule axis. The authors suggest that the mate-
rial response may be anisotropic and that hardness values
could be different if measured perpendicular to the tubule
axis.

The elastic properties of dentin have been determined
with techniques such as AFM and scanning acoustic
microscopy. Based on the AFM results, the modulus of
elasticity for peritubular and intertubular dentin is
28.6GPa and 20GPa, respectively (17). With scanning
acoustic microscopy, Katz et al. (18) reported a modulus
of elasticity for bulk dentin of 28GPa. The modulus of
elasticity of partially and completely demineralized dentin
as determined by scanning acoustic microscopy was
14.8GPa and 1.76GPa, respectively (19,20).

3.1. Superficial and Deep Dentin

The structure of dentin varies with location (e.g., dentin
tubule density, area fraction of intertubular dentin, and
tubule density vary as a function of position from the pulp)
(21). The amount of collagen-rich intertubular dentin
gradually decreases from superficial to deep dentin (22).

Intertubular matrix area varies from 96% near the DEJ to
15% at the predentin, whereas peritubular dentin goes
from 3% to more than 60% over this region of the tooth
(21). The percentage tubule area and diameter vary from
about 1% and 0.8 microns at the DEJ to 22% and 2.5
microns near the pulp (10). These differences translate to
a variation in properties such as dentin permeability and
surface area available for bonding (23–26). The relative
variation in tubule area and diameter is reflected in the
scanning electron micrographs shown in Fig. 1.

Results from small angle x-ray scattering suggest that
the mineral crystallites are more plate-like in the dentin
nearest the DEJ and needle-like in the more recently
formed dentin near the pulp (15). Although a significant
change in shape of the crystallite occurs with position,
crystallite thickness remains approximately 5nm irre-
gardless of the position (15). Previous authors have re-
ported the size of the sound dentin crystal as 3nm in
width, 20nm in thickness, and 20nm in length [see
Daculsi et al. (27)]. The apatite crystals in dentin contain
about 5.7 wt% carbonate (28).

4. DENTIN-ENAMEL JUNCTION

The DEJ, the natural connector between the hard, brittle
enamel and subjacent softer, tougher dentin, plays a
critical role in maintaining the biomechanical integrity
of the tooth. In a healthy mouth, the DEJ serves as a
natural barrier to cyclic fatigue crack growth. The DEJ
structure is generally described as a series of 25–100
microns (mm) diameter scallops with their convexities
directed toward the dentin (3,29). In addition, there
appear to be microscallops housed within each scallop
and a finer nanolevel structure within each microscallop
(30). The DEJ is also characterized by parallel 80–120
nanometer (nm) diameter collagen fibrils that directly
insert into the enamel mineral and also merge with the
interwoven fibrillar network of the dentin collagen matrix
(30). This scalloped structure, with the associated collagen
fibrils crossing between enamel and dentin, may lead to

Small size
Low density

Large size
High density

ENAMEL

PULP

DENTIN Figure 1. Diagram representing a tooth
cut in cross section to show the relation-
ship of enamel, dentin, and pulp tissues.
The differences in tubule diameter and
area occupied by the tubules as a function
of proximity to the pulp tissue are shown in
the accompanying scanning electron mi-
crographs.
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enhanced mechanical bonding between the two calcified
tissues (Fig 2).

Besides the unique structure, the DEJ is also charac-
terized by a region of distinct or functionally graded
properties between the enamel and the dentin (31,32).
Thus, the DEJ is considered an interphase rather than an
interface (33). The term interface refers to the presence of
a sharp two-dimensional boundary between two phases
(i.e., polymer and glass). Mechanical property measure-
ments suggest that the DEJ does not present such an
abrupt interface between the dentin and enamel. The
mechanical property gradient has been reported as a
smooth gradient across the DEJ, with hardness and
elastic modulus values highest in the enamel, intermedi-
ate across the DEJ, and lowest in the bulk dentin (34,35).
In contrast, other investigators have reported that hard-
ness and the associated elastic modulus are lowest at the
DEJ (31,36,37). In addition, Fourier transform infrared
microspectroscopy (31) and Raman microspectroscopy (38)
investigations have reported that the mineral content
near the DEJ was also lower than mineral levels in either
enamel or bulk dentin. Decreased mineral values at the
DEJ would tend to support the concept that the DEJ
would have the lowest hardness and elastic moduli values.
The DEJ configuration is known to be an effective obstacle
for enamel-initiated crack propagation (39–41). Even with
high stress concentrations at the DEJ, failure at this
natural junction between the dentin and enamel is not
typical.

5. ALTERED FORMS OF DENTIN

The composition, mineralization, and structure are differ-
ent between normal and altered forms of dentin (10,42–
44). Awide variety of terms have been used to describe the
types of dentin associated with physiological aging and
disease processes. Descriptors such as secondary, tertiary,
sclerotic, and transparent dentin have all been used. In
general, secondary dentin forms as a result of normal

physiologic stimuli, whereas tertiary or reparative dentin
forms as a result of a pathologic process such as caries.
The rate of secondary dentin deposition is generally
slower than the rate associated with primary or initial
dentin deposition. It is suggested that the rate of second-
ary dentin deposition depends on the individual’s diet and
occlusal forces (45). Secondary dentin deposition results in
gradual narrowing of the pulp chamber.

Tertiary dentin, also referred to as reparative, irregular
secondary, irritation, response, or reactionary dentin, is
formed in response to an insult such as caries or abrasion
(10). This tissue, which appears to represent a protective
response, has a less regular structure with fewer and less
well-aligned tubules as compared with primary dentin
(12). Reparative dentin is formed by new odontoblast-
like cells, whereas reactionary dentin is formed by surviv-
ing odontoblasts subjacent to damaged or diseased dentin
(46). As an example, pulpal injury leads to the prolifera-
tion, migration, and differentiation of odontoblast-like
cells from the pulp giving rise to the secretion of repara-
tive dentin (47). In comparison, mild injuries stimulate
the surviving post-mitotic odontoblasts at the site of the
injury to secrete reactionary dentin (48). It has been
suggested that fibroblasts or undifferentiated cells in the
pulpal tissue are the likely progenitor cells of the new
odontoblast-like cells (49).

The terms sclerotic and transparent dentin are often
used interchangeably to describe dentin that has altered
mineralization. As an example, sclerotic dentin describes
tissue that exhibits obliteration of the dentin tubule as a
result of progressive deposition of peritubular dentin (10).
This type of dentin is generally found in the roots,
especially near the apex, and the amount of sclerosed
dentin increases with age (45,50).

Carious dentin is characteristically described as con-
sisting of infected and affected layers. The infected layer is
removed prior to reparative procedures with synthetic
materials. The affected layer is generally not removed
during treatment and, based on structural features, this
layer is subdivided into the following: turbid or discolored
layer, transparent zone, and subtransparent zone (51).
The transparent zone occupies the largest proportion of
the caries-affected dentin (52). Transparent dentin has
been characterized as hypermineralized; but results from
a recent study suggest that only a limited number of
carious lesions with transparent dentin develop hypermi-
neralized intertubular regions (43). However, investiga-
tors agree that, in contrast to normal, healthy dentin, the
tubules within the caries-affected dentin are frequently
occluded by acid-resistant mineral deposits (43,51,53).

6. REPAIR OF DENTIN SURFACES WITH SYNTHETIC
MATERIALS

6.1. Smear Layers

Tooth surfaces that have been prepared with cutting or
abrading instruments are characteristically covered with
a 0.5–2-micron thick smear layer. The generation of fric-
tional heat and plastic/elastic deformation during cutting
and abrading are all factors in the formation of the smear

Figure 2. Scanning electron micrograph of the collagen (C)
fibrils crossing between enamel and dentin (D) at the dentin-
enamel junction.
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layer. Smear layers formed on dentin cover the normal
structural components (i.e., the intertubular dentin) and
penetrate several micrometers into the tubules to form
smear plugs. With scanning electron microscopy (SEM),
Eick et al. (54) directly observed, at high magnification,
tooth surfaces after cutting and claimed that the dentin
smear layer could be described as a disturbed film of
organic and hydroxyapatite particles, generally less than
2-mm thick. Although it has been generally accepted that
the composition of the dentin smear layer is a mixture of
partly denatured collagen and mineral (54–56), definitive
compositional, structural, and chemical reactivity data
have been published recently (57,58).

Acids with a high reactivity rate with the mineral
component of dentin have been considered a good reagent
for removing the smear layer. These evaluations were
based largely on scanning electron micrographs of acid-
etched dentin that portrayed a smooth dentin surface, free
of solid deposits and open tubules (Fig. 3). One factor that
was potentially overlooked in these morphologic investi-
gations is that much of the detail associated with the
intertubular area of the acid-etched dentin surface is
actually hidden by the smooth surface (Fig. 4). Critical
detailed information about the structure of this area is
obscured; the effect of acid on the organic and inorganic
components of the smear layer covering the intertubular
dentin cannot be disclosed with this technique.

Confocal Raman microspectroscopy (CRM) was used to
characterize the chemical nature and structural changes
of the constituents of the smear layer before and after acid
etching. Raman spectroscopy permits structural analysis
of samples by identifying specific light-induced molecular
vibrations. Information about the composition, secondary
structure, and interaction of molecules, including the
chemical microenvironment of molecular subgroups, can
be determined through careful analysis of the positions,
intensities, and widths of the bands in the Raman spectra
of biological tissues such as collagen. Raman spectroscopy
can provide critical data on triple helix to random coil
transitions that may occur in dentin collagen as a result of
heat, acid, or other degrading reagents. In the Raman
spectra of collagen, bands associated with amide I and III

are particularly sensitive to conformational changes in the
triple helix (59).

Features associated with amide I and III are apparent
in the Raman spectra of demineralized, mineralized den-
tin, diamond, and carbide-bur smear layers as well as the
acid-etched and ethylenediaminetetraacetic acid (EDTA)-
treated smear layers (Figs. 5–8). In comparison with the
spectrum of completely demineralized dentin, the amide I
and III are broadened in the spectra of the EDTA-treated
smear layers, but the relative intensities are similar (Figs.
6 and 8). The broadening of these spectral features with
little change in the ratio of the relative intensities sug-
gests that the collagen within the EDTA-treated smear
layers is disorganized but not denatured (60). In addition,
the effective removal of the mineral component in the
EDTA-treated smear layers suggests that the collagen did
not form a gelatinous matrix that would shield the
mineral from this reagent.

Amide I and III regions were broadened and the ratio of
the relative intensities is considerably different in the
spectra of the acid-treated smear layers as compared
with the demineralized dentin (Figs. 6 and 7). The band

Before etch After etch

10µm

Figure 3. Scanning electron micrographs of ex-
posed dentin surface before and after etching. Be-
fore etching, the dentin surface is covered by a
smear layer composed of cutting debris as well as
organic and mineral components from the dentin.
Open dentinal tubules and a smooth surface free of
debris are clearly visible in the micrograph col-
lected from this smear-layer covered dentin sample
following etching for 15 seconds with 35% phospho-
ric acid.

Figure 4. Scanning electron micrograph of a dentin sample that
was fractured to avoid producing the smear layer shown in Fig. 3.
The fractured surface was etched for 15 seconds with 35%
phosphoric acid. The fractured surface shows detail in the inter-
tubular area that was obscured in the image collected from the
dentin surface that was covered with a smear layer and etched
(Fig. 3).
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assignments are shown in Table 1. The most striking
difference is seen in the amide III region. Substantial
broadening and loss of intensity of the features associated
with amide III exist in the spectra of both carbide and
diamond-bur-created smear layers following a 15 s etch
with phosphoric acid (Figs. 9 and 10). Broadening and the
accompanying change in the ratio of the relative intensi-
ties of amide I and III suggests that the collagen within
the acid-treated smear layers is disorganized and dena-
tured (60).

The relative intensity of the P–O group in the spectra of
the acid-treated smear layers suggests that the mineral is
not accessible to the acid. These results further suggest
that on acid exposure, the disorganized collagen within
the smear layer forms a gelatinous matrix around the
mineral; the mineral is trapped within this denatured gel
and, thus, shielded from the acid. The spectral results
suggest that as a result of the heat and, potentially,

mechanical stress produced during preparation of the
dentin, the collagen within the smear layer is disorga-
nized. This disorganized collagen is denatured by 15 s
exposure to the 35% phosphoric acid gel used in this study.

The Raman results shows that the collagen component
was not dissolved and only a portion of the mineral in the
smear debris was dissolved in the acids (58). Presumably,
after acid etching, the dissociated organic debris in the
smear layer and the smear plugs on the top of dentin could
be rinsed off; however, the mineral trapped within the
gelatinized collagen or the disorganized/denatured col-
lagen in contact with the substrate could not be so easily
removed. The results from the in situ micro-Raman map-
ping of the smear layer/demineralized/mineralized dentin
interfaces support these suggestions. That is, spectral
features associated with both the mineral component
and denatured collagen were observed in the acid-etched
smear layer; these results are consistent with our obser-
vations on the acid-treated smear debris (58). Similar
phenomena were also recorded in acid-etched dentin
covered with smear layers created with dental burs (57).
The presence of the organic debris in the smear layer may
be a critical factor that interferes with the bonding of
polymeric materials to the prepared dentin surface.

6.2. Repair with Polymeric-Based Materials

With the public’s concern about mercury release from
dental amalgam and the environmental issues associated
with discharge of mercury into the waste water, it is
expected that dentists will frequently turn to other syn-
thetic replacement materials such as composite resin to
repair both anterior and posterior teeth. A key factor in
the long-term clinical success of these repairs is successful
attachment or bonding of the composite material to the
tooth surface. Breakdown of the composite/tooth bond
leads to the formation of gaps at the material/tooth inter-
face; the gaps act as a conduit for penetration of bacterial
enzymes, bacteria, fluids, and ions. This exchange of fluids
and bacteria at the interface is commonly referred to as
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microleakage and is recognized as a major factor contri-
buting to hypersensitivity (61) as well as secondary caries
(62).

The bond at the tooth surface/composite material inter-
face actually involves two distinctly different substrates
(i.e., dentin and enamel). The composition of the enamel is
approximately 98% mineral and 2% protein, whereas the
dentin is 50% mineral, 30% protein, and 20% water by
volume (63). Acid etching provides effective mechanical
bonding between the composite restoration and treated
enamel; but substantial evidence exists that the bond at
the dentin surface experiences premature degradation
(61,62,64). Breakdown of the bond at the tooth surface/
composite material interface has, thus, been linked di-

rectly to the failure of our current materials to consis-
tently seal and adhere to the dentin (65).

Current theories on dentin bonding suggest that two
fundamental processes are involved in bonding an adhe-
sive to dentin. First, the mineral phase must be extracted
from the dentin substrate without altering the collagen
matrix, and second, the voids left by the mineral must be
filled with adhesive resin that undergoes complete in situ
polymerization [i.e., the formation of a resin-reinforced or
hybrid layer (66)]. The ideal hybrid layer would be char-
acterized as a three-dimensional polymer/collagen net-
work that provides a continuous and stable link between
the bulk adhesive and dentin substrate. Substantial evi-
dence exists to suggest that this ideal objective is not
achieved. Instead of serving as a stable connection be-
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Figure 8. Carbide (a) and diamond (b)-bur smear layers treated by 0.5M EDTA for 4 hrs.

Table 1. Spectral Identification

Specimen Raman Shift (cm� 1) Tentative Assignment

Mineralized dentin 1635, 1666 Amide I (CQO stretch)
1428, 1451 CH3 asymmetric deformation and CH2 deformation
1244, 1268 Amide III

(N–H bend and C–N stretch)
1069 CO3

� 2 o1, B type CO3
�2

959 PO4
� 3, o1

Demineralized dentin collagen 1635, 1666 Amide I (CQO stretch)
1428, 1451 CH3 asymmetric deformation and CH2 deformation
1244, 1268 Amide III

(N–H bend and C–N stretch)
935 C–C stretch

Smear layer 1666 Amide I
1244 Amide III
1428, 1451 CH3 asymmetric deformation and CH2 deformation
960 P–O symmetric stretch
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tween the bulk adhesive and subjacent intact dentin, the
hybrid layer has been called the weakest link in the
dentin/adhesive bond (67).

The hybrid layer could be portrayed as the ‘‘Achilles
heel’’ of the dentin/adhesive bond. This characterization is
based on the results of several in vitro investigations as
well as a recent in vivo study, which suggests that the
hybrid layer is not stable in aqueous environments (67–
69). Based on these studies, the hybrid layer does not form
an impervious three-dimensional collagen/polymer net-
work throughout the breadth of the demineralized dentin.
Instead, as recorded in a recent micro-Raman spectro-
scopic investigation, the adhesive may undergo a physical
‘‘oil and water’’ separation as it interacts with the wet
demineralized dentin matrix (70–72). In this study, the
intrinsic vibrational signatures of the constituents at the
dentin/adhesive interface were used to generate chemical
maps of the hybrid layer at 1 mm spatial resolution.
Adhesive diffusion was quantified by comparing spectral
features from the chemical maps of the hybrid layer with
calibration curves generated from model compounds of
adhesive and type I collagen. With the commercial
BisGMA/HEMA (2,2-bis[4-(2-hydroxy-3-methacryloxy-

prop-1-oxy)phenyl]propane/2-hydroxyethyl methacry-
late)-based bonding resin used in this study, spectral
evidence of phase separation occurred at B2mm into the
wet, demineralized dentin matrix. The majority of the
intertubular dentin/adhesive interface was characterized
by collagen fibrils from the demineralized dentin matrix
with limited contribution from the critical dimethacrylate
component (BisGMA) (70–74). The dimethacrylate
BisGMA is the formulation component that contributes
most to the cross-linked polymeric adhesive; the mono-
methacrylate HEMA cannot cross-link with itself and can
only become part of a cross-linked system by copolymeriz-
ing with the BisGMA.

If composite resins are to be considered a viable alter-
native to dental amalgam, the durability of the interfacial
bond must be addressed. Under in vivo conditions, this
bond can be the first defense against substances that may
penetrate and ultimately undermine the restoration. The
durability of the dentin/adhesive bond is directly related
to the quality of the hybrid layer that connects the bulk
adhesive to the subjacent, intact dentin. Determining the
quality of this layer has been a formidable problem, and,
to date, the majority of our techniques have provided only
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an indirect assessment of quality. For example, testing
methods that measure fracture resistance of bulk dentin/
adhesive specimens before and after water immersion are
not sensitive enough to identify interfacial defects where
degradation begins. High resolution analytical techniques
that allow direct nondestructive in situ detection of mole-
cular structure and micro-mechanics and provide us with
the capability of measuring these properties at a spatial
resolution approximately equivalent to a hybrid layer
(B2–10mm) are needed (18,19,75).
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1. OVERVIEW OF TOOTH STRUCTURE

The tooth consists of two parts, the crown and the root(s)
(Fig. 1). The crown, the part exposed to the oral cavity, is
associated with chewing or mastication, whereas the root
is anchored in the alveolar (jaw) bone (1). Both the root
and the crown are primarily dentin, composed of 70%
(weight %) inorganic material; 20% organic material, and
10% fluid (2). The inorganic mineral component is hydrox-
yapatite crystals (3). The organic component is predomi-
nantly type I collagen with a minor contribution from
phosphoproteins, glycoproteins, and g-carboxyglutamate-
containing proteins (4). The composition of dentinal fluid
is reportedly similar to plasma, but to date, it has not been
well characterized (3). The central pulp chamber contains
the tooth’s vascular and nerve tissue. Although root
dentin is covered with cementum, 50% mineral, and 50%
organic matrix, again primarily type I collagen, crown
dentin is covered with enamel, the most highly mineral-
ized tissue found in the body. The composition of enamel is
96% hydroxyapatite mineral, 3% water, and o1% organic
matrix (2).

A characteristic feature of dentin, the predominant cal-
cified tooth tissue, is its permeation by tubules that tra-
verse its entire thickness and contain the cytoplasmic
extensions of the pulpal neurons and the odontoblasts,
the cells that initially formed dentin and subsequently
sustain it. The odontoblast cell bodies are located at the
inner edge of the dentin forming the peripheral boundary
of the dental pulp (1,2). The presence of the neuronal and
odontoblastic cell processes makes dentin a different tis-
sue than enamel. For example, dentin is a sensitive tissue,
which is also capable of limited repair, because the odon-
toblasts can be stimulated to deposit more dentin.

The composition, mineralization, and structure of den-
tin are modified by a variety of factors including physio-
logical aging and disease processes (3). A wide variety of
terms, including ‘‘primary,’’ ‘‘secondary,’’ ‘‘tertiary,’’ ‘‘scle-
rotic,’’ and ‘‘transparent,’’ have been used to describe the
different types of dentin (1). Primary dentin is formed be-
fore and during tooth eruption, whereas secondary dentin
is formed as a result of physiologic stimuli after tooth
eruption. Unlike secondary dentin, tertiary or reparative
dentin is formed in response to a pathologic stimulus, such
as caries, dental decay. The terms ‘‘sclerotic’’ and ‘‘trans-
parent’’ dentin are often used interchangeably to describe
dentin that has altered mineralization. Sclerotic dentin
describes tissue that exhibits obliteration of the dentin
tubules as a result of progressive deposition of peritubular
dentin (3). This type of dentin is generally found in the

roots, especially near the apex, and the amount of scle-
rosed dentin increases with age (1).

Dentin can also be described as a hydrated composite
structure that constitutes the body of each tooth, provid-
ing both a protective covering for the pulp and serving as a
support for the overlying enamel. Enamel with its excep-
tionally high mineral content is a brittle tissue. Without
the support of the more resilient dentin structure, enamel
is so brittle it would fracture when exposed to the forces of
mastication, which can vary from 150–250N on incisors to
660–1700N on molars (5–10). Thus, dentin supports as
well as compensates for the brittle nature of the enamel.

2. CHARACTERISTICS OF THE DENTIN–ENAMEL
JUNCTION (DEJ)

The Dentin–enamel junction (DEJ) is a natural junction
that unites two mechanically dissimilar calcified tissues:
hard, brittle enamel and the subjacent softer, tougher
dentin. The DEJ structure is generally described as a se-
ries of 25–100-mm-diameter scallops with their convexities
directed toward the dentin (Fig. 2) (2). In addition, micro-
scallops seem to be housed within each scallop and a finer
nanolevel structure within each microscallop (11). The
DEJ is also characterized by parallel 80–120-nm-diame-
ter collagen fibrils (11) that merge with the interwoven
fibrillar network of the dentin collagen matrix and directly
insert into the enamel mineral (Fig. 3). The fibrils, how-
ever, extend only a few hundred nanometers into the
enamel (12).

Root

Crown

Cementum

Pulp chamber

Dentin

DEJ

Enamel

Figure 1. Diagram of longitudinal cross section of an incisor.
Note the anatomical boundary, dentin–enamel junction (DEJ),
between the mineralized tissues in the crown.
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A recent investigation using an atomic force microscope
(AFM) nanoindenter reported that enamel has elastic
modulus and hardness values of approximately 90GPa
and 3.5GPa, respectively (13), whereas intertubular den-
tin elastic modulus and hardness values were approxi-
mately 20 and 1GPa, respectively (14). In contrast to the
discrete mechanical property values reported with bulk
enamel and dentin, the DEJ has been characterized as a
region of functionally graded properties between the en-
amel and the dentin (15,16). Accordingly, the DEJ is con-
sidered an interphase rather than an interface, which
refers to the presence of a sharp two-dimensional bound-
ary between two phases, i.e., polymer and glass (17). The
mechanical property gradient has been reported as a
smooth gradient across the DEJ, with hardness and elas-
tic modulus values highest in the enamel, intermediate
across the DEJ, and lowest in the bulk dentin (14,18,19).
In contrast, other investigators have reported that hard-
ness and the elastic modulus are lowest at the DEJ
(16,20,21). In addition, Fourier transform infrared micro-
spectroscopy (16) and Raman microspectroscopy (22) in-
vestigations have reported that the mineral content near
the DEJ was lower than mineral levels in either enamel or
bulk dentin. Decreased mineral values at the DEJ would
tend to support the concept that the DEJ would have the
lowest hardness and elastic moduli values.

Although the optical width of the DEJ seems to be ap-
proximately 2–4 mm, the reported functional width or bio-
mechanical transition zone, as indicated by the DEJ
mechanical property gradient, varies greatly, depending
on the measurement technique (13,18,23,24). Using mi-
crohardness, a 100-mmDEJ functional width was reported
(18), nanoindentation DEJ width measurements ranged
from 12 to 25 mm (18,24), and DEJ width with AFM nano-
scratch technique was approximately 2 mm (13,23). Recent
reports using autofluorescence microscopy (23,25) esti-

mated the DEJ width to be approximately 10–20 mm,
which would be in closer agreement with nanoindenta-
tion results.

Whatever the reported dimensions and morphology of
the DEJ, the DEJ region is known to be an effective ob-
stacle for enamel-initiated crack propagation (26–28). On
clinical examination, almost all adults have numerous
cracks within the enamel of their teeth; however, these
flaws do not propagate into dentin to fracture the tooth.
Although the fracture strength of enamel and dentin have
been measured in numerous investigations (29–32), the
complexity of the DEJ configuration makes the DEJ more
difficult to study with conventional mechanical testing
methods. Although the shear strength of the DEJ region
has been estimated as 39MPa, interestingly, all fractures
occurred in dentin and never exactly at the DEJ (33). A
more appropriate method of testing the mechanical char-
acteristics of the DEJ involves a fracture mechanics ap-
proach (26,28,34). An investigation using work of fracture
reported that dentin in the proximity of the DEJ is more
resistant to fracture than either enamel or bulk dentin;
again it was reported that minimal failure actually oc-
curred at the DEJ (26). The apparent lack of failure di-
rectly within the DEJ has been illustrated in more detail
by Lin and Douglas (28) and Dong and Ruse (35) in crack
propagation studies across the enamel–DEJ–dentin com-
plex. Both investigations reported that cracks initiated in
enamel were deflected at the DEJ region. The width of the
deflection zone varied from 50 to 100 mm (28) and 100 to
150 mm (35). Again, these values imply that the DEJ func-
tional width is much larger than the optical width. Crack
propagation deflection across the DEJ has generally been
explained based on the DEJ structure and associated
graded mechanical properties (28,35). A more detailed ex-
planation of DEJ crack deflection has been based on re-
ported decreased mineralization and the associated

Dentin

(a) (b)

Enamel

Dentin

Enamel

Figure 2. Scanning electron microscopy (SEM) micro-
graphs. (a) Representative DEJ specimen; note scal-
loped structure (1000 � ). (b) DEJ specimen treated
with 0.1M ethylenediaminetetraacetic acid (EDTA)
demineralization (90min) to better visualize internal
details of the scalloped structure (1250 � ).

Enamel

Dentin

(a) (b)

Figure 3. SEM micrographs. (a) Fibrillar collagen
structure within one scalloped-shaped area in an
EDTA-treated DEJ specimen (10,000 � ). (b) Boxed
area of (a) enlarged to 22,000 � . Note parallel collagen
fibers extending from dentin and inserting into enamel
(Bar¼2 mm).
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increased collagen-to-mineral ratio within the DEJ as
compared with enamel and dentin (16,22,35). It has been
proposed that because of the increased collagen propor-
tion, the DEJ can be regarded as a fiber-reinforced struc-
ture capable of plastic deformation during crack
propagation (35).

It is apparent that the DEJ is a complicated structure
within the human tooth, and despite a human lifetime of
cyclic loading associated with masticatory function and
even occasional excessively high-stress impact loading,
enamel rarely delaminates from dentin. Cracks that ini-
tiate in enamel are limited or blunted by the DEJ. Thus,
DEJ failure and associated tooth fracture is not typical.
The DEJ scalloped structure with collagen fibrils crossing
between enamel and dentin may account for the enhanced
physical integrity between the two dissimilar calcified tis-
sues. In addition, relative to the unique microstructure,
the functionally graded hardness and elastic modulus
properties across the DEJ provide a mechanically tougher
zone of tooth structure that is essential to long-term tooth
function.
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Biomedical engineering research has brought many im-
provements to diabetes care and management. This arti-
cle introduces the application of biomedical and
information technologies to several aspects of diagnosis,
monitoring, and treatment of diabetes and provides a com-
prehensive view of current methods, systems, and future
trends devoted to improve the quality of diabetes care and
the quality of life of diabetic people.

Diabetes is a metabolic disorder primarily character-
ized by elevated blood glucose (BG) levels and by micro-
vascular and cardiovascular complications that
substantially increase the morbidity and mortality asso-
ciated with the disease and reduce the quality of life of
diabetic patients. Inadequate secretion of insulin by the
diabetic pancreas results in poor control of normoglycemia
(normal condition of blood glucose level) and elevated
blood glucose concentrations (hyperglycemia).

The cause of diabetes continues to be unknown, al-
though both genetics and environmental factors such as
obesity and lack of exercise seem to play roles. In Western
societies, diabetes and its complications are still causing a
tremendous amount of suffering in over 5% of the popula-
tion. A least 150 million people today have diabetes, and
by 2025, this will rise to 300 million (1). Much of this in-
crease will occur in developing countries and will be a re-
sult of population growth, aging, unhealthy diets, obesity,
and sedentary lifestyles. By 2025, although most people
with diabetes in developed countries will be aged 65 years
or more, in developing countries, most will be in the 45–64-
year age bracket and affected in their most productive
years.

Over the last three decades, diabetes has been a major
focus for biomedical engineering efforts to improve the di-
agnosis, monitoring, and treatment of diabetic people.
Many different biomedical and information technologies,
methods, and approaches have been developed ranging
from biomedical sensors to telemedicine. This article cov-
ers some of the most exciting technologies in this field:
biomedical sensors, for development of continuous blood
glucose monitors; biomedical instrumentation, for self-
monitoring data collection and continuous insulin deliv-
ery; mathematical modeling, for better understanding of
the physiological processes involved in the metabolic con-
trol; and application of information technologies, such as
database management systems, data analysis and visual-
ization tools, intelligent decision support techniques, and
telemedicine systems. As a result of this extensive re-
search activity, the literature is full of reviews of technol-
ogy applications in diabetes care (2–4), specialized
journals on diabetes technologies an therapeutics are ed-

ited (5), scientific study groups have been established (6),
and several international symposia devoted specifically to
this topic have been organized as well (7–9).

1. DIABETES MELLITUS

Diabetes mellitus is a group of metabolic diseases charac-
terized by hyperglycemia resulting from defects in insulin
secretion, insulin action, or both (10). The chronic hype-
rglycemia of diabetes is associated with long-term dam-
age, dysfunction, and failure of various organs, especially
the eyes, kidneys, nerves, heart, and blood vessels.

Most cases of diabetes fall into three broad etiopatho-
genetic categories: type 1, type 2, and gestational diabetes
(10). Type 1 diabetes is characterized by the total reliance
on exogenous insulin for survival and comprises 10% of all
cases with diabetes. Type 2 is the more prevalent form of
diabetes, comprises 90% of all people with diabetes, and is
characterized by insulin deficiency and/or insulin resis-
tance. Gestational diabetes affects about 4% of all preg-
nant women. The inability of a large proportion of the
population in the more affluent Western societies to cope
with the excess caloric supply together with a lack of
physical exercise results in a greater prevalence of type 2
diabetes.

In type 1 diabetes, the cause is an absolute deficiency of
insulin secretion. It appears when the pancreas no longer
makes insulin, because of beta cells destruction, and the
glucose cannot be metabolized. People with type 1 diabetes
need insulin administration to use glucose from meals.
Nowadays, a well-treated type 1 diabetic patient can ex-
pect to have an almost normal life span as the benefits of
intensive therapy management have been well estab-
lished and include reduced long-term complications (11).
However, the achievement of the therapeutic goals and
current management guidelines (12) implies a significant
increase in the amount of patient data to be monitored, the
need of a tight control of patients in their self-monitoring
blood glucose levels, and day-to-day insulin adjustment.
Even more, intensive therapy requires a better patient
empowerment and education, increases physicians and
nurses workload, and raises immediate health-care costs.

Type 2 diabetes results from a combination of resis-
tance to insulin action and an inadequate compensatory
insulin secretor response. People with type 2 need diabe-
tes oral medication or insulin injections to control their
blood glucose levels. Prediabetes is a condition that occurs
when a person’s blood glucose concentration is higher than
normal but not high enough for a diagnosis of type 2 di-
abetes. The number of people with prediabetes in the
United States (16 millions) is almost similar to the num-
ber of diabetics.

Diabetes in pregnancy may give rise to several adverse
outcomes, including congenital malformations, increased
birth weight, and an elevated risk of prenatal mortality.
Strict metabolic control may reduce these risks to the level
of those of nondiabetic expectant mothers.

The treatment of diabetic patients attempts to achieve
normoglycemia by maintaining a careful balance among
diet, physical exercise, and insulin therapy. Effective con-
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trol of a patient’s blood glucose level minimizes the pro-
gression of the disease and reduces the risk of long-term
neurological, renal, and cardiovascular complications. Sci-
entific prospective studies have provided evidence on in-
tensive insulin therapy, based on multiple insulin
injections or continuous insulin delivering, as the most
appropriate method to equilibrate a patient’s blood glucose
and to delay the onset and slow the progression of com-
plications later in life.

1.1. Blood Glucose Control

People with diabetes must keep their blood glucose levels
(glycemia) as close to normal as possible. Patients monitor
their blood glucose levels (self-monitoring) during the
daily life to predict and avoid hypoglycemia (low blood
sugar level) and hyperglycemia (high blood glucose level)
and to make decisions regarding the adjustment of
changes of insulin doses, meals, and physical activity.
This information is also used by diabetic people to under-
stand how the glucose control variables, namely insulin,
food, exercise, and other events such as stress or illness,
affect the daily blood glucose profile.

Physicians and nurses assess the patient’s glycemic
control on the basis of patient-reported monitoring of
blood glucose data as well as by the glycated hemoglobin
(HbA1c) test, which provides an indication of the average
blood glucose level over the previous 2 to 3 months.

1.2. Insulin Therapy

Insulin is a hormone produced by beta cells inside the
pancreas. After each meal, beta cells release insulin to
decrease blood glucose levels allowing glucose to move into
cells. Insulin is secreted in the nondiabetic person at two
rates: a slow constant delivery throughout the day, called
the basal insulin level, and an boost insulin pattern at
mealtimes (Fig. 1a).

Insulin therapy aims to mimic the physiological insulin
patterns delivered by the pancreas in nondiabetic people
with the injection of short-acting insulin given under the
skin (subcutaneously) just before the meal and long-acting
insulin given in the morning and evening to simulate the
basal supply (Fig. 1b). Unfortunately, short-acting insulin
is not absorbed quickly enough from the subcutaneous site
to control adequately the meal-related blood glucose in-
crease, and long-acting insulin injections do not provide a
constant insulin level in the blood.

Insulin cannot be orally taken as it would be broken
down during digestion. Therefore, insulin must be injected
and its efficiency depends on when glucose from the taken
food starts to enter your blood (13). For example, insulin
works best if taken 30 minutes before eating. The place on
the body where insulin is injected affects the blood sugar
level. For example, insulin shots arrive faster in the blood
when given in the abdomen and a little more slowly when
injected on the upper arms.

Type 1 diabetics usually start with a therapy regime
based on two injections of insulin per day of two different
types of insulin. This initial insulin pattern generally
evolves to three or four injections per day of insulin of
different types. The types of insulin used by the patient

depend on their blood sugar levels. Clinical trials have
shown that an insulin regime called ‘‘intensive therapy’’
(Fig. 1) gives the best blood sugar control and can prevent
or delay the eye, kidney, and nerve damage caused by di-
abetes. Intensive therapy implies three/four injections a
day or a continuous insulin infusion by insulin pumps.
Type 2 diabetics take diabetes pills for controlling blood
glucose levels or they may need one injection per day.

There are four types of insulin, based on how soon the
insulin starts working (onset), when it works, the hardest
(peak time), and how long it lasts in the human body (du-
ration) (13). However, each person responds to insulin in
his or her own way. That is why onset, peak time, and
duration are given as ranges. The rapid-acting insulin
(Lispro) reaches the blood within 15 minutes after injec-
tion, it peaks 30 to 90 minutes later, and may last as long
as 5 hours. Short-acting (regular) insulin usually reaches
the blood within 30 minutes after injection, it peaks 2 to 4
hours later, and stays in the blood for about 4 to 8 hours.
Intermediate-acting (NPH and lente) insulin reaches the
blood 2 to 6 hours after injection, it peaks 4 to 14 hours
later, and stays in the blood for about 14 to 20 hours. Long-
acting (ultralente) insulin takes 6 to 14 hours to start
working, it has no peak or a very small peak 10 to 16 hours
after injection, and it stays in the blood between 20 and 24
hours. Some insulins are mixed together, as for example
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Figure 1. (a) Insulin profiles in a nondiabetic person; (b) insulin
profiles in a diabetic subject.
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regular and NPH insulins, to make it easier to inject two
kinds of insulin at the same time. Insulin is administered
in liquids at different strength determined by the number
of units of insulin per milliliter of fluid.

2. DIABETES CARE TECHNOLOGIES

The course of chronic diabetes care is a cyclic process that
can be represented in a care model (see Fig. 2) that in-
volves the following actions: (1) ambulatory monitoring of
the blood glucose level and other metabolic control vari-
ables (insulin, exercise, food, etc.); (2) assessment of the
metabolic control on the basis of data recorded and eval-
uation of the current treatment regimen; (3) planning of
management actions whenever therapeutic goals are not
achieved; and (4) therapy adjustment by the implementa-
tion of therapeutic actions (insulin dose changes, meals,
etc.) to maintain the required metabolic control of the di-
abetic patient.

At any stage of this care model, biomedical and infor-
mation technologies are applied to improve the diagnosis,
monitoring, and therapeutic actions taken by patients and
doctors:

1. Blood glucose monitors for measuring the concen-
tration of blood glucose and helping patients to per-
form self-monitoring activities.

2. Metabolic modeling to study the physiological pro-
cesses involved in the insulin and blood glucose ki-
netics and to predict the evolution of the metabolic
status of a certain patient under changes of other
control variables (i.e., diet, exercise).

3. Information technologies to help both patients and
doctors perform all required actions to monitor, as-
sess, and control the patient’s metabolic evolution
and to carry out corrective actions to maintain the
normoglycemia situation.

4. Control algorithms for closed-loop control systems
that integrate glucose sensor measurements and

continuous insulin delivery to search for the so-
called artificial pancreas.

5. Insulin delivery systems (injectors, transdermal and
inhaled administration, and insulin pumps for con-
tinuous delivery).

The next sections describe in more detail the applica-
tion of biomedical and information technologies in diabe-
tes care and illustrate examples of these technological
approaches.

3. INSULIN DELIVERY SYSTEMS

The most common mean of insulin delivery is a syringe.
Other choices are insulin pens that provide a multi-injec-
tion technique and portable pumps either external or im-
plantable. Insulin pens contain a cartridge of insulin that
is inserted into the pen. Some pens come already filled
with insulin and are discarded after all insulin has been
used by the patient. The insulin dose is dialed on the pen,
and the insulin is injected through a needle, much like
with a syringe.

3.1. Insulin Pumps

Portable insulin pumps were one of the first technologies
introduced into diabetes care (14). The principle of con-
tinuous insulin delivery is that insulin is infused at con-
trolled rates from a small pump worn around the waist.
An insulin pump consists of a reservoir, a pumping mech-
anism, and an infusion rate controller. A fine catheter de-
livers the insulin from the pump at a slow basal rate to the
subcutaneous tissue, with patient-activated insulin bolus
at meal times (15). Most of the time, a pump operates at
the basal insulin rate that is defined in units per hour and
is set by programming the controller system. In addition
to the basal rate delivery, a pump must deliver meal-time
or supplementary bolus doses of insulin. The latest com-
mercial product can be programmed by a PC-based soft-
ware application and include safety procedures (more
than 40,000 software checks are performed) and alarms
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Figure 2. Biomedical and information tech-
nologies for diabetes care.
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to indicate system malfunction and other features (low
reservoir level, basal and bolus limits, etc.). Two main
companies are worldwide marketing insulin pumps: Dis-
etronic-Roche (Switzerland) and Medtronic MiniMed
(United States).

Insulin pumps solve the problem related with continu-
ous insulin delivery because they are designed to supply
an almost-continuous basal insulin dose plus bolus at
meal times (see Fig. 3). Insulin is then delivered contin-
uously into the body imitating the natural pancreas be-
havior. But the problem of how to adjust automatically the
insulin dosage depending on glycemia values is still un-
resolved.

3.2. Implantable Pumps

The search for an implantable closed-loop system has led
to the development of pumps that are implanted subcuta-
neously and deliver insulin into the intraperitoneal space.
The Medtronic MiniMed company has a 7-year lifetime
system with an insulin reservoir that needs to be refilled
every 60 to 90 days (16). The pump is controlled telemet-
rically with a personal pump controller, which allows for
the setting of basal rates and delivery of insulin boluses.
At present, more that 400 patients have this implantable
pump.

3.3. New Insulin Delivery Routes

Various alternative routes have been tested to replace
subcutaneous needle injections, namely, oral intranasal
and transdermal (17). Up to now, oral administration is
not a viable solution as digestive enzymes break down
protein hormones. The absorption of intranasal adminis-
tration is also limited. Transdermal insulin delivery offers
an attractive alternative that eliminates the first-pass
metabolism, minimizes pain, and possibly sustains release
of the drug. However, transdermally administered insulin
penetrates the skin poorly. The most recently developed
alternative route of insulin delivery is inhaled insulin. In-
halation has administered pharmaceuticals with local site
of action in the lungs for more than a century. Inhaled in-
sulin seems to be safe and effective, although long-term
studies have not yet been accomplished and safety issues

related to the formation of insulin antibodies must be an-
alyzed extensively.

4. BLOOD GLUCOSE MEASUREMENT

The BG measurement is the most essential procedure of
assessment for all current therapies for type 1 and type 2
diabetes. The self-monitoring measurement of this vari-
able allows people with diabetes to detect and treat unde-
sired fluctuations in blood glucose levels daily. In addition,
the recording and analysis of blood glucose profiles pro-
vide the basis to assess the evolution of metabolic control
of diabetic people.

The pain and invasiveness of current BG meter tech-
nologies result in diabetic patients testing their BG levels
less than the recommended four to seven times per day. A
great research effort has looked for a noninvasive method
(fast, painless, and convenient) that could increase pa-
tients’ self-monitoring of BG.

4.1. Blood Glucose Meters

The era of home blood glucose monitoring started more
than 30 years ago, and the basic procedure for this phys-
iological variable has changed very little over this period
(18). Patients puncture a fingertip to obtain a blood drop
and place the blood on a strip that performs a chemical
measurement of the blood specimen. The first measure-
ment methods used reflectance photometry to measure
the amount of light, produced by a light emission diode
reflected from the reagent strip that has reacted with the
drop of blood. A photodiode measures the light’s intensity
and converts its energy to electrical signals. The readout is
displayed and expressed in milligrams/deciliter or milli-
mole/liter BG concentration. Some monitor systems em-
ploy absorbance photometry, that is, an optical reading
method that uses two wavelengths to measure glucose
concentration rather than the single wavelength used by
reflectance photometry. Today, most blood glucose moni-
tors use an electrochemical methodology in which an elec-
trode probe measures the current that is produced when
glucose oxidase converts glucose to gluconic acid when
blood is applied to a strip. The resulting current is directly
proportional to the amount of glucose present in the sam-
ple. An alternative approach to the glucose-oxidase elect-
rochemical sensor is the amperometric glucose sensor.
This sensor is based on the direct electrocatalyte oxida-
tion of glucose on noble metal electrodes, such as platinum
black electrodes.

Although current blood glucose monitors are almost
exclusively intermittent and invasive, the evolution on
monitoring technologies is evolving from complicated,
painful, and inaccurate systems to new products that re-
quire a small blood glucose sample, get the reading very
fast, very accurate, and include data management and
communication facilities to help patients to perform self-
monitoring and therapy adjustments (19). These modern
systems, which are marketed by companies such as Becton
Dickinson, Roche, Therasense, and Lifescan, require less
that 1 mL of blood, simplify the process to draw the blood
up into the strip, and take the reading in less than 15
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Figure 3. Insulin profile generated by an insulin pump.
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seconds. Even more, the search for off-finger and less pain-
ful monitoring is moving research efforts to look for alter-
native site testing to measure blood samples from
capillary sites with a low density of nerve endings such
a forearm, upper arm, or thigh. An example of this type of
devices is the FreeStyle monitor marketed by Therasense
(20) that has two distinctive features. First, the system
uses a small sample of blood (0.3 mL) from the forearm,
rather than the fingertip. Second, the device measures
glucose coulimetrically, rather than amperometrically.
Coulimetry is advantageous when it is desirable to in-
crease the signal-to-noise ratio that is highly influenced by
the very small sample of blood. In contrast to the ampe-
rometry method, the glucose in the sample is reacted, and
total charge generated by this reaction is measured. Con-
sequently, the signal is much larger than the signal ob-
tained through traditional amperometry techniques.

4.2. Minimally Invasive Blood Glucose Monitors

The invasiveness of blood glucose monitors lies in how
deeply the sampling mechanism must go to obtain a spec-
imen to measure. In a minimally invasive monitor, the
skin barrier is disrupted, but not any blood vessel walls
(9). Minimal invasive methods measure BG from intersti-
tial fluid (ISF) or other extravascular fluid that can be
harvested from skin. The skin barrier can be disrupted by
several techniques: (1) reverse iontopheresis, (2) microp-
oration by laser, (3) ultrasound poration by cavitation, (4)
powder abrasion such as lactose, and (5) silicon micronee-
dles thinner than a human hair that draws a very small
volume of blood (less than 100 nL).

Reverse iontophoresis involves an extremely low elec-
tric current to extract substances through the skin. The
application of this concept to measure glucose levels led to
Cygnus company to the development of the GlucoWatch
Biographer, a minimally invasive, automatic glucose mon-
itoring device that extracts the ISF liquid with two elec-
trodes (21). The GlucoWatch system is a wrist-worn device
that measures and display glucose levels automatically
every 10 to 20 minutes. The glucose molecules are col-
lected in gel collection disks that are part of a single-use
amperometric enzymatic biosensor. After a 2-hours warm-
up period, the monitor provides up to three glucose read-
ings per hour for 12 hours after a single-point calibration
procedure with the results from a traditional finger-stick
meter. It also creates an ‘‘electronic diary,’’ storing up to
4000 values that can be reviewed at the touch of a button,
to help detect trends and track patterns. Users can also set
personal glucose alert levels, and an alarm sounds if read-
ings are too high or too low, or if readings rapidly decline.

Although the GlucoWatch system is the first U.S. Food
and Drug Administration (FDA)-approved minimally in-
vasive sensor that provides frequent real-time readings,
the system is still having some drawbacks: The watch re-
quires a 2-hour warm-up period and a calibration with a
finger-stick measurement every 13 hours; the biosensor
life is limited to a 12-hour period, and the complete system
is expensive; other probably more annoying problems are
concerning the sensor movements under the skin that can

distort the results or induce local skin irritations, reac-
tions of blood tissue, and severe inflammations.

4.3. Noninvasive Glucose Monitors

The development of a noninvasive glucose monitor is the
next logical step from invasive to minimally invasive and
then to noninvasive (9). In this section, we will mainly fo-
cus the analysis of noninvasive glucose monitoring tech-
niques on optical measurement techniques that include
near-infrared spectroscopy, raman spectroscopy, photo-
acustic spectroscopy, scatter changes, and polarization
changes (22).

Noninvasive optical measurement of glucose is per-
formed by focusing a beam of light into the body. The light
is modified by the tissue after transmission through the
target area. An optical signature or the tissue content is
produced by the diffuse light that escapes the tissue it has
penetrated. The absorbance of light is from its chemical
components (i.e., water, hemoglobin, melanin, fat, and
glucose). The transmission of light at each wavelength is
a function of thickness, color and structure of the skin,
bone, blood, and other material through which the light
passes. The glucose concentration can be determined by
analyzing the optical changes in wavelength, polarization,
or intensity of light. The correlation with blood glucose is
based on the percent of fluid that is interstitial, intracel-
lular, or capillary blood.

The most investigated optical technology to date is
near-infrared spectroscopy (15). Glucose and other clini-
cally interesting molecules absorb light in the near-infra-
red region of the light spectrum. Absorption readings can
be taken at many different wavelengths, for example,
through the finger tip, and afterward can be related to
blood glucose concentrations. An example of this approach
is based on the implantation of a capsule containing ma-
terial that responds to glucose concentration changes and
can be interrogated from outside the body. The sensor uses
a glucose-binding protein tagged with a dye that fluo-
resces in the near-infrared region. Near-infrared light
passes through several centimeters of tissue, and the flu-
orescence from the sensor can therefore be both activated
and recorded from the body.

Many efforts have been invested for the development of
a reliable noninvasive optical glucose sensor. However,
current systems lack precision and specificity because of
substantial chemical and physical interferences. The de-
vices use multivariate regression analysis that converts
the optical signal to a glucose concentration, but correla-
tion and clinical interpretation of this value is not suffi-
ciently good for clinical use.

An innovative, noninvasive, nonoptical glucose device
has been recently developed with an impedance spectros-
copy approach (23). This technology relies on differences in
how ionic solutes, especially sodium, respond to alternat-
ing electromagnetic fields. The normal impedance pattern
at radio frequencies created by body fluids is impeded and
affected by varying blood glucose concentrations allowing
an indirect noninvasive glucose measurement. Results
from system evaluation are promising, although the tem-
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perature seems to affect sensor signal as well as sweat and
relocations of sensor.

4.4. Continuous Blood Glucose Measurements

A continuous glucose monitor makes automatically a mea-
surement of glucose readings to be stored and displayed
every few minutes, despite current blood glucose monitors
that provide an intermittent glucose measure on demand.
Information obtained from continuous glucose monitoring
allow patients and their health-care providers to better
understand how to adjust their amounts of calories, exer-
cise, and medications to maintain glucose levels within a
target range (24). Even more, nocturnal hypoglycemia and
postprandial hyperglycemia can be discovered in many
patients who use continuous glucose monitoring.

Several technologies and approaches have been applied
to implement continuous glucose sensors. The most inves-
tigated type of glucose sensor is an ‘‘amperometric enzyme
electrode,’’ a needle or fine flexible probe implanted in the
subcutaneous tissue (15). At the active part of the probe,
the enzyme glucose oxidase is immobilized at a charged
electrode, such as platinum. The production of hydrogen
peroxide from the enzyme catalyzed oxidation of glucose is
monitored by a current flow. The first commercial glucose
sensor of this type, the Medtronic MiniMed Continuous
Glucose Monitor System (CGMS), received FDA approval
in June 1999. The CGMS is a retrospective sensor, al-
though future versions of this device will allow glucose
reading in real time. It is only available to doctors for pa-
tient monitoring over a 48- to 72-hour period. The sensors
are enzymatic (working with H2O2), subcutaneous, and
permanently provide an electrical current, which is as-
sumed to be proportional to blood glucose level. Blood glu-
cose measurements are calculated and stored every 5
minutes, although the CGMS can technically provide
more continuous information. After wearing the sensor,
the patient returns to the doctor’s office where the monitor
is downloaded to a computer. Graphs display the contin-
uous glucose data, and the doctor can see the whole pic-
ture. Markers on the graph designate meals, exercise, and
other important events, so that the results are easy-to-
read graphs and data tables for clear interpretation and
analysis. The current version of CGMS has shown accu-
racy limitations mainly when low glucose levels appear at
night, and the Medtronic company is developing a new
manufacturing process to improve the sensor performance
and reliability.

One of the main problems of amperometric glucose sen-
sors is the insufficient stability of the signal measured
with glucose electrodes. Microdyalisis is an alternative
technology that may avoid undesirable sensor–tissue in-
teractions by separating the site of sampling from the site
of measurement. A hollow dialysis catheter or needle is
inserted in the subcutaneous tissue and slowly perfused
with buffer. Glucose diffuses into the catheter from the
tissue and is pumped to the outside of the body where it
can be measured by a biosensor. The fluid inside the nee-
dle is continuously replaced by pumping it out into a waste
bag in exchange for unused fluid.

Three main microdyalisis-based glucose sensors, which
are to be applied only by professionals, have been devel-
oped: the GlucoDay (Menarini), Accu-Check Monitor
(Roche), and GlucOnline (Disetronic). The GlucoDay and
Accu-Check Monitor systems use physiological saline as
fluid and glucose is measured by a biosensor, with immo-
bilized glucose oxidase each second according to a one-
point calibration vs. capillary blood glucose. The GlucOn-
line system is applied at the arm site and uses a none-
nzimatic sensor system that combines the microdyalisis
method with a viscometry measure of a sensitive liquid
that includes an affinity receptor for glucose. Therefore,
increased glucose concentration results in decreased fluid
viscosity and conversely.

5. ARTIFICIAL PANCREAS AND CLOSED-LOOP DEVICES

The combination of insulin pumps and continuous glucose
monitoring systems seems to be the best current solution
to achieve a good metabolic control for insulin-dependent
diabetic people. Continuous glucose monitoring can detect
glycemia patterns that cannot be discovered only by
means of few daily measurements (25). The possibility of
obtaining a complete blood glucose profile allows monitor-
ing of the suitability of an intensive therapy and it can
fine-tune the therapy. The old concept of the ‘‘artificial
pancreas’’ is starting to be a reality supported by the
availability of these technologies and the integration of
control systems that can close the loop by modifying the
pump parameters (26).

A closed-loop device that maintains normoglycemia
over extended periods of time could dramatically improve
the quality of metabolic control of insulin-dependent dia-
betic patients (27). An artificial pancreas contains three
primary components (see Fig. 4): (1) an insulin pump, (2) a
continuous glucose sensor, and (3) a closed-loop mathe-
matical algorithm to regulate the pump given a sensor
measurement.

Early diabetes closed-loop work dates to the glucose
controlled insulin infusion system (CIIS) and later to the
‘‘Biostator’’ system (27). These bedside systems used the
intravenous (IV) route for insulin delivery and the contin-
uous-flow blood glucose sampling mechanism to maintain
blood glucose concentration at a defined value. Over the
last 30 years, many intravenous insulin delivery algo-
rithms have been developed from linear empirical to non-
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Figure 4. Closed-loop blood glucose control.
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linear differential geometric techniques. Model predictive
control (MPC) has also been applied for blood glucose con-
centration regulation (28). Model-based methods may
have an inherent advantage in blood glucose control pro-
vided that accurate models (those validated with patient
data) are used in controller synthesis.

Although the IV route is ideal for control, the imple-
mentation of a closed-loop system to be used by patients
during their daily life imposes the subcutaneous (SC)
route for insulin delivery and blood glucose measurement.
However, the glycemic control based on SC insulin infu-
sion is complex because of the delay in the absorption of
the SC route. Several closed-loop control algorithms for a
SC infusion vs. SC sensing setup have been reported (26).
Control methods are based on several control strategies
such as pole-assignment, self-tuning adaptive control and
nonlinear predictive control.

One of the latest efforts to achieve an SC–SC closed-
loop control system based on a portable computer has been
done within the European Union-funded research project
ADICOL: ‘‘Advance Insulin Infusion using a Control Loop’’
(29). The project developed a minimally invasive glucose
sensor, which measures glucose in the subcutaneous tis-
sue, and a glucose controller calculating an adequate in-
sulin rate/dose, running on a portable handheld device, to
administer automatically a diabetic individual daily insu-
lin dosage in a precise manner and at the required amount
with the information provided by the glucose sensor. A
novel nonlinear MPC with Bayesian learning (30) was de-
veloped to track parameters of the glucoregulatory system
and control the insulin pump with the aim to normalize in
a controlled way hyperglycemia and to recover quickly
from hypoglycemia.

Over the last few decades, the development of an arti-
ficial pancreas has been a huge challenge on the applica-
tion of biomedical technologies to diabetes therapy. The
evolution of continuous glucose monitoring and insulin
pumps technologies is creating a promising situation in
the near future. However, the current reliability con-
straints of continuous glucose sensor, the nonlinearity of
the glucoregulatory system, and the inherent complexity
of the design of a glucose controller for an SC–SC setup are
still some of the problems to be dealt with before obtaining
a portable artificial pancreas.

6. INFORMATION TECHNOLOGIES FOR DIABETES CARE

Because of its multifactorial and systemic character, dia-
betes mellitus has been considered a paradigm of chronic
disorders. As in the case of many other chronic diseases,
delivery of care is complex and implies considerable
health-care costs as well as being time-consuming. Over
the last few decades, diabetes has been a major focus of
application of information technologies (6,31,32). Nowa-
days, databases, handheld devices, decision-support meth-
ods, and telemedicine systems are becoming essential
components for diabetes care and management (7).

This relevant role of information technologies (IT) in
diabetes care was overemphasized by the adoption and
application of the Diabetes Control and Complications

Trial (DCCT) results (11) and the consequent need to
achieve and maintain the tight control of diabetic people
by the intensive therapy to minimize long-term complica-
tions. The findings of the DCCT imply a significant in-
crease in the amount of patient data to be monitored, the
number of insulin adjustments, and the frequency of self-
monitoring. Intensive therapy also implies a need for bet-
ter patient education and a more complex and continuous
decision-making process for both patients and doctor and,
therefore, a greater amount of the resources needed to
achieve the therapeutic goals. Indeed, it is difficult to en-
visage the widespread delivery of improved glycemic con-
trol, such as seen in the DCCT, without the extensive use
of IT (33). A better understanding of this statement can be
obtained by analyzing the data collection, data analysis,
and decision-making procedures involved in the diabetes
management cycle.

The responsibility of data collection in the process of
diabetes care is shared between patients, who record data
during daily life (self-monitoring data) and the health-
care personnel, who capture data during hospital visits
(hospital patient record). Afterward, a patient’s glycemic
control is assessed by the physician/nurse during the visit
to the clinic on the basis on the patient’s reported moni-
toring data and other clinical indicators such as glycosyla-
ted hemoglobin readings. Doctors use monitoring data to
decide on long-term management issues. Those decisions
are usually taken after examining the last 2 or 3 weeks’
monitoring data, whereas additional retrospective analy-
sis of data or the patient’s self-management decisions is a
difficult and time-consuming task to be considered in the
decision on refining the current therapy plan and educa-
tion assessment.

Patients use self-monitoring data to manage day-to-day
therapeutic decisions. Those control actions are mainly
decided on preprandial blood glucose measurements and
involve corrective insulin supplements. In many cases,
however, additional analysis of other blood glucose mea-
surements (i.e., previous days or previous preprandial
measurements) and self-management situations (i.e., an
increased insulin supplement trend) is required to decide
between an event-corrective action and a therapeutic plan
change. This in-depth analysis is more effective when pa-
tients are provided with the appropriate tools to analyze
the monitoring data. It would also be advisable to have
some means of assuring that patient decisions are finally
supervised and confirmed by doctors.

6.1. Classification of Information Technologies

The evolution of information technology has led to an in-
creased number of computer-based applications to aid di-
agnoses, treatment, and management of patients. Two
system end-user approaches have been reported in the
literature (1,3,34): (1) doctor-oriented systems, also called
‘‘medical units’’ (MUs), which are designed for being used
in hospitals or in a general practitioner’s surgeries that
assist in several different areas of clinical diabetes care,
including computerized out-patient clinic database, sta-
tistical and graphical analysis programs, and integrated
simulation and knowledge-based systems intended for
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therapeutic use; and (2) patient-oriented systems, also
called ‘‘patient units’’ (PUs), for the collection, storage,
and retrieval of self-monitored blood glucose measure-
ments, and other information in respect to metabolic con-
trol. Both approaches offer stand-alone solutions to
doctors and patients to help them in specific aspects of di-
abetes care. Telemedicine provides an integrated ap-
proach to those tools, which enhances cooperation
between users and information sharing and knowledge
(see Fig. 5).

6.2. Patient Units and Electronics Logbooks

The idea of building a handheld device to support a pa-
tient’s diary was first addressed by the middle of the 1980s
(35,36). One of these earlier attempts to support routine
management of patients was the DIACRONO system (35).
The main component of this PU was a portable microcom-
puter designed to work as an electronic logbook. Patients
used the pocket computer to improve data collection fea-
tures offered by standard blood glucose monitoring. This
system also provided basic decision-aid tools aimed to
make the management of daily care easier and allowed
downloading of monitoring data to a PC-based application
for data management and analysis during patient/physi-
cian encounters. The goal to improve communication and
cooperation between patients and doctors led to enhance-
ment of the DIACRONO system allowing telecommunica-
tion between the portable microcomputer and the
physician’s PC-based application to move toward the cre-
ation of telemedicine systems (37). The features of an elec-
tronic patient logbook include

* Data entry. Patients can register self-monitoring
blood glucose both manually or through automatic
download from the glucose meter; comments to BG
values; day-to-day insulin adjustments; modification
of the diet plan; and physical exercise and other
events relevant to the interpretation of blood glucose
levels.

* Graphical data visualization and statistics. The elec-
tronic patient logbook shows monitoring data col-
lected by patients such as blood glucose readings
(see Fig. 6). Patients can perform different plots of
blood glucose values within selected time spans (i.e.,
raw data and summaries associated with specific mo-
ments throughout the day) associated with their re-
lated events (diet modifications, insulin
administrations, schedule modifications, illness,
etc.). Additionally the handheld device shows the sta-
tistical performance over the plots.

* Consultation of the prescribed insulin therapy, diet
plan, and meal information. These data are uploaded
from the MU system at the hospital.

The availability of new mobile computing technologies
has allowed the development of powerful and easy-to-use
PUs exploiting the possibilities of existing personal digital
assistant (PDA) platforms with embedded cellular com-
munication technologies facilities. Figure 7 shows an ex-
ample of a PDA PU user interface.

Some blood glucose measurement companies are also
introducing new products that combine a blood glucose
meter, a diabetes manager, and PDA technology all in one
compact device. An example of this type of handheld de-
vice is the FreeStyle Tracker system (TheraSense) (19)
that provides automatic glucose entry; logbook; diary; op-
tional entries of insulin, exercise, and medications; as well
as statistics and graphs.

6.3. Data Analysis and Decision Support Systems

The amount of data that manages the diabetes is high and
must be conveniently processed and assessed for a correct
patient follow-up. However, data analysis is time-consum-
ing for physicians and it can be tedious and complex for
patients performing it on their own. Besides, monitoring
data are not always in the most suitable format to be in-
terpreted. For example, the blood glucose meters do not
easily allow comparison between glucose levels and
amount of insulin injected.

TELEMEDICINE

PATIENT-ORIENTEDDOCTOR-ORIENTED

Data analysis/
interpretation

Decision
making

Education
tools

Treatment
definition

MEDICAL UNIT
Electronic Health

Record 

PATIENT UNIT
Electronic
Logbook

Figure 5. Classification of information tech-
nologies in diabetes care vs. system end-user.
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Data analysis methods serve to extract meaning from
patient self-monitoring data. Data collected by patients
with the electronic logbooks and the blood glucose meters
must be analyzed by clinicians to yield clinically relevant
information (38). The goals of this analysis are to identify
patterns that might indicate problems with the current
therapeutic regimen, for example, high blood glucose lev-
els after meals, or to simplify data summarization, ex-
tracting statistical parameters from the raw blood glucose
data, such as means and standard deviations. The data
analysis process has to extract as much information as
possible under any situation of data incompleteness, that
is, an intrinsic feature of patients’ self-monitoring data.
The complexity of data processing in diabetes advocates to
combine different methods to analyze clinical data, such as
statistics, rule-based, and model-based techniques, adapt-
ing its results to the data availability.

The analysis of blood glucose monitoring data is exten-
sively reported in the literature, covering a wide set of
approaches: Kahn et al. (39) analyzed the correlation be-
tween insulin modifications and their effects in the blood
glucose profiles; time series analysis extracts the blood
glucose modal day (40); other works reported the use of
expert systems for therapeutic advice delivery to patients
at home (41); rule-based reasoning was applied combined
with mathematical models for the extraction of a BG level
modal day (42) and for the identification of problems and
the generation of a set of alternative suggestions dealing
with insulin therapy, diet, or physical exercise (43).

Statistic-based analysis can both generate data sum-
maries and extract the basic information needed for addi-
tional analysis. To calculate useful statistics parameters
in one specific time period, blood glucose readings have to
be classified as pre- or postprandial measurements asso-
ciated with any of the four main daily meals: breakfast,
lunch, dinner, and night. The outcome of the statistic
analysis will represent the patient metabolic state only
if the number of readings included at each interval is sig-
nificant enough. This analysis can lead to misleading con-
clusions under missing data scenarios.

The rule-based analysis can be used for the detection
and classification of different situations in patient’s con-
trol, as for example, severe abnormalities. Rules can be
expressed as the following: ‘‘IF more than X glycemia val-
ues below 60 mg/dL are found per week, THEN the pa-
tient’s status is Hypoglycemia.’’ Rules can classify the
patient’s state and trigger alarms that could detect a risky
situation or could predict a future metabolic disorder.

The model-based data analysis approach uses physio-
logical models of the metabolism in diabetic patients.
These models can be used for diagnoses, simulation of
therapy changes, and therapy advice. A model usually is
represented by mathematical differential equations, such
as compartimental models of insulin and glucose pharma-
cokinetics (44). A model can be also qualitative, such as
the model represented with a causal probabilistic network
(CPN) (45). The advantage of this type of causal model is
its capacity to manage uncertainty and data incomplete-

DIACRONO GBT 15:30

Data Analysis GLUCOSE Log-book

Meal Time
Date

BB AB BL AL BS BD AD 3 h

16/01/96 165 220 158 130 82 169 58

17/01/96 151

18/01/96 99 92 97 56 51 237 228

Previous
Dates

Following
Dates

Number of Records 30

Help CancelExit OK

Figure 6. Handheld electronic logbook data.
An example of a review screen. Patients can
navigate through the electronic logbook pages
to analyze retrospectively home blood glucose
measurements (in mg/dl). (BB¼before break-
fast, AB¼after breakfast, BL¼before lunch,
AL¼after lunch, BS¼before snack, BD¼be-
fore dinner, AD¼after dinner, 3 h¼3 AM).

Figure 7. PDA-based PU shows electronic
logbook features and data analysis visualiza-
tion.
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ness, which are two of the main characteristics in the am-
bulatory monitoring of patients. In addition, the choice of
CPNs facilitates the application of the model to other
monitoring and therapeutic scenarios because it supports
both diagnostic and predictive reasoning. Quantitative
and qualitative models are the core of ‘‘patient simula-
tors’’ integrated within educational tools for diabetic pa-
tients (3,46,47).

Decision support (DS) tools provide advanced analysis
of data to support patients’ and health-care professionals’
decisions in different scenarios (2), such as (1) data inter-
pretation, (2) diagnosis, (3) diet planning, (4) insulin dos-
age adjustment, and (5) education. DS tools can include a
wide range of possibilities, from basic graphical represen-
tation of clinical parameters to expert systems, and they
are a strategic component for increasing the capacities of
medical information technology systems. The outcome of a
DS system can be prompted from three types of inputs:

1. Activated on user’s demand: including graphical
representation of data from the patient’s electronic
health record; inter- and intrapatient analysis; sim-
ulation of insulin concentrations in blood for differ-
ent therapies; and data mining.

2. Triggered by data (data-driven): including alarm
generation for abnormal values found in blood glu-
cose measurements; intelligent data analysis; trend
analysis; and alarms for drug interactions.

3. Triggered by the information system: including the
notification of events both to patients and to physi-
cians. For example, a DS tool can notify to health
professionals about (a) any interaction of the patient
with the health care organization; and (b) a lack of
relevant data in the diabetes care process, for ex-
ample, any exploration or test that should be done
according the care planning protocol.

The availability of continuous glucose monitoring de-
vices providing real-time readings is increasing the
amount of information about blood glucose levels. There-
fore, patients will need tools to use this information in real
time, and on the other hand, physicians will need new
means to review in a short and comprehensive way this
increased amount of data. Data analysis and decision sup-
port systems will evolve to cope with these demands inte-
grating analysis outcomes within telemedicine systems to
provide remote and prompt feedback to patients. The pro-
cess of designing the user interfaces should include high
efforts to find the most appropriate ways to show data
analysis results and graphs in combination with monitor-
ing data.

The advantages of integrating decision support tools in
the diabetes care system are clear because they can focus
doctors’ and patients’ attention on abnormal data, which
prevents future risky situations. When integrated in tele-
medicine services as automatic data processing proce-
dures, they can provide alarms and instantaneous
feedback to physicians and patients, promoting patient
interaction with the telecare organization and reinforcing
their motivation to use the telemedicine system.

7. TELEMEDICINE

Telemedicine combines telecommunications and informa-
tion technology to deliver health-care services, no matter
where care providers, patients, health-care records, or
equipment are situated (48). Telemedicine is nowadays
making a tremendous and radical change to health-care
models and in particular on how health-care is currently
delivered. It is transforming the relationships between
health-care administrations and companies, professionals,
and patients. Furthermore, the impact of the Internet as
one of the means to provide telemedicine services is chang-
ing the way in which patients gather information about
diseases and drugs, allowing them to communicate di-
rectly with their physicians. Applications falling under
this definition include the transfer of medical images be-
tween health-care centers for remote diagnosis, and the
delivery of care in the individual’s home (e.g. elderly peo-
ple) to support people in their own environment.

In conventional diabetes care, the patient’s status and
glycemic control is normally assessed by the physician/
nurse during the visit to the clinic and is based on the pa-
tient’s reported monitoring data and other clinical indica-
tors such as glycosylated hemoglobin readings. The
communication between the hospital diabetologists and
patients is in many cases, restricted to the maximum
number of visits to the clinic that are normally scheduled
every 3–6 months. Furthermore, the doctor’s workload re-
stricts the visit time assigned to each patient.

A telemedicine system enhances the possibilities of tra-
ditional clinical procedures, providing both doctors and
patients with an integrated service to manage and im-
prove several aspects of daily diabetes care. The system
can be a care tool for all diabetic patient populations (type
1, type 2, gestational diabetes), including those with se-
vere long-term chronic complications and disabilities.

7.1. History of Telemedicine in Diabetes Care

Earlier experiences of telemedicine in diabetes manage-
ment aimed to improve communication and cooperation
between patients and doctors (35). Other preliminary ex-
periences of using telecommunications in diabetes com-
prised the transmission of computerized blood glucose
profiles by telephone modem-based home glucose moni-
toring equipment (49–51). The objective was to improve
the analysis of self-monitoring of blood glucose levels and
to aid data analysis during the patient’s visit to the clinic.
Most of these experiences made use of a telemonitoring
service, but they did not aim to provide patients with any
means or tools to manage daily care issues. In some cases,
and as an extension of remote patient data monitoring,
patients received advice over the telephone on insulin ad-
justments and food intake after transferring results to the
center (52).

The concepts and system architecture of a first com-
prehensive telemedicine approach to diabetes manage-
ment are described elsewhere (37). This preliminary
telemedicine service supported information exchange be-
tween patients and doctors although system functionality
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was restricted by the portable microcomputer technology
available at the time.

Recently, the search for increasing the possibilities of-
fered by telemedicine in diabetes care has led to a growing
number of experiences covering several technological ap-
proaches and scenarios of care delivery (53–55). Telemed-
icine is now being applied in wide-scale health-care
experiences as a main tool for the delivery of home care
and diabetes education to patients (56,57).

Most interactive telemedicine services have been deliv-
ered with a distributed architecture approach integrating
a PU and an MU (53,58,59) (Fig. 8). The PU system is used
by patients and could be implemented on a personal com-
puter or a palmtop computer. The MU system is used by
physicians and nurses at the hospital and was imple-
mented as PC-based applications. Nowadays, technology
evolution has enabled the development of advanced PU
and MU systems based on more powerful, portable, and
easy-to-use terminals and applications, such as handheld
electronic diaries with touchscreen (60), video telephones
(61), or web-based prototype systems (58,62).

7.2. Telemedicine Services

The telemedicine services modify the conventional diabe-
tes care process by providing a new means for patient–
doctor interaction in between scheduled hospital visits.
This system also keeps physicians more informed of devi-
ations in the metabolic control that require therapeutic
interventions or educational recommendations. A tele-
medicine system supports physicians with telemonitoring
and telecare tasks to make available the information
needed for patient management and for decision making
in therapy planning. Telemonitoring affords physicians
the remote supervision and control of patients’ data in
the period between two hospital visits. Telemonitoring
comprises the recording, transmission and visualization
of the main variables considered in diabetes care: blood
glucose levels, diet, insulin dosage, physical activity, and

other related aspects (i.e., ketonuria, drug intake, and fe-
ver). The telecare service permits the physician to re-
motely care for the patient and allows patients to ask for
advice on daily care management situations. This service
comprises two other complementary features: teleconsul-
tation and supervised care. Teleconsultation supports
message exchange between patients and doctors. It is an
asynchronous facility initiated by the patient sending a
message to the doctor asking for advice or for explanation
of some data. The doctor answers the request within the
following 24 hours. The second telecare service can be
called ‘‘Supervised Care,’’ and it provides the patient with
a ‘‘supervised autonomy’’ on diabetes self-management
(34). After data reception, the doctor studies the available
information and decides whether to advise the patient on
treatment adjustment, confirm the short-term therapeutic
decisions taken by the patient on his/her own, or whether
to ask the patient to come into the hospital.

In conventional diabetes care, the patient visit acti-
vates the metabolic state assessment in the current care
process. In the telemedicine protocol (see Fig. 9), the pa-
tient state assessment can be additionally activated by
three reasons: (1) the reception at the MU of patient mon-
itoring data showing undesired data patterns, (2) the tele-
consultation from patients to doctors, and (3) whenever
the doctor considers necessary (i.e., 1 week after a therapy
adjustment).

The telemedicine protocol starts by registering the pa-
tient at the telemedicine system and by opening a new
electronic patient record (EPR) at the hospital, including
the prescribed insulin therapy and diet plan. The PU is set
with the patient’s therapy and blood glucose normal
ranges and includes an electronic logbook. The patient re-
cords his/her daily therapeutic decisions (i.e., day-to-day
insulin adjustments) made to cope with abnormal meta-
bolic values and to adapt the set therapy to meals and
physical exercise. The transfer of information between the
PU and the MU can be activated by the patient at any

Hospital

Physician/Nurse

Patient

Medical
Workstation

Patient
Unit

Diabetes Day Center

Telemonitoring

Telecare

Data
Messages

PUBLIC
TELEPHONE
NETWORK

Figure 8. A telemedicine architecture for dia-
betes care: the palmtop-based PU and the PC-
based MU supporting the telemonitoring and
telecare functions
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time by plugging the PU to a telecommunication network.
After receiving data or a message from a patient, the pa-
tient state assessment is activated. The MU notifies doc-
tors when messages and/or data with associated alarms
are received and offers them tools for data analysis (pa-
tient logbook visualization, graphics, and statistics), ther-
apy definition, and messaging. The result of doctors’
analysis can be a text message containing a recommenda-
tion and/or therapy adjustment that is sent back to the PU
the next time the patient activates the communication.
During the face-to-face visit, physical examination and
tests are performed to detect any new complications and to
assess the development of the patient’s condition. The
EPR is then updated with this new information.

7.3. Telemedicine Benefits

Telemedicine is providing innovative solutions in the ef-
fective treatment of chronic patients. In diabetes manage-
ment, telecare services can provide people the tools they
need to take better control of their illness. The benefits of
telemedicine over conventional care methods are (1) the
increase of the quality and quantity of the information
collected by patients affording a better decision-making
process for doctors and patients; (2) the improvement on
the number of therapy adjustments to be performed by
doctors; (3) a better physician–patient communication pro-
cedure; and (4) the impact of the system to enhance the
metabolic control of patients.

Telemedicine is playing a growing role in the imple-
mentation of diabetes disease management programs. A
disease management program includes patient education,
self-management tools and support, case management,
and follow-up to members of contracted managed care or-
ganizations who have the chronic conditions. Recent stud-
ies have confirmed that prompt feedback of data measured
by the patient followed by timely intervention from the

disease management provider can foster a patient’s ad-
herence, lead to improved outcomes, and reduce care costs
(56).

Despite the extensive application of telemedicine in di-
abetes management, clinical studies have been mainly fo-
cused on remote blood glucose monitoring of patients, and
telecare services experiences are still limited. There is a
need to develop large-scale randomized, controlled trials
that increase the evidence of the reported clinical benefits
shown by the current evaluation studies. The complexity
to perform the appropriate evaluation studies is featured
by the organizational difficulties, the lack of resources re-
quired in the telemedicine evaluation plans, and the high
number of variables (Technical, Usability, Clinical, Qual-
ity of Life, Organizational, Economic) to be considered to
carry out a thorough evaluation of a telemedicine system.

7.4. Telemedicine Workspaces for Shared and Ubiquitous
Care

New paradigms in diabetes care, and in general in chronic
diseases, are currently focusing on shared care. The elec-
tronic health record is the most valuable and necessary
piece to achieve such a shared care, but the prompt and
universal access to the clinical record is not sufficient to
fulfill the team care group coordination and awareness
needs.

The rapid growth and development of information tech-
nologies during recent years in the areas of mobile com-
puting, computer-telephony integration (CTI), mobile
Internet, and computer-supported cooperative work tech-
nologies is shaping a new technological scenario of tele-
medicine and shared care systems. Today the seamless
integration of available mobile and wireless technologies
is allowing the construction of a new scenario for telemed-
icine and shared care in diabetes in which the traditional
concepts of PU and MU are blurred, evolving to a new
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Figure 9. Telemedicine protocol for diabetes
care.
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multiaccess, mobile, universal, and ubiquitous workspace
concept for diabetes care.

The implementation of these mobile workspaces re-
quires the definition of multiaccess architectures to pro-
vide all people involved, professionals and the patient, a
common shared work area that can be accessed by any
communication available means (54). The mobile work-
space has to make possible the use of any service at any
time, and location and the shared care services and tech-
nologies have to be integrated with the information sys-
tems of the different health-care levels containing relevant
information to them. Strict requirements for security to
guarantee patient privacy, data confidentiality and integ-
rity, and auditing of the clinical acts are mandatory. Mid-
dleware components ease flexibility, portability, system
interoperability, and cost-effectiveness in the implemen-
tation of telemedicine-shared care workspaces (63).

7.5. Telemedical Closed-Loop Strategies

The acceptance by diabetic patients on the existing con-
tinuous glucose monitoring system and insulin pumps
could extensively be improved by the integration of these
new technologies and therapeutic procedures within a
telemedicine system. One of the most advanced ap-
proaches to mobile telemedicine closed-loop systems in di-
abetes management is currently under development
within a new European Union project named INCA (In-
telligent Control Assistant for Diabetes) (64). This project
began in January 2003 and aims to create a mobile intel-
ligent personal assistant for continuous self-monitoring of
glucose and subcutaneous insulin infusion integrated into
a telemedicine diabetes management service. The per-
sonal assistant will provide patients with several closed-
loop control strategies (personal and remote) that will offer
an augmented information self-management environment
to increase patient empowerment. Patient therapeutic de-
cision making would be supervised by a health-care pro-
fessional at any time with a telemedicine central server.

The augmented reliability and availability of continu-
ous glucose sensors, insulin pumps, mobile computing
technologies, and telemedicine services is making a real-
ity the challenge to achieve a ‘‘Holy Grail’’ in diabetes care:
a feasible and reliable closed-loop glucose control system,
integrated into a telemedicine system, as the best current
solution to achieve a good metabolic control for insulin-
dependent diabetes mellitus patients. The research efforts
on biomedical and information technologies are moving in
this direction, looking for new solutions to better the qual-
ity of care and quality of life of people with diabetes.

BIBLIOGRAPHY

1. World Health Organization. (2002). Fact Sheet No. 138. (on-
line). Available: http://www.who.int/inf-fs/en/fact138.html.

2. E. D. Lehmann, ed., Application of information technology in
clinical diabetes care. Part 1 Databases, algorithms and deci-
sion support. Med. Inform. 1996; 21:255–374.

3. E. D. Lehmann, ed., Application of information technology in
clinical diabetes care. Part 2 Models and education. Med. In-

form. 1997; 22:1–118.

4. E. Colloff, The promise of technology in the management of
the patient with diabetes. Diabet. Technol. Therapeut. 2000;
2(1):91–99.

5. D. C. Klonoff, Editorial: Welcome to diabetes technology &
therapeutics. Diabet. Technol. Therapeut. 1999; 1(1):1–2.

6. DOIT EASD Study Group, Guidelines to support the optimal
implementation and use of information systems in diabetes
care. Diabet. Nutrit. Metabol. 1993; 5:141–150.

7. E. R. Carson, S. Andreassen, D. A. Cavan, and E. J. Gómez,
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35. E. J. Gómez, F. del Pozo, and R. Serrano, DIACRONO: a new
portable microcomputer system for diabetes management. In:
Proc. 9th IEEE Annual Conference of the Engineering in Med-

icine and Biology Society, New York: IEEE Press, 1987: 1231–
1232.

36. A. M. Albisser, Intelligent instrumentation in diabetic man-
agement. CRC Crit. Rev. Biomed. Eng. 1989; 17:1–24.
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DIFFUSION TENSOR IMAGING
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1. DIFFUSION TENSOR

Diffusion is a stochastic thermal phenomenon character-
ized by Brownian motion. The behavior of unrestricted
molecular diffusion is described by the Einstein equation:

rrms¼
ffiffiffiffiffiffiffiffiffi

6Dt
p

; ð1Þ

where rrms is the three-dimensional root-mean-squared
(rms) displacement, t is the diffusion time, and D is the
diffusion coefficient. Sometimes, Equation 1 can be re-
duced to its one-dimensional form:

rrms;1d¼
ffiffiffiffiffiffiffiffiffi

2Dt
p

; ð2Þ

where rrms,1d represents the one-dimensional rms dis-
placement.

In biological tissues, diffusion of water molecules is af-
fected by the presence of macromolecules, organelles, cell
membrane, and other cellular and sub-cellular structures
(1). These structures manifest themselves as obstacles to
molecular diffusion and can considerably reduce the dif-
fusion coefficient of water. Generally, restrictions on water
diffusion imposed by macromolecules and tissue struc-
tures do not have spherical symmetry. The restriction in
one direction can be considerably greater than that in
other directions. This causes a phenomenon known as dif-
fusion anisotropy, which means diffusion varies with spa-
tial directions (2,3). For example, white-matter fiber tracts
in the central nervous system consist of bundles of myelin-
covered axons grouped together along certain pathways
(4,5). Because of this directional linkage and connectivity,
water molecules diffuse more freely along the fiber tracts
than in other directions. In addition to white-matter fiber
tracts, diffusion anisotropy can also be found in other tis-
sues, such as myocardium (6–8).

When diffusion anisotropy is considered, a single scalar
diffusion coefficient given by Equation 1 or 2 no longer
suffices to fully describe the diffusion phenomena. Math-
ematically, the directional dependence of diffusion can be
expressed as a second rank tensor, known as the diffusion
tensor (3,9), which is cast in a 3� 3 matrix:

D½ � ¼

Dxx Dxy Dxz

Dxy Dyy Dyz

Dxz Dyz Dzz

2

6

6

4

3

7

7

5

: ð3Þ

Each of the six independent matrix elements in Equation
3 represents a unique diffusion coefficient defined in a
laboratory reference frame with subscripts x, y, and z rep-
resenting the Cartesian coordinates (Fig. 1). A matrix el-

ement along the diagonal corresponds to diffusion along
the axis indicated by the subscript, and an off-diagonal
element represents the degree of correlation between dif-
fusion in the two axes denoted by the subscripts. All ele-
ments of the diffusion tensor are real, and the matrix in
Equation 3 is symmetric. An intuitive description of the
diffusion tensor is that the diffusion boundary at each spa-
tial location is ellipsoidal, with three rms displacements
r1, r2, and r3 along the three axes, each obeying Equation
2:

r1¼
ffiffiffiffiffiffiffiffiffiffiffi

2D1t
p

r2¼
ffiffiffiffiffiffiffiffiffiffiffi

2D2t
p

r3¼
ffiffiffiffiffiffiffiffiffiffiffi

2D3t
p

;

8

>

>

<

>

>

:

ð4Þ

where D1, D2, and D3 are the corresponding diffusion co-
efficients along the axes of the diffusion ellipsoid shown in
Fig. 1. These diffusion coefficients, also known as the char-
acteristic values or eigenvalues, can be obtained by diag-
onalizing the matrix given by Equation 3. As known from
linear algebra, each eigenvalue corresponds to an eigen-
vector, which points to the direction of one of the three
axes of the diffusion ellipsoid (Fig. 1). In some tissues, such
as the white-matter fiber tracts in the brain, one of the
eigenvalues is considerably larger than the other two. The
largest eigenvalue corresponds to the principal diffusivity,
and the direction of its eigenvector is often referred to as
the principal diffusion direction.

2. DIFFUSION-INDUCED SIGNAL ATTENUATION

In the presence of a magnetic field gradient ~Gd, molecular
diffusion attenuates signals in magnetic resonance imag-
ing (MRI) (10,11). The degree of attenuation depends on a
dimensionless product of an effective diffusion coefficient
D’ (in units of mm2/s) and a quantity known as b-factor or
b-value (in units of s/mm2):

S¼S0e
�bD0 ; ð5Þ

where S and S0 are the signal intensities with and without
diffusion-induced attenuation, respectively. It should be
noted that imaging gradients (i.e., readout, phase-encod-
ing, and slice-selection gradients) can also cause diffusion-
induced signal attenuation. Typically, the contribution
from the imaging gradients to b-value is rather small
(e.g., o20 s/mm2), and thus is often neglected. However,
when the imaging gradients become significant, their con-
tribution to the b-value must be taken into account.

The b-factor is experimentally controllable. Its value is
determined by the amplitude and the waveform of ~GdðtÞ,
which is known as a diffusion-weighting gradient or sim-
ply a diffusion gradient. In a spin-echo pulse sequence, a
diffusion gradient typically consists of two identical wave-
forms, one placed prior to a refocusing radiofrequency
(RF) pulse, and the other after, as shown in Fig. 2. For
the diffusion gradient waveform illustrated in Fig. 2, the

1
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b-value is given by (12):

b¼ g2G2
d d2ðD� d=3Þþ z3=30� dz2=6
� �

; ð6Þ

where g is the gyromagnetic ratio, Gd is the amplitude of
the diffusion gradient, and the other symbols are defined
in Fig. 2. Generally, increasing the diffusion gradient am-
plitude, the separation of its two waveforms, or the pulse
width of each waveform all result in a higher b-value.

D’ in Equation 5 represents an effective diffusion coef-
ficient along the direction of the diffusion gradient whose
direction cosine vector is a¼ [ax ay az]

T, where ax, ay, and az
are the vector components, and the superscript T repre-
sents matrix transpose. This effective diffusion coefficient
is related to the diffusion tensor by

D0 ¼ aT � ½D� � a

¼ ax ay az
� �

�

Dxx Dxy Dxz

Dxy Dyy Dyz

Dxz Dyz Dzz
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:
ð7Þ

In biological tissues, the diffusion tensor [D] varies spa-
tially, depending on tissue type and structure. This spatial
dependence (i.e., voxel-to-voxel variation) is not explicitly

expressed in Equations 5 and 7. When Equations 5 and 7
are applied to a specific voxel, it is typically assumed that
only a single diffusion tensor is present in that voxel. Due
to the limited spatial resolution in MRI, multiple fiber
tracts, tissue types, and cellular structures can coexist in a
voxel, resulting in partial volume effects. The partial vol-
ume effect can invalidate Equations 5 and,7, as discussed
further later in this chapter.

3. DIFFUSION TENSOR IMAGING

Diffusion tensor imaging (DTI), or diffusion tensor mag-
netic resonance imaging (DT-MRI), is a technique that
measures the orientation dependence (i.e., anisotropy) of
the diffusion process (3). This technique relies on diffusion-
induced MRI signal loss as a function of diffusion-weight-
ing gradient orientations. With DTI, the diffusion tensor
at each spatial location can be fully characterized, and a
series of parameters can be obtained to describe various
aspects of the diffusion process in biological tissues. Typ-
ical parameters calculated from DTI include apparent dif-
fusion coefficients (ADC), diffusion anisotropy indices, and
the principal diffusion direction. These parameters can be
used to reveal certain tissue structures, such as white-
matter fiber tracts in the brain, and monitor their changes
during disease progression and regression (13).

3.1. Data Acquisition

In DTI data acquisition, a diffusion-weighting gradient
~GdðtÞ with an amplitude Gd is applied to the imaged sub-
ject. The diffusion-weighting gradient changes its direc-
tion in 3D along N non-collinear and non-coplanar
directions: ~Gd1; ~Gd2; . . . ; ~GdN . At each orientation, a diffu-
sion-weighted MR image is obtained, typically using a fast
pulse sequence. The intensities of these images, denoted
by S1, S2, S3 ,y, SN, can be mathematically expressed as

Sj¼S0 expð�ba
T
j � ½D� � ajÞ; ð8Þ

where j is the index of the diffusion gradient orientation (j
¼ 1, 2, 3,y, N), and the other variables have been defined
in Equations 5 and 7.

In Equation 8, b-value and a are user-selectable acqui-
sition parameters. S0 can be acquired by setting the dif-

�1
�2

�3

D1

D2

D3

x

y

z

laboratory coordinate diffusion ellipsoid

Figure 1. The diffusion ellipsoid at a given spatial
location. The three eigenvectors n1, n2, and n3 point to
the axes of the ellipsoid. The eigenvalues D1, D2, and
D3 correspond to the lengths of the axes, respectively.

echo 

diffusion
gradient

refocusingexcitation

RF

ζ

δ ∆

Figure 2. A diffusion-weighting gradient waveform (bold lines)
in a spin-echo pulse sequence. The waveform consists of two iden-
tical components, one is placed before the refocusing RF pulse,
and the other after. The Greek timing symbols are the b-value
calculation (Equation 6).
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fusion gradient amplitude to zero while keeping all other
acquisition parameters identical to those used to acquire
Sj. This image, together with the diffusion-weighted im-
ages S1, S2, S3,y,SN, is used to calculate the diffusion
tensor from Equation 8, provided that N is no less than six
because there are six independent elements in the diffu-
sion tensor matrix (Equation 3) (9). A set of images ac-
quired in DTI is illustrated in Fig. 3.

The diffusion gradient direction is controlled by varying
its vector components (i.e., the direction cosines) along the
three orthogonal axes. The number of diffusion gradient
directions (N), together with the spatial distribution of
these directions, is collectively known as the diffusion gra-
dient scheme. Many diffusion gradient schemes have been
proposed (14–18). For example, when six diffusion gradi-
ent directions are used, one way to assign the directions is
to use the following direction cosines: (

ffiffiffi

2
p

=2,
ffiffiffi

2
p

=2, 0),
(
ffiffiffi

2
p

=2, �
ffiffiffi

2
p

=2, 0), (0,
ffiffiffi

2
p

=2,
ffiffiffi

2
p

=2), (0,
ffiffiffi

2
p

=2, �
ffiffiffi

2
p

=2),
(
ffiffiffi

2
p

=2, 0,
ffiffiffi

2
p

=2), and (
ffiffiffi

2
p

=2, 0, �
ffiffiffi

2
p

=2), as described in
(19). In practice, more than six directions are frequently
needed to improve the accuracy in diffusion tensor calcu-
lation or to resolve voxels with multiple fiber orientations
(20–24). Since the actual orientation of the anisotropic
structures (e.g., the white-matter fiber tracts) is not
known a priori, uniform distribution of the gradient vec-
tors is highly desirable in many design methods.

For clinical studies of the human brain, the typical b-
value ranges between 750 and 1500 s/mm2. Note from
Equation 6 that a higher b-value requires an increased

gradient amplitude, a longer gradient duration, or more
separation between the two gradient waveforms. Either a
longer duration or a larger waveform separation results in
an increased echo time (TE) of the pulse sequence, which
introduces unwanted T2 relaxation contrast and degrades
the signal-to-noise ratio (SNR). For this reason, the max-
imum gradient amplitude available is most commonly
used to achieve a desired b-value.

Presently, single-shot, echo planar imaging (EPI) (25) is
the most prevalent sequence for DTI due to its fast acqui-
sition speed, motion insensitivity, and low RF power de-
position per unit time. Diffusion-weighted single-shot EPI
pulse sequences, however, inherit virtually all of the arti-
facts associated with EPI (12). For example, distortion
caused by magnetic susceptibility variations is commonly
observed in the frontal sinus and regions near the tempo-
ral bone. Global image distortion and misregistration,
such as shear, compression/dilation, and shift, are also
frequently observes in DTI (26). These artifacts arise from
eddy currents induced by the diffusion gradient. A number
of techniques have been developed to reduce the global
image distortion and misregistration. Some of these tech-
niques are detailed in (27–32).

4. DATA PROCESSING

The initial step of DTI data processing is to calculate the
diffusion tensor elements at each voxel location. This step

(a) (c)(b)

(e)(d) (f) (g)

Figure 3. A set of images acquired for DTI. Images (a–f): diffusion-weighted images with the same
b-value of 750 s/mm2, but different gradient orientations. The direction cosines of these images are
respectively given by: (

ffiffiffi

2
p

=2,
ffiffiffi

2
p

=2, 0), (
ffiffiffi

2
p

=2, �
ffiffiffi

2
p

=2, 0), (0,
ffiffiffi

2
p

=2,
ffiffiffi

2
p

=2), (0,
ffiffiffi

2
p

=2, �
ffiffiffi

2
p

=2),
(
ffiffiffi

2
p

=2, 0,
ffiffiffi

2
p

=2), and (
ffiffiffi

2
p

=2, 0, �
ffiffiffi

2
p

=2). Image (g): a non-diffusion-weighted image.
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can be accomplished by solving the following equation on a
voxel-by-voxel basis:

Ij � ln
Sj

S0

� �

¼ � baTj � ½D� � aj

¼ � b ax ay az
� �

j
�
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ð9Þ

Since there are a total of N measurements (i.e., j¼1, 2,
3, y, N), Equation 9 represents N linear equations with
the diffusion tensor elements being the unknowns. When
N¼ 6, the six tensor elements can be uniquely deter-
mined, provided that the diffusion gradients are non-co-
linear and non-coplanar (9). When N46, the tensor
elements can be obtained using a least-squares fitting al-
gorithm, such as singular value decomposition (33).

The diffusion tensor elements in Equation 9 are pa-
tient-orientation dependent. To eliminate this dependence
and obtain a set of diffusion tensor parameters inherent to
the tissue of interest, the diffusion tensor matrix given by
Equation 3 is diagonalized to the following form:

D½ �d¼

D1 0 0

0 D2 0

0 0 D3

2

6

6

4

3

7

7

5

; ð10Þ

where D1,D2 and D3 are the eigenvalues discussed earlier.
To highlight the location of the fiber tracts, a scalar

diffusion anisotropy image can be calculated based on one
of the anisotropy parameters, such as relative anisotropy
(RA), fractional anisotropy (FA), or volume ratio (VR) (34–
36). These indices are defined in Equations 11–14. Note
that the average eigenvalues given by Equation 14 is also
referred to as the mean diffusivity or apparent diffusion
coefficient (ADC). Thus, ADC is mathematically equivalent

to the diffusion tensor trace divided by three.

RA¼
1
ffiffiffi

3
p

Davg

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

X

3

i¼ 1

ðDi �DavgÞ
2

v

u

u

t ; ð11Þ

FA¼
ffiffiffiffiffiffiffi

1:5
p

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

P

3

i¼ 1

ðDi �DavgÞ
2

s

ffiffiffiffiffiffiffiffiffiffiffiffiffiffi

P

3

i¼ 1

D2
i

s ; ð12Þ

VR¼
D1D2D3

D3
avg

; ð13Þ

Davg¼ ðD1þD2þD3Þ=3: ð14Þ

Both FA and RA are based on the standard deviation of
the eigenvalues, but they are normalized by different de-
nominators and coefficients. RA is linear over a wide range
of diffusion anisotropy found in human brain tissues,
while FA appears to be more sensitive than RA at low
values of anisotropy. An FA and an RAmap from a healthy
human subject are shown in Fig. 4. With the knowledge of
the fiber orientations derived from the direction of the
principal eigenvector at each voxel, either an FA or RA
map can be color-coded to show not only the fiber locations
but also the orientations (37,38), as illustrated in Fig. 5a.

Magnetic resonance tractography is a technique that
reveals tissue fiber orientation and connectivity in three
dimensions (Fig. 5b). To map the fiber orientation and
connectivity, the principal eigenvector is first obtained and
then employed to guide the fiber tracking process (21,39–
41). Tractography is primarily used for tracking the white-
matter fiber tracts in the brain, although applications to
other tissues are also possible (42,43). A key assumption
in tractography is that tissue fiber orientation at a loca-
tion can be approximated by the principal diffusion direc-
tion at the same location. Let ~x1ðrÞ be the eigenvector
associated with the largest eigenvalue at location r. The
fiber tract pathway, described by a 3D space curve ~uðrÞ,

(a) (b)

Figure 4. A fractional anisotropy (FA) map (a)
and a relative anistropy (RA) map (b) from a
healthy human brain.
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can be calculated using a streamline tracking method by
solving the following equation (40):

d ~uðrÞð Þ

dr
¼

~x1ðrÞ
~x1ðrÞ
�

�

�

�

�

�

: ð15Þ

Characterization and visualization of the fiber tract
connectivity using DTI are presently an active area of re-
search. The primary limitation is the rather low spatial
resolution due to insufficient signal-to-noise ratio (SNR) in
the diffusion-weighted images or limitations of the data
acquisition techniques. At low spatial resolution, partial
volume effect can be severe, invalidating the single-tensor
model. Recently, many other models have been developed
to address this issue. Some examples include diffusion
spectroscopic imaging (DSI) (21), spherical harmonic de-
composition (22,23), q-ball imaging (44), and higher-order
tensor model (24).

4.1. Applications

Presently, clinical applications of DTI are primarily fo-
cused on visualization and evaluation of white-matter fi-
ber tracts in patients with neurological, neuropsychiatric,
or neuro-oncologic disorders. Examples include studies of
multiple sclerosis, Wallerian degeneration (45,46), neo-
nate brain development (47,48), brain tumors (49,50), ag-
ing (51), bipolar disorders (52,53), and surgical planning of
brain lesions (13,54). Applications to other areas, such as
cardiac imaging, have also been demonstrated (43,55).

DTI contains all information that a diffusion-weighted
imaging (DWI) study can provide. In some applications,
DWI studies can be replaced by more comprehensive DTI
studies, although the data acquisition time is lengthened.
An example is to use mean diffusion coefficient (also
known as mean diffusivity) derived from DTI to diagnose
and evaluate ischemic stroke. Similar approach has also
been used for characterizing brain tumors (56). DTI can
provide additional parameters not available in DWI stud-
ies. For example, FA has been extensively used to assess a
number of neurological and psychiatric disorders. Other

DTI-specific parameters, such as RA and VR, have also
been employed in clinical studies. The use of tractography
for clinical applications is still in its infancy, but has al-
ready shown great potential in surgical planning (54) and
diagnosis of several neurological disorders, such as mul-
tiple sclerosis.
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1. INTRODUCTION

The aim of signal filtering is to separate signal compo-
nents from each other. In the case of digital filtering, the
filtering operation is performed on digital signals or time
series. Most often, the purpose is to remove some noise
component or artifact. Filtering operations are usually
performed online (i.e., in a sliding window). In this case,
usually one output value is calculated for each window
location while the window is shifted sample by sample
along the input signal. Generally, any mathematical op-
eration performed on the sample values inside the filter
window can be called a digital filter. However, a useful
filter is obtained only if a theoretical background exists
that allows one to design the filter (i.e., to determine the
filter parameters) according to some well-defined criteria
and to analyze its performance in a meaningful way.

By their properties and design criteria, digital filters
can be divided into linear and nonlinear filters. In the case
of linear filters, superposition holds, which means that the
response of the filter to a weighted sum of some input sig-
nals is equal to the weighted sum of the responses to the
individual input signals. An important advantage of linear
filters is that they are fully described by their impulse re-
sponse (i.e., their response to a unit impulse), given that
the filtering operation is also time(shift)-invariant. This
property forms the basis of the thorough theory of linear
filter design.

The mathematical description and designing criteria
for nonlinear filters is much more complicated. No unified
theory of nonlinear filtering exists. There are various
classes of nonlinear filters each having its own theoreti-
cal background as well as potential application areas. In
spite of this diverseness, nonlinear filters have proven
useful in many applications where conventional linear fil-
ters fail.

In the following, a short description of linear filtering
techniques is given and several classes of nonlinear filters
are presented. The aim of the treatment of nonlinear fil-
tering techniques here is to present some useful examples
rather than to give an exhaustive overview of the subject.

2. LINEAR FILTERS

When talking about linear filters, those described by lin-
ear differential equations are usually considered. The out-
put of such a filter can be calculated as a weighted sum of
present and past input values and past output values:

y½n� ¼
X

M

k¼ 0

bkx½n� k� �
X

N

k¼ 1

aky½n� k�: ð1Þ

If past output values are not used (i.e., the latter sum of
the above equation is 0), the filter is nonrecursive. The
behavior of linear filters can be described in the frequency
domain by their frequency response. Frequency response,
which is the Fourier transform of the impulse response,
can be separated into amplitude response and phase re-
sponse. Amplitude response shows how much the fre-
quency components of the input signal are attenuated in
the filter, whereas phase response indicates by what angle
the frequency components are delayed. Linear filters are
designed according to criteria defined in the frequency do-
main.

Another way to describe linear filters is the system
function (i.e., the Z–transform of the impulse response).
For filters described by linear differential equation (Equa-
tion 1), the system function is in the form of the ratio of
polynomials of the complex variable z. The zeros of the
numerator polynomial are called zeros and the zeros of the
denominator polynomial are called poles of the filter. Lin-
ear filters can be analyzed by studying the placement of
their poles and zeros in the z-domain. For example, a filter
is stable and causal if all the poles of its system function
are located inside the unit circle.

Linear filters can be classified into FIR (Finite Impulse
Response) and IIR (Infinite Impulse Response) filters. FIR
filters can be implemented using nonrecursive structures
and their stability is always guaranteed. They do not have
poles on the z-plane, except for possibly at z¼ 0 or z¼1.
IIR filters are most often designed based on continuous-
time prototype filters. As FIR filters are only possible for
discrete-time signals, no continuous-time prototype sys-
tems can be used in their design. FIR filters are usually
designed either by cutting the impulse response of the
corresponding ideal filter (the windowing method) or by
equiripple approximation. If the impulse response of a
linear filter has either even symmetry or odd symmetry,
its phase response is a linear function of frequency. These
kinds of filters, linear-phase filters, are often desirable be-
cause they delay all the frequency components of the input
signal by the same amount of time, thus preserving the
waveform of the signal. The designing methodology dic-
tates that linear phase filters are usually designed as FIR
filters whereas IIR filters generally give nonlinear phase
response. However, IIR filters are usually computationally
more efficient (i.e., the same criteria can be achieved using
lower filter order, and consequently, less multiplication
operations).

Filter design usually starts by choosing between linear
and nonlinear phase response according to the applica-
tion. For example, for the detection of a radio signal, IIR
filters are generally appropriate because only signal
power is important, not the shape of the signal waveform.
However, removing noise from an electrocardiogram
(ECG) signal usually requires linear-phase filters. After
that, a suitable design method is chosen and the filter is
designed according to the criteria defined on the ampli-
tude-frequency domain. The theory of linear filter design
is extensive and, for both IIR filters and FIR filters, many
design algorithms exist. Numerous textbooks are avail-
able on this subject [see (1–3)].
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3. NONLINEAR FILTERS

The field of nonlinear filtering is extremely diverse, lack-
ing a unified theory. In Table 1, several nonlinear filtering
algorithms are listed using just one possible classification.
In the following sections, some examples of nonlinear fil-
tering algorithms are presented with the emphasis on the
algorithms based on the ordering operation. A thorough
treatment of the subject can be found in (4) and (5).

3.1. L-Filters

The output of an L-filter can be expressed in a similar
manner as that of a nonrecursive linear filter:

yL¼
X

N

i¼ 1

aixðiÞ: ð2Þ

However, here the sample x(i) is not the ith sample in time
(or space) but rather the ith smallest sample in the filter
window regardless of its time (or space) location. x(i) is
called the ith-order statistic of the set of samples
fx1; x2; . . . ; xNg. If all the coefficients ai are equal, the
mean filter is achieved, which is also a special case of
FIR filters. Another important special case of L-filters is
given by the coefficients:

N odd; N¼ 2kþ 1 N even; N¼ 2k

ai¼

1; i¼ kþ 1

0; otherwise

8

<

:

ai¼

1

2
; i¼ k;kþ 1

0; otherwise:

8

>

<

>

:

This filter is called the median filter. In median filtering,
odd filter windows are usually used. This choice has the
advantage of the filter output being one of the input sam-
ples—the middle one of the sorted set of inputs. Median
filter has been shown to be the maximum likelihood esti-
mator of location in the case of Laplacian (double expo-
nential) distribution of input samples, which means that,
statistically, the sample median behaves for Laplacian
distribution like the sample mean does for Gaussian dis-
tribution. The behavior of the median filter can be studied
by means of root signals (i.e., signals that are idempotent
to further filtering) (6). It has been proved that an arbi-
trary finite length signal is a root signal of the median
filter if it consists purely of constant neighborhoods (a re-
gion of at least kþ 1 identical samples) and edges (a mono-
tonically rising or falling set of samples surrounded on
both sides by constant neighborhoods of different values)
and that a finite number of iterative passes of the median
filter turns any finite length signal into its root (7). These
properties imply that median filter removes impulsive
noise and preserves sharp changes in signal, whereas
mean filter (and linear filters in general) tends to smear
the edges over the area of the filter window. The pure me-
dian filter is, however, seldom used because better behav-
ior can often be achieved with some extension of the
median.

L-filters can be analyzed and designed using statistical
methods (8,9). Given that the input samples in the filter
window are independent and identically distributed (i.i.d.)
random variables fX1;X2; . . . ;XNg with the common prob-
ability distribution function F(t) and probability density
function f(t), the joint probability density function of the
order statistics x(i) can be expressed as:

gðxð1Þ; xð2Þ; . . . ; xðNÞÞ ¼N!f ðxð1ÞÞf ðxð2ÞÞ � � � f ðxðNÞÞ ð3Þ

in the region �1oxð1Þoxð2Þo � � �oxðNÞo1 and zero out-
side. The probability distribution function of the L-filter
output can be expressed as:

GðyLÞ¼

Z

� � �

Z

D

N!f ðxð1ÞÞf ðxð2ÞÞ � � �

� � � f ðxðNÞÞdxð1Þdxð2Þ � � �dxðNÞ;

ð4Þ

where integration is performed over D¼fðxð1Þ; xð2Þ; . . .
xðNÞÞ : xð1Þoxð2Þo � � �oxðNÞ;

PN
i¼ 1 aixðiÞ� yLg. From these

functions, it is straightforward to express the moments
of the distribution of the output of an L-filter, YL, which, in
the framework of statistical analysis, is itself a random
variable:

EfYm
L g¼E

X

N

i¼ 1

aiXðiÞ

 !m( )

¼

Z

� � �

Z

D

X

N

i¼ 1

aixðiÞ

 !m

N!f ðxð1ÞÞf ðxð2ÞÞ � � �

� � � f ðxðNÞÞdxð1Þdxð2Þ � � �dxðNÞ:

ð5Þ

Table 1. Classes of Nonlinear Filters

Generalizations of
linear filters

Polynomial filters

Trimmed mean filters
Nonlinear mean filters

Filters based on
ordering

L-filters

C-filters
Ranked-order and weighted-order

statistic filters
Multistage median filters
Median hybrid filters
Stack filters
Generalizations of stack filters

Morphological filters Morphological filters
Soft morphological filters

Other filters M-filters
R-filters
Data-dependent filters
Decision-based filters
Iterative, cascaded, and recursive

filters
Edge-enhancing selective filters
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Here, E{ � } denotes expected value. Obtaining the mo-
ments of the output distribution is important as the
first-order moment tells us if the filter causes a system-
atic bias to the signal and the second-order moment esti-
mates the noise attenuation capability of the filter.

L-filters can be optimized according to a chosen error
criterion. For example, let us consider the problem of find-
ing the L-filter coefficients ai to minimize the mean square
error EfðYL � SkÞ

2
g in the case the measured signal can be

expressed as Xn¼SnþNn. Here, Sk is the value of the de-
sired signal component at some reference point k in the
filter window (usually the center of the window). After
some derivation, the mean square error can be expressed
by:

EfðYL � SkÞ
2
g¼aTRa� 2aTrþEfS2

kg; ð6Þ

where

R¼ ½EfXðiÞXðjÞg�; i; j¼ 1; 2; . . . ;N and

r¼ ½EfSkXð1Þg;EfSkXð2Þg; � � � ;EfSkXðNÞg�
T :

ð7Þ

If the filter is to be location-invariant (i.e., shift along the
y-axis of the input signal yields shift by the same value of
the filter output), the coefficients must satisfy:

aT1¼ 1: ð8Þ

The optimization process gives:

aopt¼R�1rþ
1� 1TR�1r

1TR�11
R�11: ð9Þ

It should be noted that, by current theory, the optimiza-
tion is only feasible for some simple cases, for example,
when the desired signal is constant ðSk ! SÞ. In this case,
the optimal coefficient vector can be found as:

aopt¼
R�11

1TR�11
: ð10Þ

3.2. Stack Filters and Weighted-Order Statistic Filters

Another interesting class of nonlinear filters is that pos-
sessing the stacking property, defined by means of thresh-
old decomposition (10). The principle of threshold
decomposition is presented in Fig. 1. A filter possesses
the stacking property if its output can be obtained by
thresholding the input signal, applying a corresponding
binary filter to the thresholded signals (also binary), and
summing up the outputs of the binary filter sample by
sample. The level-m thresholded signal can be expressed
as:

xðmÞn ¼TðmÞðxnÞ¼
1; if xn�m

0; otherwise:

(

ð11Þ

Threshold decomposition gives a valuable tool for the
analysis of stack filters as it enables one to represent
any stack filter by a boolean function in the binary do-
main. It has been shown that any filter that can be ex-
pressed in the binary domain as a positive boolean
function (a boolean function with no complements) pos-
sesses the stacking property (10). For example, the three-
point median filter, belonging to stack filters and used as
an example in Fig. 1, can be represented by the boolean
function y¼ x1x2þ x1x3þ x2x3, where multiplication corre-
sponds to logical AND and summation to logical OR. Thus,
the output of the binary median filter is ‘‘1’’ whenever
more than half of the input values are ‘‘1’’. Continuous-
level filters can be obtained by substituting max and min
operators for AND and OR operators, respectively, in cor-
responding binary filters. A continuous-level three-point
median filter can thus be expressed as
y¼ maxfminfx1; x2g;minfx1; x3g;minfx2; x3gg.

The properties of stack filters can be analyzed statisti-
cally. Let us consider random i.i.d. variables X1;X2; . . . ;XN

and denote their common probability distribution function
here by F(t). The distribution function of the output of the
stack filter Sp( � ), defined by the boolean function p(x), is
denoted by C(t), and can be expressed as:

CðtÞ¼
X

N

i¼ 0

Aið1� FðtÞÞiFðtÞN�i; ð12Þ

... 0 4 1 2 0 3 4 2 4 1 0 ...x  :

... 0 1 0 0 0 0 1 0 1 0 0 ...

... 0 1 0 0 0 1 1 0 1 0 0 ...

... 0 1 0 1 0 1 1 1 1 0 0 ...

... 0 1 1 1 0 1 1 1 1 1 0 ...

:x (4)

:x (3)

:x (2)

:x (1)

Threshold
decomposition

3-point median filter ... 1 2 1 2 3 3 4 2 1 ...

binary median filter

binary median filter

binary median filter

binary median filter

... 0 0 0 0 0 0 1 0 0 ...

... 0 0 0 0 1 1 1 0 0 ...

... 0 1 0 1 1 1 1 1 0 ...

... 1 1 1 1 1 1 1 1 1 ...

Sum

Figure 1. The principle of threshold decomposition by the example of a three-point median filter.
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where Ai is defined by:

Ai¼ jfx : pðxÞ¼ 0; wHðxÞ¼ igj: ð13Þ

Here, |O| denotes the cardinality of the set O, and wHðxÞ
is the Hamming weight of x (i.e., the number of ‘‘1’’s in the
binary vector x¼fx1; x2; . . . ; xNg). The kth moment of the
stack filter output can be expressed by:

EfYk
Sg¼

X

N�1

i¼ 0

AiMðF; k;N; iÞ; ð14Þ

where

MðF; k;N; iÞ¼

Z 1

�1

xk
d

dx
ðð1� FðxÞÞiFðxÞN�iÞdx;

i¼ 0; 1; . . . ;N � 1:

ð15Þ

It is important to notice here that Equation 14 consists of
two factors: Ai, dependent only on the filter, and
MðF; k;N; iÞ, dependent only on the input distribution F(t).

Optimization of stack filters can be done by minimizing
the moments of the stack filter output under some con-
straints for values Ai. If the second-order moment (vari-
ance) is to be minimized, the optimization problem can be
written:

minimize
PN�1

i¼0 AiMðF; 2;N; iÞ

under constraints : c1;1�A1�c1;2

c2;1�A2�c2;2

� � �

cN�1;1�AN�1�cN�1;2:

After determining the Ais, a stack filter with these coeffi-
cients needs to be found. The existence of a suitable stack
filter is generally not guaranteed. The constraints can be
formed by giving two sets of binary input vectors—one for
which the output of the boolean function, representing the
filter, should be ‘‘1’’ and another for which the output
should be ‘‘0.’’ The former constraints are called type 1

constraints with the corresponding set of binary inputs
G1¼fx1;x2; . . . ;xpg, and the latter constraints are called
type 0 constraints with the corresponding set of inputs
G0¼fz1; z2; . . . ;zqg. The details of the optimization are not
presented here. It should be mentioned that current tech-
niques enable one to find optimal or close-to-optimal stack
filters, preserving some predefined patterns (1D) or ob-
jects (2D) in the signal in some very simple cases. The de-
tails of the optimization of stack filters can be found in (4)
and (11).

An important subclass of stack filters (as well as an
important extension to the median filter) is that of
weighted-order statistic (WOS) filters. The output of the
WOS filter with weights fw1; . . . ;wNg and rank parameter
w0 applied to the input vector fx1; . . . ; xNg is the w0th
smallest sample of the set fw1}x1; . . . ;wN}xNg, where
the notation w}x means repeating xw times. Compared
with the L-filter, an important advantage of theWOS filter
is its ability to take into account both the time (space) or-
der and the rank order of the samples in the filter window.

3.3. Hybrid Filters

Often, in order to improve the filter properties or to de-
crease its computational complexity, hybrid filters, com-
bining linear and nonlinear operations, are used. One
such combination is the FIR-WOS hybrid (FWH) filter.
The output of the FWH filter is calculated as the WOS
operation taken from the outputs of linear FIR filters ap-
plied to the input signal (Fig. 2). In practice, special cases
of the FWH filter are often applied, the most popular being
the FIR-median hybrid (FMH) filter. As the name sug-
gests, in the FMH filter, the WOS operation of the FWH
filter is reduced to taking the median. FMH filters are es-
pecially useful in smoothing signals while preserving
sharp changes in the baseline (12–14).

In the 1990s, Yin and Neuvo developed adaptive algo-
rithms for general FWH filters (15). The derivation of
these algorithms follows the basic idea of the backpropa-
gation algorithm used in neural networks. If D(n) denotes
the desired output and D̂(n) denotes the calculated output,
then, after some simplification, the adaptation of the
weights of the WOS filter and the coefficient vectors of
the FIR filters can be done according to the following

...

Σ

Σ

WOS

D̂ (n)

x1(n)

x2(n)

xN (n)

. .
.

...

h1,1

h2,1

hN,1

h1,K

h2,K

hN,K

... ...

yK(n)

y1(n)

wK

w1

w0

Figure 2. General structure of an FWH filter. The
output of the filter is the w0th largest value in the
ordered and weighted set of the FIR filter outputs.
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rules:

w0ðnþ 1Þ ¼Pðw0ðnÞ � 2m2ðDðnÞ � D̂ðnÞÞÞ ð16Þ

wiðnþ 1Þ ¼PðwiðnÞþ 2m2ðDðnÞ � D̂ðnÞÞ

UðyiðnÞ � D̂ðnÞÞÞ; i¼ 1; 2; . . . ;K
ð17Þ

hiðnþ 1Þ¼hiðnÞþ m1ðDðnÞ � D̂ðnÞÞwiðnÞUsðyiðnÞ

� D̂ðnÞÞ � ð1�UsðyiðnÞ � D̂ðnÞÞÞxðnÞ;

i¼ 1; 2; . . . ;K ;

ð18Þ

where

PðxÞ¼

x; if x�0;

0; otherwise

8

<

:

; UðxÞ¼

1; if x�0;

0; otherwise

8

<

:

;

and UsðxÞ¼
1

1þ e�x
:

ð19Þ

Constants m1 and m2 are adaptation step sizes for the ad-
aptation of the coefficients of the linear filters and the
weights of the WOS operator, respectively. Various struc-
tures and adaptation schemes are possible. For example,
the structure with one FIR filter and the signal samples
together with the FIR filter output as inputs to the WOS
operator is useful in many applications. In this case, it is
possible to optimize the FIR filter separately using, for
example, the Least Mean Squares algorithm.

The adaptive FWH filter algorithm is guaranteed to
converge; however, the minimum obtained might not be
the global one. Choosing suitable filter structure—not too
general, but still having the needed connections—helps to
end up at the global minimum. Also, several runs of ad-
aptation with different random initial weight and coeffi-
cient vectors helps to find the global minimum.

4. CONCLUSIONS

As linear filters have solid theoretical background and es-
tablished design methods, they form the standard in dig-
ital filtering today. During recent decades, the main
direction of development in linear filter design has been
toward multirate systems, wavelet filters, and filter banks
with perfect or near-perfect reconstruction.

The field of nonlinear filters is diverse and lacking a
unified theoretical background. Various classes of filters,
some of which have been listed in Table 1, have been de-
veloped. In this chapter, the main emphasis is on the fil-
ters based on ordering. It can be seen that various

methods exist for the analysis and design of these filters;
however, optimization can usually be carried out only for
some simple cases, like, for example, constant signal and
additive uniform noise. The design procedure is often com-
plicated. As the need for filtering algorithms able to pre-
serve sharp details in the signal and deal with
nonGaussian disturbance certainly exists, the theory of
nonlinear filtering is developing fast and we can expect
standard design procedures to evolve for several classes of
nonlinear filters in the future.
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1. INTRODUCTION

Discrete-time signal processing techniques provide para-
meters and tools to represent discrete-time signals, both
in time domain and frequency domain. One tool is the
discrete-time Fourier Transform (DTFT), which associates
discrete-time signals to a continuous frequency represen-
tation. Another tool is the discrete-time Fourier series
(DTFS), which associates a periodic discrete-time signal to
a periodic discrete-frequency representation. However,
the use of computers in practical applications favors the
use of a third tool, the discrete Fourier transform (DFT),
as it associates a discrete-time signal containing a finite
number of samples to a discrete-frequency representation
containing a finite number of components.

DFT is very useful for spectral analysis (1), time-
frequency analysis (2), filtering (3), and many other
biomedical applications (4).

The following sections present mathematical defini-
tions, properties, and applications, as well as examples
of well-known signals and their corresponding discrete
Fourier transforms.

2. DEFINITION

Consider a discrete-time signal {x(n)} represented by N
samples and defined for n¼0; 1; . . . ;N � 1. Its DFT is
defined mathematically as (5,6)

XðkÞ¼
X

N�1

n¼ 0

xðnÞe�j2pk n=N ; k¼0; 1; . . . ;N � 1: ð1Þ

The equation that describes the discrete-time signal {x(n)}
in terms of the frequency components {X(k)} is called
inverse discrete Fourier transform (IDFT) and is given
by (5,7)

xðnÞ¼
1

N

X

N�1

k¼ 0

XðkÞeþ j2pk n=N ; n¼ 0; 1; . . . ;N � 1: ð2Þ

The DFT of well-known signals, such as the impulse
sequence, the constant level, the cosine, and the sine are
derived in the following sections. The DFT of these signals
can be obtained directly from the definition (Equation 1).
Please refer to Fig. 1 for a summary of the following
examples.

2.1. Impulse

Consider the discrete-time signal {x(n)} given by an im-
pulse of amplitude A

xðnÞ¼AdðnÞ¼
A; n¼0;

0; n¼1; 2; . . . ;N � 1:

(

ð3Þ

Its DFT is given by

XðkÞ¼
X

N�1

n¼ 0

AdðnÞe�j2kn=N ¼Ae�j2pk 0=N

þ
X

N�1

n¼ 1

0 e�j2pkn=N ¼A; k¼ 0;1; . . . ;N � 1:

ð4Þ

Therefore, an impulse signal of amplitude A is associated
to a constant DFT, whose amplitude is also equal to A.
Figure 2 shows an impulse sequence and its corresponding
constant DFT.

2.2. Constant Level

Consider the discrete-time signal {x(n)} given by a con-
stant level

xðnÞ¼A; n¼ 0; 1; . . . ;N � 1: ð5Þ

Its DFT is given by

XðkÞ¼
X

N�1

n¼0

A e�j2pkn=N ¼A
1� e�j2pk N=N

1� e�j2pk 1=N
: ð6Þ

One should notice that the numerator of the fraction is
always equal to zero. On the other hand, the denominator
is not zero, except for k¼ 0. In this specific case, one could
calculate the limit of Equation 6 for k-0. However, it is
easier to do

Xð0Þ¼
X

N�1

n¼ 0

Ae0¼NA: ð7Þ

Consequently, the DFT of a constant signal is given by

XðkÞ¼NAdðkÞ; k¼ 0; 1; . . . ;N � 1: ð8Þ

Figure 3 shows a constant signal and its corresponding
DFT, which is an impulse of amplitude NA.

2.3. Sinusoid with an Integer Number of Cycles

Consider a sinusoid {x(n)} described by

xðnÞ¼A cos
2pf0

fs
nþf

� �

¼A cos
2pk0

N
nþf

� �

;

n¼ 0; 1; . . . ;N � 1;

where f0 is the fundamental frequency of the continuous-

1
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A δ (n)

0 N−1
n

 DFT 
<--->

x(n)

(a)

(b)

(c)

A

0 N−1

n

 DFT 
<--->

A cos(2πk0n/N+φ )

0 N−1
n

 DFT 
<--->

A

0 N−1
k

|X(k)|

NA δ (k)

0 N−1

k

NA
δ (k−k0)2

NA
  δ (k−N+k0)  2

0
k

k0 N−k0

0 N−1
k

∠ X(k)

0 N−1
k

φ δ (k−k0)

− φ δ (k−N+k0)

0
k

k0

N−k0

Figure 1. Examples of discrete-time signals, and corresponding DFT magnitude and phase: (a)
impulse, (b) constant, and (c) sinusoid signals.

x
i
(n)

A

  DFT
<--->

0 N−1
n

k

A

Re{Xi(k)}

j⋅Im{Xi(k)} Figure 2. Impulse signal xiðnÞ¼AdðnÞ and cor-
responding DFT.

2 DISCRETE FOURIER TRANSFORM



time cosine, fs is the sampling frequency, N is the number
of samples, and k0 is the integer number of cosine cycles.
The cosine function can also be represented in its complex
exponential form

xðnÞ¼
A

2
½eþ jfeþ j2pk0n=N þ e�jfe�j2pk0n=N �: ð9Þ

The DFT is given by

XðkÞ¼
A

2
eþ jf

X

N�1

n¼ 0

e�j2pðk�k0Þn=N

þ
A

2
e�jf

X

N�1

n¼ 0

e�j2p½k�ðN�k0Þ�n=N ;

ð10Þ

where the terms of the second summation were multiplied
by (ej2pnN/N)¼ 1, for n¼ 0, 1 ,y,N�1. Using the closed
form of the summations, one obtains

XðkÞ¼
A

2
eþ jf 1� e�j2pðk�k0Þ

1� e�j2pðk�k0Þ=N
þ

A

2
e�jf 1� e�j2p½k�ðN�k0Þ�

1� e�j2p½k�ðN�k0Þ�=N :
ð11Þ

As it is assumed that the segment with N samples had
an integer number k0 of cosine cycles, then 2p(k� k0) is a
multiple of 2p and e�j2pðk�k0Þ is always equal to one.
Similarly, e�j2p½k�ðN�k0Þ� is also equal to one. As a conse-
quence, the numerators of both fractions are always equal
to zero, and the DFT should be equal to zero, except when
the denominator is also equal to zero, which is true for (k
¼ k0) or (k¼N� k0). Evaluating X(k0) and X(N� k0) di-

rectly, we find that the DFT of a sinusoid is given by

XðkÞ¼
NA

2
eþ jfdðk� k0Þ

þ
NA

2
e�jfdðk� ðN � k0ÞÞ; k¼ 0; 1; . . . ;N � 1:

ð12Þ

Figures 4 and 5 illustrate sinusoids and their corre-
sponding DFTs, for f¼ 0 rad (cosine signal) and f¼ � p=2
rad (sine signal).

3. PROPERTIES

In this section, some of the DFT properties are presented
and illustrated. These properties are summarized in Table
1. In order to study DFT properties, one must be reminded
that {x(n)} and {X(k)} are both defined for a limited number
of samples (n¼0,1, y, N� 1) and frequency components
(k¼ 0,1, y, N�1).

3.1. Circular Time Shift

Within the context of DFT analysis, all signals have N
samples. As a consequence, the classical time-shift opera-
tion is meaningless. It is replaced by a circular time shift,
which could be visualized by positioning each sample of
{x(n)} around a circle, so that x(0) is followed by x(1) and
preceded by x(N� 1).

A circular time shift is defined as follows. The signal
{y(n)}, obtained by time shifting the signal {x(n)}, is given

xc(n)

A

  DFT
<--->

0 N−1
n

k

Re{Xc(k)}

NA

j⋅Im{Xc(k)}
Figure 3. Constant level xcðnÞ¼A and corre-
sponding DFT.

−A

+A

0

  DFT
<--->

0 4
n

c(n)

k

NA/2

NA/2

Re{C(k)}

j⋅Im{C(k)}

Figure 4. One cycle of cosine signal
cðnÞ¼A cosð2pn=5Þ and corresponding DFT.
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by (Fig. 6)

yðnÞ¼ xNðn� n0Þ¼
xðn� n

0
Þ; n0�n�N � 1;

xðNþn� n0Þ; 0�non0:

(

: ð13Þ

For a circular shift, any sample that would be moved to n
¼mNþn1, for m 2 Z and n1¼ 0; 1; . . . ;N � 1, should be
assigned to n¼n1. The notation xNðn� n0Þ indicates that
samples are assigned to the suitable index n, by removing
shifts that are multiples of the number of samples (mN).

The DFT of y(n) is equal to the DFT of the original
signal x(n) multiplied by a complex exponential function
(5,7)

YðkÞ¼ e�j2pkn0=NXðkÞ: ð14Þ

Figure 7 shows an original signal x(n), which is the sum of
two sinusoids. Figure 8 illustrates the shifted signal y(n),
for a time shift of 6 samples to the right or 2 samples to the
left. One should notice that a time shift only causes a
phase change in the DFT. The DFT magnitude remains
the same, because je�j2pkn0=N j ¼ 1.

3.2. Modulation

Suppose that a signal {x(n)} is modulated by a complex
sinusoid

yðnÞ¼ eþ j2pk0n=NxðnÞ: ð15Þ

The corresponding DFT is given by (5,7)

YðkÞ¼XNðk� k0Þ¼
Xðk� k0Þ; k0�k�N � 1;

XðNþ k� k0Þ; 0�kok0:

(

ð16Þ

As a result of the limited range of possible values for k,
every frequency shift must be circular. Any frequency
component that would be moved to k¼Nþ k0 is assigned
to k¼ k0, for k0¼ 0;1; . . . ;N � 1. The notation XNðk� k0Þ

indicates that frequency components are assigned to the
suitable range of index k.

One should notice that a frequency shift does not
guarantee that the corresponding modulated signal will
remain real.

3.3. Real-Valued Signals

Real signals are described as

xðnÞ¼ x�ðnÞ¼<fxðnÞg: ð17Þ

Table 1. DFT Properties

Property yðnÞ $
DFT

YðkÞ

Time shift xNðn� n0Þ $
DFT

e�j2pn0k=NXðkÞ

Modulation eþ j2pk0n=NxðnÞ $
DFT

XNðk� k0Þ

Real signals xðnÞ ¼RfxðnÞg $
DFT

XðkÞ¼X�N ðN � kÞ

Real and even xðnÞ ¼RfxNð�nÞg $
DFT

XðkÞ¼RfXðkÞg

Real and odd xðnÞ ¼ �RfxNð�nÞg $
DFT

XðkÞ¼ jRfXðkÞg
Time reversal xNð�nÞ $

DFT
XNð�kÞ

Conjugation x�ðnÞ $
DFT

X�Nð�kÞ

Duality xðnÞ $
DFT

XðkÞ
1
N XN ð�nÞ $

DFT
xðkÞ

XðnÞ $
DFT

N xN ð�kÞ

Mean value 1
N

PN�1
n¼0 xðnÞ ¼ Xð0Þ=N

Initial value xð0Þ ¼ 1
N

PN�1
k¼0 XðkÞ

Parseval’s relation
PN�1

n¼0 jxðnÞj
2 ¼ 1

N

PN�1
k¼0 jXðkÞj

2

Linearity axðnÞ þbhðnÞ $
DFT

aXðkÞþbHðkÞ

Multiplication xðnÞhðnÞ $
DFT 1

N XðkÞ �N HðkÞ

Convolution xðnÞ �N hðnÞ $
DFT

XðkÞHðkÞ

−A

+A

0

  DFT
<--->

0
4

n

s(n)

k

−jNA/2

+jNA/2

Re{S(k)}

j⋅Im{S(k)}

Figure 5. Two cycles of sine signal
sðnÞ¼A sinð4pn=5Þ and corresponding DFT.
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The DFT of a real signal has Hermitian symmetry (5,7)

XðkÞ¼X�Nð�kÞ ¼
X�ð�kÞ¼<fXðkÞg; k¼ 0;

X�ðN � kÞ; 1�k�N � 1:

(

ð18Þ

This property implies that the real part and the magni-
tude of X(k) are even symmetric, whereas the imaginary
part and the phase of X(k) are odd symmetric. As a result
of this redundancy, the DFT components of real signals are
illustrated either for k¼ 0; . . . ; ðN � 2Þ=2 if N is even, or for
k¼ 0; . . . ; ðN � 1Þ=2 if N is odd. Figures 8 and 9 show
examples of real signals and their Hermitian symmetric
DFTs.

3.4. Real and Even Signals

Real and even signals are defined as

xðnÞ¼<fxNð�nÞg¼
<fxð�nÞg; n¼ 0;

<fxðN � nÞg; 1�n�N � 1:

(

ð19Þ

Their DFT is real (5,6)

XðkÞ¼X�ðkÞ¼<fXðkÞg; k¼ 0; 1; . . . ;N: ð20Þ

Figures 2–4 show examples of even signals and their real
DFTs.

x
0
(n)

−1.1

1.1

0
0

7 n

  DFT
<--->

k

−j4
−j

+j

+j4

Re{X0(k)}

j⋅Im{X0(k)}

Figure 7. Original signal
xoðnÞ¼ sinð2pn=8Þ þ0:25 sinð4pn=8Þ and corre-
sponding DFT.

0

−1.1

1.1

0 7
n

xs(n)

  DFT
<--->

k

−j

 4

4

+j

Re{Xs(k)}

j⋅Im{Xs(k)}

Figure 8. Time-shifted signal xsðnÞ¼ xoN
ðn�

6Þ¼ xoN
ðnþ2Þ and corresponding DFT, for

N¼8. The original signal xoN
ðnÞ is shown in

Fig. 7.

−A

+A

0
4

n

s(n)

----->

----->

----->

----->

(a)

(b)

−A

+A

0
4

n

y(n)

Figure 6. The circular shift is applied to (a) two cycles of a
sinusoid signal s(n) and results in (b) a time-shifted signal
yðnÞ¼ sN ðn� 1Þ. The s(4) sample is shifted to y(0).
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3.5. Real and Odd Signals

Real and odd signals are defined as

xðnÞ¼

� <fxNð�nÞg¼
�<fxð�nÞg¼ 0; n¼0;

�<fxðN � nÞg; 1�n�N � 1:

(

ð21Þ

Their DFTs are purely imaginary (5,6)

XðkÞ¼ � X�ðkÞ¼ jIfXðkÞg; k¼ 0; 1; . . . ;N: ð22Þ

Figures 5 and 7 show examples of odd signals and their
imaginary DFTs.

3.6. Time Reversal

For real signals, the reversal of a signal in time results in
the reversal of its DFT in frequency. The time-reversed
signal is given by

yðnÞ¼ xNð�nÞ¼
x ð�nÞ; n¼ 0;

x ðN � nÞ; 1�n�N � 1:

(

ð23Þ

Similarly, its DFT is given by

YðkÞ ¼XNð�kÞ¼
Xð�kÞ; k¼ 0;

XðN � kÞ; 1�k�N � 1:

(

ð24Þ

Figure 9 illustrates the effects of time and frequency
reversals. In this example, time reversal was applied to
the signal of Fig. 8. Comparing both figures, one should
notice that the sample x(0) and the frequency component

X(0) remain at the same place. However, samples x(n0)
and x(N�n0) switch places, as well as frequency compo-
nents X(k0) and X(N� k0).

3.7. Conjugation

Consider a signal y(n) that is the complex conjugate of
another signal x(n)

yðnÞ¼ x�ðnÞ; n¼ 0;1; . . . ;N � 1: ð25Þ

Its DFT is given by (6,7)

YðkÞ¼X�Nð�kÞ¼
X�ð�kÞ; k¼ 0;

X�ðN � kÞ; 1�k�N � 1:

(

ð26Þ

The conjugation property might not have a direct ap-
plication to biomedical signals, as they are usually real-
valued. However, the DFT Hermitian symmetry (Equa-
tion 18) for real-valued signals can be easily verified using
the conjugation property. This property may also be used
in combination with the duality property (described in the
next section), because the DFT of real-valued signals can
take nonreal values.

3.8. Duality

Suppose that a discrete-time signal {x(n)} exists whose
DFT is given by {X(k)}. If another signal {y(n)} is equal to
the DFT {X(n)}, then the DFT of this other signal is given
by the time inversion of {x(n)} multiplied by the number of

0

−1.1

1.1

0 7
n

xr(n)

  DFT
<--->

k

 4
− j

+j

4
Re{Xr(k)}

j⋅Im{Xr(k)}

Figure 9. Time-reversed signal xrðnÞ ¼ xsN
ð�nÞ

and corresponding DFT, for N¼8. The signal
xsN
ðnÞ is shown in Fig. 8.

−1.8

1.8

0

  DFT
<--->

0
4 n

h(n)

k

NA/2
−jNA/2

NA/2

+jNA/2

Re{H(k)}

j⋅Im{H(k)}

Figure 10. Linearity property:
hðnÞ¼ cðnÞþ sðnÞ $

DFT
HðkÞ¼CðkÞþSðkÞ. Signals c(n)

and s(n) are shown in Figs. 4 and 5, respectively.
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samples (5)

yðkÞ¼NxNð�kÞ¼
Nxð�kÞ; k¼ 0;

NxðN � kÞ; 1�k�N � 1:

(

ð27Þ

Another version of the duality property is given below.
Suppose a discrete-time signal {x(n)} exists whose DFT is
given by {X(k)}. Now, if the DFT {Y(k)} of another signal is
equal to the discrete-time signal {x(k)}, then this other
signal is given by the frequency inversion of {X(k)} divided
by the number of samples

yðnÞ¼
1

N
XNð�nÞ¼

1
N Xð�nÞ; n¼ 0;

1
N XðN � nÞ; 1�n�N�1:

(

ð28Þ

3.9. Mean Value

By substituting k¼ 0 in the DFT definition (Equation 1),
one obtains

Xð0Þ¼
X

N�1

n¼ 0

xðnÞ: ð29Þ

In other words, the mean value or DC level of signal {x(n)}
is given by X(0)/N.

3.10. Initial Value

Similarly, by substituting n¼ 0 into Equation 2, one
obtains

xð0Þ¼
1

N

X

N�1

k¼0

XðkÞ: ð30Þ

So, the mean value of the DFT provides the initial value of
the signal {x(n)}.

3.11. Parseval’s Relation

Parseval’s relation states that the energy of the signal x(n)
is given by the mean value of the DFT-squared compo-
nents (6,7)

X

N�1

n¼ 0

jxðnÞj2¼
1

N

X

N�1

k¼ 0

jXðkÞj2: ð31Þ

This relation is used in the spectral estimation of random
signals and the function |X(k)|2/N is called power spec-
trum density.

3.12. Linearity

Consider two signals {x(n)} and {h(n)}. A signal that
results from any linear combination of these signals

yðnÞ¼ axðnÞþ bhðnÞ ð32Þ

has a DFT that is the same linear combination of their

−0.77

0.77

0

  DFT
<--->

0
4 n

x(n)

k

−jNA2/4
−jNA2/4

+jNA2/4

Re{X(k)}

+jNA2/4j⋅Im{X(k)}

Figure 11. Multiplication property:
xðnÞ¼ cðnÞsðnÞ $

DFT
XðkÞ¼ 1

N CðkÞ �N SðkÞ. Sig-
nals c(n) and s(n) are shown in Figs. 4 and 5,
respectively.

−2.2

1.4

0

  DFT
<--->

0
4 n

y(n)

k

−jN2A3/8

N2A3/8

N2A3/8

+jN2A3/8

Re{Y(k)}

j⋅Im{Y(k)}

Figure 12. Convolution property:
yðnÞ ¼ xðnÞ �N hðnÞ $

DFT
YðkÞ¼XðkÞHðkÞ. Signals

x(n) and h(n) are shown in Figs. 11 and 10,
respectively.
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corresponding DFTs (5,7)

YðkÞ¼ aXðkÞþ bHðkÞ: ð33Þ

Figure 10 shows at the left, the signal h(n), which is the
sum of the signals shown in Figs. 4 and 5. The correspond-
ing DFT is also the sum of the DFTs shown in Figs. 4 and
5.

3.13. Multiplication

A signal that results from the multiplication of two signals

yðnÞ¼ xðnÞhðnÞ ð34Þ

has a DFT that is the circular convolution of their
corresponding DFTs, divided by the number of samples
(5,7)

YðkÞ¼
1

N
XðkÞ �N HðkÞ: ð35Þ

The circular convolution is given by (5)

XðkÞ �N HðkÞ¼
X

N�1

l¼ 0

XðlÞHNðk� lÞ

¼
X

k

l¼ 0

XðlÞHðk� lÞ

þ
X

N�1

l¼ kþ 1

XðlÞHðNþ k� lÞ:

ð36Þ

One must also be reminded that the commutative prop-
erty holds

XðkÞ �N HðkÞ¼HðkÞ �N XðkÞ

¼
X

N�1

l¼ 0

HðlÞXNðk� lÞ:
ð37Þ

Figure 11 shows the multiplication of the signals shown in
Figs. 4 and 5, as well as the resulting DFT. The computa-
tion of the circular convolution is better described in the
next property.

3.14. Circular Convolution

A signal that results from the circular convolution of two
signals

yðnÞ¼ xðnÞ �N hðnÞ ð38Þ

has a DFT that is the multiplication of their corresponding
DFTs (5,6)

YðkÞ¼XðkÞHðkÞ: ð39Þ

The circular convolution between two discrete-time

signals {x(n)} and {h(n)} is given by (5)

xðnÞ �N hðnÞ¼
X

N�1

m¼ 0

xðmÞhNðn�mÞ

¼
X

n

m¼ 0

xðmÞhðn�mÞ

þ
X

N�1

m¼nþ1

xðmÞhðNþn�mÞ;

ð40Þ

which is equal to

hðnÞ �N xðnÞ¼
X

N�1

m¼ 0

hðmÞxNðn�mÞ

¼
X

n

m¼ 0

hðmÞxðn�mÞ

þ
X

N�1

m¼nþ1

hðmÞxðNþn�mÞ:

ð41Þ

Figure 12 shows the signal {y(n)}, which results from the
circular convolution between the signals {x(n)} and {h(n)},
shown in Figs. 11 and 10. One can observe that the DFT in
Fig. 12 is obtained by the multiplication of the DFTs
shown in Figs. 11 and 10. The steps to compute this
specific circular convolution are shown in Fig. 13. One
can see that the properties of time reversal and time shift
are applied to {h(n)}, as well as the multiplication of
signals.

4. RELATIONSHIP BETWEEN TRANSFORMS

Several transforms exist that associate time signals to
their frequency representation. Table 2 shows the time
and frequency domains of these transforms.

In this section, the relationship between discrete-time
transforms will be shown and applied to a signal composed
by a noninteger number of cosine cycles. However, before
showing the relationship, two additional discrete-time
transforms will be defined mathematically. The z–trans-
form is given by (5)

XðzÞ¼
X

þ1

n¼�1

xðnÞz�n; ð42Þ

for z 2 ROC, where ROC stands for region of convergence.
Whenever the unit circumference belongs to the region of
convergence, the discrete-time Fourier transform (DTFT)
is given by (5)

XðejoÞ¼
X

þ1

n¼�1

xðnÞe�jon; ð43Þ

where o¼ 2pf=fs is the normalized frequency and fs is the
sampling frequency.
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Consider a discrete-time signal described by

xðnÞ¼A cos
2pf0

fs
n

� �

½uðnÞ � uðn�NÞ�

¼A cos
2pk0

N
n

� �

½uðnÞ � uðn�NÞ�;

where f0 is the fundamental frequency of the continuous-
time cosine, fs is the sampling frequency, N is the number
of samples, k0 is the number of cosine cycles, and u(n) is
the step function, which is defined as:

uðnÞ¼
1; n�0;

0; no0:

(

The z–transform of the signal x(n) is given in exponen-
tial form by

XðzÞ¼
X

N�1

n¼ 0

A

2
½eþ j2pk0n=N þ e�j2pk0n=N � z�n: ð44Þ

Using the closed form of the summations, one obtains

XðzÞ¼
A

2

1� eþ j2pk0 z�N

1� eþ j2pk0=Nz�1
þ

1� e�j2pk0 z�N

1� e�j2pk0=Nz�1

� �

: ð45Þ

As the signal {x(n)} has finite length, the unit circum-
ference belongs to the region of convergence of the z–
transform, and the DTFT can be obtained by

XðjoÞ¼
A

2

1� eþ j2pk0�joN

1� eþ j2pk0=N�jo
þ

1� e�j2pk0�joN

1� e�j2pk0=N�jo

� �

: ð46Þ

The DFT is obtained by sampling the continuous fre-
quency o at the points 2pk=N, which results in

XðkÞ¼
A

2

1� e�j2pðk�k0Þ

1� e�j2pðk�k0Þ=N
þ

1� e�j2pðkþ k0�NÞ

1� e�j2pðkþk0�NÞ=N

� �

;

k¼ 0;1; . . . ;N � 1:

ð47Þ

Figure 14 shows the relationship between the magnitude
of the z–transform and the magnitude of the DTFT. The
complex variable z can be represented in polar form as

x(m) x(m) x(m) x(m) x(m)

h5(0−m) h5(1−m) h5(2−m) h5(3−m) h5(4−m)

x(m)⋅h5(0−m) x(m)⋅h5(1−m) x(m)⋅h5(2−m) x(m)⋅h5(3−m) x(m)⋅h5(4−m)

Σ  x(m)⋅h5 (0−m)
4

m=0
Σ  x(m)⋅h5 (1−m)
4

m=0
Σ  x(m)⋅h5 (2−m)
4

m=0
Σ  x(m)⋅h5 (3−m)
4

m=0
Σ  x(m)⋅h5 (4−m)
4

m=0

y(n)

Figure 13. Steps to compute a circular convolution yðnÞ¼ xðnÞ �N hðnÞ. Signals x(n) and h(n) are
shown in Figs. 11 and 10, respectively.
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z¼ re�jo. The value of r was varied within the range of
0.925 to 1.210, resulting in the thin-line surface of |X(z)|
¼|X(r ejo)|, where X(z) is given by Equation 45. The
DTFT magnitude corresponds to r¼ 1 and is represented
by the thick line.

Figure 15 shows the magnitudes of the DTFT and the
DFT. The DTFT magnitude is represented by a continuous
line and is defined for r¼ 1 and a continuous range of
normalized frequencies 0 � o � 2p [rad]. On the other
hand, the DFT magnitude is represented by circles and
is defined only at discrete values o¼ 2pk=9, for
k¼ 0; 1; . . . ;8.

When one considers an integer number of cosine cycles,
the DTFT is ‘sampled’ at the cosine frequency f0¼ fsk0=N
and at the zeros of the DTFT, which results in the known
DFT of the cosine function (see Fig. 4).

However, when one considers a noninteger number of
cosine cycles, the DFT results in several components that
do not correspond to the exact cosine frequency f0. In this
case, one cannot determine the exact cosine frequency.
One can only find a frequency range, as the cosine
frequency is surrounded by extra components of the
DFT, as seen in Fig. 16. This error is called picket-fence
effect (8) and it causes an attenuation in the amplitude of

frequency components, which is known as scalloping error
(9). One can improve the frequency resolution, by increas-
ing the length Td of the cosine segment that is analyzed,
which is equivalent to increasing the number of cosine
samples to N 0 > N.

Besides the picket-fence effect, another error occurs
when a noninteger number of cosine cycles is analyzed.
This error is called leakage (8,10,11) and is characterized
by the presence of high-frequency components. This error
is reduced by multiplying the cosine segment by nonrec-
tangular windows (7), which have smaller sidelobes in the
frequency domain than those of the rectangular window
(11).

Figure 17a shows a cosine segment with 1.5 cycle and
its corresponding DFT. One observes the picket-fence
effect, because the cosine frequency f0 would correspond
to the peak of the dotted curve. One also observes the
leakage error, because of the nonzero components in the
high-frequency region.

Figure 17b shows the effect of zero-padding a cosine
segment. In this specific example, the total number of
samples N 0 is five-thirds times the number of cosine
samples Nw. One observes that the spacing between
frequency components is three-fifths of the original spa-

Table 2. Relationship Between Transforms

Continuous Time Discrete Time

Complex plane Laplace Transform z–Transform
s¼sþ j2pf z¼ es=fs ¼ rej2pf=fs

Continuous frequency Fourier Transform DTFT
s¼ j2pf z¼ es=fs ¼ ej2pf=fs

Discrete frequency Fourier Series (periodic signals) DTFS (periodic signals)
DFT (finite number of samples)

s¼ j2pkf0 z¼ es=fs ¼ ej2pk=N

The fundamental frequency of continuous-time periodic signals is given by f0, the sampling frequency is given by fs, and the finite-length discrete-time signal

has N samples.

−1−0.8−0.6−0.4−0.200.20.40.60.81

−1

−0.5

0

0.5

1

0

1

2

3

4

Re{z}

r = 1

|X(z)|

Im{z}
Figure 14. Magnitude of
XðzÞ¼ A

2½
1�eþ j2pk0 z�N

1�eþ j2pk0=N z�1þ
1�e�j2pk0 z�N

1�eþ j2pk0=N z�1�, for z¼ re�jo

and 0:925 � r � 1:210. The DTFT magnitude cor-
responds to r¼1 and is represented by the thick
line. The dotted line represents the unit circum-
ference.
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cing. However, the amplitude and the lobes of the dotted
curve remain the same, as well as the frequency resolu-
tion, which is determined by the number of cosine samples
(12). Zero-padding a signal can be interpreted as a spectral
interpolation (7,12).

Figure 17c shows the effect of increasing the number of
cosine samples. In this example, 2.5 cosine cycles is
considered. One observes that the dotted curve, which
represents the DTFT magnitude, has higher amplitude
and thinner lobes than the original one (Fig. 17a). The
frequency resolution is improved and is equal to three-
fifths of the original one. One can determine the cosine
frequency f0 range with better precision, because of the
reduction of the picket-fence effect. However, one still
detects high-frequency components, because of the leak-
age error.

Figure 17d shows the effect of multiplying a cosine
segment by a nonrectangular window. The cosine segment
of Figure 17c was multiplied by the Hanning window. The
high-frequency components are almost zero, which indi-
cates the reduction of the leakage error. However, the
picket-fence effect is still present. Furthermore, a change
in the vertical axis occurs, for the DTFT magnitude is
multiplied by the DC level of the Hanning window w(n),
which is equal to Wð0Þ=N 0 ¼ 1=2.

5. DFT APPLICATIONS

Several programming environments have built-in rou-
tines that compute the DFT in a fast and efficient manner.
These routines are called fast Fourier transform (FFT)
and are available in most programming environments. A
description of FFT routines can be found elsewhere (5,7).
As a result of the easy access to FFT routines, the DFT is
applied to several problems, including biomedical ones.
Sometimes, biomedical signals are immersed in high-
frequency noise that should be eliminated. In other situa-
tions, spectral estimates for nondeterministic biomedical
signals may be necessary. These estimates may be ob-
tained for both stationary and time-varying signals. DFT
can provide the solution to the above-mentioned problems.
These applications are presented in the following sections.

5.1. DFT and Windows

Some windows used to reduce the leakage error are
described as the sum of sinusoids and a constant. One
could obtain these windows in the time domain by adding
sinusoids to a constant level.

However, their description in the frequency domain is
advantageous in many applications. As an example of the
frequency-domain description, a window given by

0 2π  2π/9    4π/9    6π/9    8π/9 10π/9 12π/9 14π/9 16π/9 ω[rad]

0 1 2 3 4 5 6 7 8 k|̂|̂

0 fs/9 2fs/9 3fs/9 4fs /9 5fs/9 6fs/9 7fs/9 8fs/9 f [Hz]fsfo

|X(k)|

5

4

3

2

1

0
Figure 16. Magnitudes of DTFT (dotted line)
and DFT (circles) for 1.5 cosine cycle. X(k) can
be seen as a ‘sampling’ of X(ejo) at o¼2pk=9,
for k¼0; 1; . . . ;8.

−1−0.8−0.6−0.4−0.200.20.40.60.81

−1

−0.5

0

0.5

1

0

1

2

3

4

8π/9

6π/9

10π/9

Re{r ejω}

12π/9

4π/9

ω

r = 1

14π/9

2π/9

16π/9

0

|X(ejω)|

Im{r ejω}
Figure 15. The DTFT magnitude (continuous
line) is defined for r¼1 and a continuous range
of normalized frequencies 0 � o � 2p [rad]. The
DFT magnitude (circles) is defined at discrete
values o¼2pk=9, for k¼0;1; . . . ; 8. The dotted
line represents the unit circumference.
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wðnÞ¼a0þa1 cosð2pn=NÞþa2 cosð4pn=NÞ is represented
by

WðkÞ¼

Na0; k¼ 0;

Na1=2; k¼ 1 or k¼N � 1;

Na2=2; k¼ 2 or k¼N � 2;

0; otherwise:

8

>

>

>

>

>

<

>

>

>

>

>

:

In order to obtain the samples of the window {w(n)}, one
can compute the IDFT of the frequency representation
{W(k)}.

Figure 18 illustrates the 15-sample Hanning window,
also called the Hann window (5), which was obtained by
computing the IDFT of its frequency representation. As a
result of numerical errors, a small imaginary part might

result from the IDFT computation. This imaginary part
must be ignored and only the real part of the IDFT should
be assigned to {w(n)}.

Table 3 shows the DFT representation of a few sinu-
soidal windows (5,7).

5.2. DFT and Convolution

In Fig. 13, the steps to compute a circular convolution
were shown. One may notice that the circular convolution
is a cumbersome process. Fortunately, it is known that the
circular convolution between signals x(n) and h(n) results
in a DFT that is just the multiplication of the correspond-
ing DFTs. Therefore, one can obtain the circular convolu-
tion of two signals, by calculating the IDFT of the
multiplication {X(k) H(k)}.

+A

−A

(a)

(b)

(c)

(d)

0

N−1
<--->
 DFT

n
NA/2

0 N−1|̂

f0 [Hz]

|̂

fs[Hz]

k

+A

−A

0

N´−1N
<--->
 DFT

n
NA/2

0 N´−1
k

+A

−A

0

N´−1
<--->
 DFT

n

N´A/2

0 N´−1|̂
f0[Hz]

|̂
fs [Hz]

k

+A

−A

0 N´−1

<--->
 DFT

n W(0)A/2

0 N´−1
k

Figure 17. DFT of cosine segments with (a) 1.5 cycle (b) zero-padded 1.5 cycle; (c) 2.5 cycles; (d) 2.5
cycles multiplied by the Hanning window.
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However, in practical applications, linear convolution is
used more frequently than circular convolution. One can
obtain the linear convolution between two real signals by
including zeros in both signals, before computing a circu-
lar convolution

xðnÞ�hðnÞ¼ xðnÞ �Nt
hðnÞ: ð48Þ

So, the linear convolution can be computed by the IDFT of
the multiplication between the DFTs of both signals (5).
One should be reminded that the DFT must be calculated
for zero-padded signals (10) with a total number of sam-
ples Nt greater or equal to NxþNh � 1, where Nx and Nh

are the number of samples of the original signals {x(n)}
and {h(n)}.

5.3. DFT and Digital Filtering

Consider a digital filter with a finite-length impulse
response (FIR) represented by h(n). Its input-output re-
lationship is given by (4,7,12)

yðnÞ¼hð0ÞxðnÞþhð1Þxðn� 1Þþ � � � þhðqÞxðn� qÞ

¼
X

q

k¼ 0

hðkÞxðn� kÞ:

The filter output can be seen as the linear convolution
between the filter input x(n) and the impulse response
h(n). As the computation of a linear convolution has
already been described in the previous section, one can
easily obtain the filter output y(n).

Sometimes, it is easier to understand how filters work
by looking at the frequency domain instead of the time
domain. As one computes the DFT of the impulse re-
sponse, one estimates the filter’s frequency response.
Each DFT component X(k), also known as frequency
component, is associated to an index k that varies from 0
to N� 1. Each value of the index k represents a frequency

value f ¼ fsk=N, where fs is the sampling frequency and N
is the number of points used to compute the DFT. The
magnitude and phase of the frequency response are called
the filter’s magnitude and phase responses. The magni-
tude response shows how much the filter attenuates or
amplifies each input frequency component. The phase
response is related to the delay between the filter’s input
and output, because the phase multiplied by � 1 and
divided by the frequency value results in the delay be-
tween the specific frequency components. If filters with
finite-length impulse responses that are even and real are
chosen, one can guarantee that the phase response is
linear and, consequently, that all frequency components
have the same input-output delay.

FIR filters can be used to remove either high-frequency
noise or low-frequency artifacts from electrocardiography
signals (3). As an example, Fig. 19a illustrates two cycles
of electrocardiography signals with noise. After using a
filter, whose impulse response is a rectangular pulse, the
output shown in Fig. 19b was obtained. One can observe
that, in this example, the filter eliminated the high-
frequency noise. The filtering process was computed by
the linear convolution of the original signal (shown in Fig.
19a) and the filter’s impulse response (a 6.67 ms–length
rectangular pulse). The filter’s gain is shown in Fig. 20a,
whereas the linear phase response is shown in Fig. 20b.

5.4. DFT and Spectral Estimation of Random Signals

The DFT provides the magnitude and the phase of the
frequency components, so that a deterministic signal may
be seen as a sum of sinusoids.

However, several biomedical signals are not determi-
nistic, but random signals. One usually analyzes a random
signal {x(n)} through its power spectrum density, which
can be estimated by the periodogram (7,12)

PxxðkÞ¼ jXðkÞj
2=N: ð49Þ

1

0
0 14

n

w(n)

  DFT
<--->

k

−3.75

Re{H(k)}

7.5

−3.75
j⋅Im{H(k)}

Figure 18. DFT application: The Hanning win-
dow wðnÞ¼0:5� 0:5 cosð2pn=15Þ and corre-
sponding DFT.

Table 3. DFT Coefficients for Rectangular and Sinusoidal Windows of Length N

W(k) Rectangular Hanning Hamming Blackman

W(0) 1.00 N 0.50 N 0.54 N 0.42 N

W(1)¼W(N�1) 0.00 N �0.25 N �0.23 N �0.25 N
W(2)¼W(N�2) 0.00 N 0.00 N 0.00 N 0.04 N

DISCRETE FOURIER TRANSFORM 13



As the periodogram usually provides very noisy spectral
estimates, one should use smoother spectral estimators,
such as the average between several periodograms, and
the periodogram of the signal multiplied by windows (12).
As an example, Fig. 21a shows a normal electromyography
signal. Its periodogram is illustrated by the thin black line
in Fig. 21b. One can see that this original periodogram is
very noisy. Dividing the signal into 20 segments, multi-
plying them by the Hanning window, and computing the
average between the 20 periodograms, one obtains Welch’s

spectral estimate (thick white line), which is smoother
than the original periodogram.

In order to obtain a seemingly better spectral resolu-
tion (the separation between frequency components), one
may zero-pad the signal before computing the DFT.

DFT and spectral estimation are applied to several
biomedical studies. Among other applications, they have
been used to compress electrocardiogram data (13), to
monitor muscle fatigue through the analysis of electro-
myography signals (14–16), to monitor rejection after

  0
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  3

−1

−2

−3

0 0.5

(a)

(b)

1.0 [s]

[mV]

  0

  1

  2

  3

−1

−2

−3

0 0.5 1.0 [s]

[mV]

Figure 19. Electrocardiography signal (a) with high-
frequency noise, and (b) after filtering. The finite-
length impulse response filter was defined as a rec-
tangular pulse, with amplitude equal to 1/20 for
n¼0; . . . ; 19, and zero elsewhere.
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−1000
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Figure 20. The filter’s frequency response is
defined by (a) an amplitude response and (b) a
phase response. In order to represent a linear
phase response, the gain was used as an
amplitude response, instead of the magnitude
of the frequency response.
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heart transplantation using surface electrocardiograms
(17,18), and to study the electroencephalography differ-
ences between normals, insomniacs (19), and narcoleptics
(20) during sleep stages.

5.5. DFT and Time-Frequency Analysis

The properties of some signals vary with time. In order to
analyze them, the DFT may be applied to short segments
of these signals, resulting in the discrete short-time Four-
ier transform (STFT). Each segment is associated to one
instant of time. In the graphical representation of the
STFT squared, known as spectrogram (21), the magnitude
is represented by different colors, the time is represented
in the horizontal axis, and the frequency is represented in
the vertical axis.

The process of choosing a segment from the whole
signal is equivalent to multiplying the signal by a rectan-
gular window that is equal to one in the segment and zero
elsewhere. One may also multiply the segments by non-
rectangular windows, such as the ones described earlier.
This process of selecting segments and multiplying them
by a window is known as windowing. As one segment may
overlap with the previous and subsequent segments, one
may picture a window sliding through the signal samples.

Figure 22 shows a somatosensory evoked potential and
its corresponding spectrogram, which was obtained for
25.60 ms Hanning windows, with 25.55 ms overlap be-
tween adjacent segments. One may observe that from
13 ms to 22 ms, the frequency components above 200 Hz
are represented by brighter colors. In this time interval,
components exist at higher higher frequencies than in the

−2
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  4

    0 200 400

(a)

(b)

600 800 [ms]

[mV]

  [dB]

 −40

−60

−80

−100

−120

101.4 102 103 104    [Hz]

Figure 21. (a) Normal electromyography signal, (b)
its periodogram (thin black line) and Welch spectral
estimate (thick white line). Welch spectral estimate
corresponds to the average between 20 periodograms.
Before the computation of these periodograms, the
signal was divided into 20 segments with no overlap,
and each segment was multiplied by the Hanning
window.
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remaining parts of the signal. They indicate the presence
of an evoked response.

STFT allows the time-frequency analysis of time-vary-
ing signals and has been used in several applications,
including the monitoring of evoked potentials during
spinal cord surgeries (2,22), the detection and quantifica-
tion of muscle fatigue through the analysis of electromyo-
graphy signals (23), the real-time detection of seizure
activity in electroencephalography signals (24), and the
investigation of strenuous exercise and its effect on heart
rate variability (25).

5.6. DFT and Image Processing

2-D transforms are used to enhance, restore, codify, and
describe images (26). An image is represented by a 2-D
light-intensity function f(x, y), where (x, y) are the space
coordinates. The 2-D DFT F(u, v) of an image is given by
(26)

Fðu; vÞ¼
1

N

X

N�1

x¼ 0

Fðx; vÞe�j2pux=N ;

where

Fðx; vÞ¼N
1

N

X

N�1

y¼ 0

f ðx; yÞe�j2pvy=N

" #

:

One can see that the 2-D DFT is obtained by applying the
1-D DFT to each row x of the image and then computing
the 1-D DFT of each column v of the resulting set F(x, v) of
DFTs.

2-D DFT is applied in computerized axial tomography
and magnetic resonance imaging (27,28), which are es-
sential tools for the diagnosis of several diseases.

5.7. Final Comments on Applications

In this section, several applications of the DFT were
presented. They show that the DFT is a ubiquitous tool.
However, the DFT is not the sole tool for filtering, image
processing, and spectral and time-frequency analysis. In
most of these applications, more complex, powerful, and
suitable tools exist, which were intentionally designed to
overcome some of the limitations associated to the DFT.
These tools are described in other chapters of this ency-
clopedia.
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Figure 22. (a) Somatosensory evoked potential and (b) corresponding spectrogram for 25.6 ms
Hanning windows.
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However, one must be reminded that, in some cases,
DFT-based tools may have a better performance than
more sophisticated tools. As an example, several time-
frequency distributions were compared, in regard to their
contribution in monitoring somatosensory evoked poten-
tials during spinal cord surgeries (22), and the STFT with
a 20-point Hanning window provided the best result.
Another advantage of DFT-based algorithms is the re-
duced computational work and time, in comparison with
more complex methods. The reduced computational time
implies that DFT is suitable for real-time applications,
which are very common in medical settings.

As a summary, in spite of the uprise of new methods,
DFT-based processing continues to be widely applied to
biomedical signals (2,13–20,22–25,27,28) and one cannot
deny its tremendous contribution to biomedical signal
processing.
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1. INTRODUCTION

Computers play such a major role in the biomedical
research field that efficient database searches and pattern
matching techniques are a major part of the day-to-day
tasks performed by scientists. Until recently it was be-
lieved that the computing power, which is doubling every
18 months according to Moore’s law, could handle the
growing demands of bioinformatics applications. However,
the exponential increase in the volume of biological data
made available through the success of the human genome
and other projects has completely outpaced the capabil-
ities of modern computers. For example, the amount of
nucleotide sequence data has been doubling every 9
months (1), which is twice the rate of processor speed
doubling. This result is an indication of the widening gap
between the speed requirements of applications and the
available processor speed.

Lack of computational power has been a bottleneck in
several ongoing studies such as phylogenetic trees analy-
sis and protein folding simulations. Because of its poten-
tial for delivering high computational power, parallel
processing is becoming the solution of choice for these
computed and data-intensive applications.

The following section provides a background on the two
main types of parallel architectures. In general, one type
of parallel architecture may be more suitable for a given
application than the other. The remainder of the article
focuses on the use of parallel processing in sequence
alignment, phylogenetic trees construction, and protein
folding. The article ends with a summary and a discussion
of the expected future use of parallel processing in the
biomedical research field.

2. SHARED AND DISTRIBUTED MEMORY
ARCHITECTURES

A parallel computer consists of a set of processors that can
work in cooperation to solve a computational problem. The
problem is divided into tasks that are distributed among
the processors. The goal of parallel processing is to reduce
the time needed to solve the problem. There are two main
categories of parallel computers: shared memory and
distributed memory.

A typical computer consists of a processor, a memory,
and a disk. The processor performs computation on the
data that are stored in memory. Memory is volatile, which
means that the data in the memory will not remain in the
memory after the program completes execution. The disk

is nonvolatile, and it is used for permanent storage of data.
A parallel computer includes multiple processors. In a
shared memory architectures machine, these processors
share the same memory, whereas for distributed memory
architectures, each processor has its memory. The use of
distributed memory architectures is commonly referred to
as distributed computing.

To cooperate, the processors have to be able to commu-
nicate. In shared memory architectures, this communica-
tion is accomplished through the shared memory. A given
processor can write information to a specific memory
location that is then read by the other processors. In
distributed memory architectures, processors do not
have access to each others’ memories. The communication
among processors in this case is performed via message
passing. These messages are routed through a network
that connects the processors. Basic messages consist of
sends and receives that are used to exchange data be-
tween the sending processor and the receiving processor.

Both architectures have advantages and disadvan-
tages. Because processors communicate via a network,
distributed memory architectures scale up easily to many
processors. However, communication overhead is high
because communication is performed via message passing,
which requires the packing of the message and its routing
through the network. Although this overhead can be
reduced by using high-speed and low-latency networks,
it is still several magnitudes higher compared with the
access latency in shared memory architectures. Shared
memory architectures have efficient high-speed commu-
nication because communication is performed through
regular and low overhead reads and writes directly to
memory. However, because all processors share a single
memory, access to memory becomes a bottleneck and
prevents shared memory architecture from including
many processors while remaining cost-effective.

Several shared memory parallel computers are avail-
able from different vendors. For example, the V880 from
Sun Microsystems, the Origin 300 from SGI, and the
pSeries 670 from IBM are mid-range machines that may
have 4 to 32 processors. The Fire 15K from Sun Micro-
systems and the Origin 3900 from SGI may include 64 to
128 processors. These are high-end shared memory par-
allel computers.

A popular class of distributed memory parallel compu-
ters is called a cluster of workstations. These clusters are
available from almost any vendor that also manufactures
regular desktop computers. A cluster of workstations
consists of several personal computers that are connected.
Because these personal computers are general-purpose
machines that are widely used, the cluster of workstations
can ride the technology advancement afforded by new
processors with increasing processing speed. This factor
also participates in making clusters affordable, cost effec-
tive, and capable of delivering high computational power.
Clusters can have from 2 to 1000 processors.

As mentioned, parallel computers are used to acceler-
ate the execution time of applications. Ideally, a parallel
computer with n processors should reduce the execution
time of the application by a factor of n compared with the
execution time on a single processor computer. However,
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achieving this ideal speedup is not possible in practice
because of the communication overhead among the pro-
cessors. It also may not be possible to execute all tasks in a
given computational problem entirely in parallel, because
some portions of the underlying algorithm may be inher-
ently sequential.

Different programming paradigms are used to program
shared memory computers and distributed memory com-
puters. Distributed memory computers can be pro-
grammed by using common high-level languages that
are augmented with message passing libraries. Examples
of message passing libraries includes message passing
interface (MPI) (2) and parallel virtual machine (PVM)
(3). These libraries consist of function calls that can be
used to send and receive messages and synchronize the
execution of the code on the processors.

One of the most popular ways to program shared
memory computers is called multithreading. Multithread-
ing is also implemented in the form of a library of
functions that allows the creation of threads (i.e., tasks)
and the synchronization of the access to memory among
the processors. Each thread can execute on a different
processor; however, it is possible to have multiple threads
execute on the same processor. Multithreaded libraries
are used in conjunction with high-level languages such as
C. It is also possible to program shared memory computers
by using special parallel languages. These languages
include directive to automatically parallelize sections of
the code. Examples of these languages include High
Performance Fortran (4) and OpenMP (http://www.o-
penmp.org).

Because the efficient use of resources in parallel com-
puters is important, load balancing techniques are used to
distribute computations fairly across the processors to
maximize the execution speed and minimize the idle
time of any processor. These load balancing techniques
can either be static or dynamic. Static load balancing
divides the tasks and assigns them to processors before
the start of the execution. Dynamic load balancing can
adjust to changes in resource requirements by assigning
tasks to processors during execution.

One predominant way of orchestrating the distribution
of the tasks in a parallel computer is by using the work
pool model. In this model, a processor, which is designated
as the master, is responsible for distributing work to the
other processors, which are called workers. The master
processor is often also responsible for collecting results
from the workers. Load balancing in the work pool model
can be done either statically or dynamically. When dy-
namic load balancing is used, tasks are assigned by the
master to the workers either in a round-robin fashion (i.e.,
the master checks for an idle worker in a round-robin
fashion and assigns it the next task) or in a demand-
driven fashion (i.e., workers ask the master for more tasks
when they finish their current tasks). In the following
sections, some applications that have successfully used
parallel processing techniques are reviewed.

3. SEQUENCE ALIGNMENT

Sequence alignment refers to the procedure of comparing
two or more sequences by searching for a series of
characters (nucleotides for DNA sequences or amino acids
for protein sequences) that appear in the same order in the
input sequences. Although residues are mostly used to
refer to amino acids, for brevity purposes, residues will be
used to imply both nucleotides and amino acids in the
remainder of this article. A distinction will be made when
necessary. The sequence alignment problem is often re-
ferred to as the longest common substring problem. Re-
gions in the new sequence and the known sequence that
are similar can help decipher biological functions or
evolutionary information about the new sequence. The
alignment of two or more sequences is anchored around
the longest common substring. To find the optimal align-
ment, several algorithms allow gaps to be inserted in one
or the other sequence during the alignment. Introduction
of gaps contribute to the overall score of the alignment.
The gaps are also referred to as penalties because they are
usually associated with negative scores in order not to
encourage long gaps.

When aligning multiple sequences, the goal is to dis-
cover signatures or motifs that are common to all se-
quences. A motif or a signature is a sequence of residues
that is common to the aligned sequences and that can help
identify a family of nucleic acid sequences or protein
sequences. For a more detailed discussion on sequence
alignment, refer to the article entitled INFORMATION RETRIE-

VAL IN BIOMEDICAL RESEARCH.
The alignment of two sequences (pairwise alignment)

or multiple sequences (multiple alignment) and the align-
ment of short or long sequences such as an entire genome
may require different types of algorithms. The algorithms
used in all of these four cases can be either dynamic
programming based or heuristic-based or a combination
of both. Dynamic programming is a general optimization
technique that relies on the fact that the solution to a
problem consists of the combined solutions of the subpro-
blems. Furthermore, several subproblems may be the
same. Thus, they are solved only once. Dynamic program-
ming-based algorithms generate optimal solutions. How-
ever, they are computationally intensive, which makes
them impractical for many sequence alignments. A more
practical solution is one that uses a heuristic to generate a
near-optimal solution. Heuristics are approximation algo-
rithms. In the case of sequence alignment, these heuristics
often use a combination of a restricted form of dynamic
programming (e.g., dynamic programming is only used for
a small subset of the residues in a sequence rather than on
the entire sequence) and other approximations to reduce
the search space of possible solutions.

3.1. Pairwise Alignment

Pairwise alignment is the alignment of two sequences. In
general, the purpose of this alignment is to extract the
sequences that are homologous to a given input sequence
from a database of target sequences based on the order of
their similarity. If two sequences have an identical struc-
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ture, it is likely that are homologous, but this is not always
the case. Short sequences can also show similarity by
chance.

The input sequence is aligned with each target se-
quence in the database, and the top ranking sequences
represent the sequences with the highest level of similar-
ity to the input sequence. The input sequence is also called
the query sequence. Each alignment between the input
sequence and a target sequence is one pairwise alignment.
A score is associated with each pairwise alignment to
indicate the level of similarity between the query sequence
and the corresponding target sequence. This score is
determined based on a scoring matrix and specific penal-
ties for insertions, deletions, and gaps. The scoring matrix
represents the weight associated with a match for all
different types of nucleotides or amino acids.

The Smith–Waterman (5) and the Needleman–Wunsch
(6) algorithms are example sequence alignment algo-
rithms that are based on dynamic programming. FASTA
(7) and BLAST (8) are two heuristic-based alignment
algorithms that are widely used. Heuristic-based algo-
rithms tend to be more computationally efficient than
dynamic programming-based algorithms. Most currently
used pairwise alignment algorithms are heuristic based.

FASTA finds homologous sequences by using a four-
step process (7). First, sequences that have subsequences
of at least k adjacent residues that match subsequences in
the query sequence are identified. The recommended
value of k for a protein sequence alignment is 2 and for
a DNA sequence alignment is between 4 and 6. The second
step combines groups of these matching subsequences into
longer matching regions (called initial regions). Each
initial region consists of one or more matching subse-
quence separated by mismatching regions of residues.
Gaps are not allowed within the mismatching regions.
That is, the number of residues between two consecutive
matching subsequences within the same initial region has
to be the same in the query sequence and the target
sequence. These initial regions are scored, and the best
ten initial regions are selected. During the third step,
dynamic programming is used to combine nearby initial
regions and new scores are assigned to the combined
regions. This example shows how dynamic programming
is used in a limited context (i.e., only for nearby initial
regions) within heuristics. In this third step, mismatching
regions between the initial regions may contain gaps. The
scores generated in the third step are used to rank the
database sequences. During the fourth step, the Needle-
man–Wunsch (6) algorithm is applied to the top-ranking
sequences from the previous step. Specifically, this algo-
rithm is used to align the query sequence and the data-
base sequences within the selected initial regions and
their neighboring residues. The Needleman–Wunsch algo-
rithm is a dynamic programming-based algorithm. The
fourth step in FASTA is another example of the use of
dynamic programming in a limited context within a
heuristic-based alignment algorithm. The Needleman–
Wunsch algorithm is only used for top-ranking sequences
and only within selected regions of these sequences.
Limiting the use of dynamic programming increases the
computational efficiency of the alignment algorithm. How-

ever, it also means that the generated solution is only a
suboptimal solution rather than an optimal one.

BLAST (8) is another heuristic-based algorithm for
sequence homology. As in FASTA, it finds database se-
quences that have k consecutive matches to the query
sequence. The default value of k is 3 for protein sequence
and 11 for DNA sequence. Several variations (9,10) of the
original BLAST algorithm were developed to accommo-
date different types of sequence alignments. For example,
MEGABLAST uses the XDrop alignment algorithm (9). It
is particularly tuned for the alignment of two DNA
sequences that are highly similar. This algorithm is
computationally efficient because it considers long runs
of identical adjacent nucleotides. If the two sequences
differ by 3%, the expected length of the run is 30 nucleo-
tides. The algorithm is also computationally efficient
because it completely avoids the use of dynamic program-
ming even in a limited context. It uses a greedy algorithm
instead. A greedy algorithm is one type of a heuristic that
is developed with the assumption that a global optimal can
be obtained by making a sequence of local optimal deci-
sions, whereas dynamic programming is a global optimi-
zation algorithm. XDrop was used to align entire genomes,
and it was found (9) to be ten times faster than BLAST for
long and highly similar sequences.

PSI-BLAST (10) executes several iterations of the
BLAST algorithm. However, the scoring matrix, which is
used to score the pairwise alignment, is not fixed in PSI-
BLAST. As mentioned, the scoring matrix includes the
weights corresponding to a match for all types of nucleo-
tides or amino acids. After every iteration, the top-ranking
target sequences in the pairwise alignment are used to
update the scoring matrix. Also, PSI-BLAST uses a posi-
tion-specific scoring matrix where two matching residues
are assigned a score based not only on the importance of
the match but also on the position of the residue in the
sequence. PSI-BLAST is more sensitive than BLAST in
detecting weak sequence similarities.

Regardless of the algorithm used, in the case of pair-
wise alignment, an input sequence is aligned against a list
of (target) sequences from a database resulting in multiple
pairwise alignments. In each pairwise alignment, one of
the two sequences is the input sequence and the other is
one sequence from the database. This process can be
parallelized in two ways: (1) multiple pairwise alignments
can be executed in parallel (coarse grain parallelism) and
(2) a parallel version of the alignment algorithm can be
used to speed up each pairwise alignment (fine-grain
parallelism).

For coarse-grain parallelism, the database is divided
into blocks of sequences. These blocks can be assigned to
the processors (i.e., workers) following the work pool
approach with dynamic load balancing. When one proces-
sor finishes generating all pairwise alignments for the
target sequences in its block, another block is assigned to
it. This process is continued until all sequences in the
database are processed. The number of blocks is usually
orders of magnitude higher than the number of proces-
sors, and blocks are assigned to processors dynamically.
This dynamic load balancing approach is more efficient
than a static load balancing approach because the execu-
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tion time associated with the pairwise alignment is not
known a priori and can vary from a pair of sequences to
the next. The factors that have an impact on the execution
time required by a pairwise alignment include the length
of the two sequences and how similar they are. The results
generated from the individual processors have to be
combined and sorted according to the score calculated
for each pairwise alignment. To perform this task, the
processors (i.e., workers) can send their results to one of
the processors (i.e., the master), which takes care of
generating this final result.

This parallel pairwise sequence alignment algorithm
can be efficiently implemented on either shared or dis-
tributed memory parallel computers because of the lim-
ited amount of communication between the processors.
However, distributed memory parallel computers are used
more often for these types of applications because they are
more scalable with respect to the number of processors.
TurboBLAST (11), HT-BLAST (12), and mpiBLAST are
examples of parallel implementations of BLAST.

TurboBLAST can be executed on shared or distributed
memory multiprocessors. It exploits two levels of paralle-
lism when pairwise sequence alignment is needed for a list
of input sequences. First, the list of input sequences is
divided into groups and treated as independent tasks that
can run concurrently. Second, for each input sequence, the
target sequences in the database are divided into blocks.
The algorithm implements a slightly modified work pool
approach. The sequence database is divided into blocks of
10 to 20 sequences by the master processor, and each block
is assigned to a processor (i.e., worker). The worker can
further subdivide the block into sub-blocks if there is not
enough memory to process the entire block. This imple-
mentation has been shown to have nearly linear speedup
in particular for two to ten processors.

HT-BLAST is similar to TurboBLAST, except it only
exploits one level of parallelism. HT-BLAST assumes that
the input list contains many input sequences. These input
sequences are divided into groups of 10 to 25 sequences
and dynamically distributed among the workers. The
master processor collects the results from all workers
and combines them. In this parallel implementation of
BLAST, no attempt is made to extract parallelism on a
per-target sequence basis. That is, the database of target
sequences is not partitioned into blocks. This implementa-
tion also shows near-linear speedup for up to 16 proces-
sors.

The mpiBLAST algorithm also exploits one level of
parallelism. In contrast to HT-BLAST, mpiBLAST parti-
tions the database of target sequences rather than of input
sequences. The benchmark of mpiBLAST on a 240-node
bladed Beowulf cluster shows super-linear speedup when
the database is very large. The super-linear speedup is
achieved because first, computation time is reduced be-
cause the BLAST search is preformed by multiple proces-
sors concurrently, and second, the overhead of disk input/
output (I/O) is eliminated. The BLAST algorithm requires
both the input sequences and the database of target
sequences to be available in physical memory. When the
database size exceeds the physical memory size (i.e., part
of database is stored on disk), paging data from disk to

memory will be necessary during the BLAST search for
each query sequence. This severe overhead is eliminated
in the above benchmark because the total memory size of
the multiple cluster nodes is larger than the memory of a
single node. Super-linear speedup is also observed in a
benchmark of TurboBLASTwhen the database is too large
to fit into memory.

TurboBLAST, HT-BLAST, and mpiBLAST are exam-
ples of coarse-grain parallelism. The availability of spe-
cialized hardware in common processors such as the
MMX/SSE from Intel, MMX/3Dnow from AMD, and VIS
from SUN allows fine-grain parallelism to be exploited for
a single pairwise alignment. This specialized hardware
supports one type of fine-grain parallelism, namely single
instruction multiple data (SIMD). SIMD allows the execu-
tion of a single instruction on multiple data items in
parallel. The Smith–Waterman algorithm was implemen-
ted with the MMX/SSE technology (13).

3.2. Multiple Sequence Alignment

In multiple sequence alignment, the objective is to find a
common alignment for multiple sequences instead of for
two sequences as in the case of the pairwise sequence
alignment. A multiple alignment may suggest a common
function, a common structure, or a common evolutionary
ancestor for multiple sequences. For example, multiple
sequence alignment allows one protein to be matched
against a family of proteins.

Several approaches for multiple sequence alignment
have been proposed. Initial implementations were based
on an extension of the Smith–Waterman algorithm to
multiple sequences. This implementation, which is based
on dynamic programming, generates an optimal solution,
but it is computationally very intensive. More recent
approaches incrementally build multiple sequence align-
ment by using heuristics. In the remainder of this section,
an example of this type of approaches and its parallel
implementations is discussed.

Given a set of input sequences, Clustal W (14) imple-
ments multiple alignments using a tree-based method.
Pairwise alignments are first constructed for each pair of
sequences from the input set. These alignments are used
to construct a similarity matrix. Each entry in the matrix
represents the similarity distance between any two se-
quences from the input set. The similarity matrix is used
to construct a tree that will guide the multiple sequence
alignment. Closely related sequence pairs are aligned first
resulting in partial alignments. These partial alignments
are then either combined with other neighboring partial
alignments or with sequences in the guiding tree. The
execution complexity in Clustal W is reduced from being
exponential when dynamic programming-based multiple
alignment is used to a second-order polynomial.

There are two different parallel implementations of
Clustal W: pClustal W (14) has been implemented for
distributed memory architectures, and Parallel Clustal W
(15) has been implemented for shared memory architec-
tures using OpenMP.

The pClustal W implementation uses the work pool
approach. The master processor coordinates the work

4 DISTRIBUTED PROCESSING



pool: It reads the input sequences and divides the pairwise
alignments into blocks based on the number of available
processors. These blocks are then distributed to the work-
ers. This algorithm uses static load balancing. The pair-
wise alignments are performed by the workers in parallel,
and the resulting similarity scores are submitted to the
master. The master uses these scores to construct the
similarity matrix and the tree that will guide the multiple
sequence alignment. Once the tree is built, the master
identifies the sequences that can be processed indepen-
dently and distributes those sequences to the workers. For
example, sequences from different subtrees can be as-
signed to different workers, which will process them
independently, until the results of their partial alignments
have to be combined. The master can handle this combi-
nation. It collects all partial alignments and sequentially
generates the final alignment. On a cluster, this imple-
mentation was shown to yield significant speedups for up
to 16 processors. However, it does not scale well for many
processors.

The parallel Clustal W (15) implementation achieves a
speedup of 10 on a 16-processor shared memory machine.
It was established in Ref. 15 that the most time-consum-
ing part of the algorithm is the initial phase where
pairwise alignments are constructed for all possible pairs
of sequences. This phase of the algorithm can be paralle-
lized efficiently because all pairwise alignments are in-
dependent. The guiding tree construction phase of the
algorithm was also parallelized in parallel Clustal W.
However, the final alignment, which is done incrementally
(i.e., neighboring partial alignments are combined one at a
time), is only partially parallelized. The parallel imple-
mentation of this phase is different from its counterpart
implementation in pClustal W.

4. PHYLOGENETIC TREES

The objective of phylogenetics is to establish the ancestor/
descendent relationship between various organisms. This
evolutionary relationship is represented by using phylo-
genetic trees, where the nodes represent the taxonomy
units (e.g., individual, species, population) and their an-
cestor/descendent relationships are indicated by the edges
between the nodes (16).

Phylogenetic trees can be represented by using rooted
or unrooted trees. In a rooted tree, one node is designated
to be the root and thus ancestral relationships can be
established. An unrooted tree can only depict how close or
distant two species are. Although the two types of trees
are used in evolutionary studies, the process involved in
generating a rooted tree often starts by constructing the
unrooted tree. The algorithms discussed in this section
focus on unrooted tree construction.

Phylogenetic trees were originally constructed based
on morphological features (e.g., color and size). Evolution-
ary analysis can also be conducted on DNA sequences and
protein sequences (17). In general, the techniques used for
morphological features or sequences are similar (18). The
next few example applications concentrate on macromole-
cular-based phylogenetic trees.

As outlined in Ref. 16, macromolecule-based phyloge-
netic analysis consists of several steps. First, a similarity
analysis is performed on the input sequences (DNA or
protein sequences) by using alignment techniques. The
phylogenetic tree is then constructed from the result of
this similarity analysis, while accounting for sequence
variation. Finally, the tree is evaluated. In the remainder
of this section, only the phylogenetic tree construction step
is discussed because it is the step that may benefit from
parallel processing. This step is computationally intensive
because of the many possible trees that can be generated
even with a small number of sequences.

An example phylogenetic tree construction algorithm
(fastDNAml) is described in Ref. 19. A parallel implemen-
tation of fastDNAml for a distributed memory architecture
multiprocessor is presented in Ref. 18. This implementa-
tion uses a variation of the work pool approach. The
algorithm creates phylogenetic trees starting from DNA
sequences in an incremental fashion. The process is in-
itiated by creating a tree from three randomly selected
sequences. Because there are only three nodes in the tree,
there is only one possible topology (18). Subsequent se-
quences are added to this initial tree one at a time. There
are a total of (2i-5) different possible topologies for every
added sequence, where i represents the number of se-
quences currently in the tree. All possible (2i-5) trees are
generated by the master and sent to a foreman, which
distributes them among the workers. The task of the
workers is to compute the scores of the trees they were
assigned and to send the results to the foreman. Based on
these scores, the foreman selects the tree with the best
score and sends it to the master. Before the next sequence
is added, local rearrangements are performed by the
master on the selected tree by moving the position of
every subtree across one or more internal nodes of the
tree. This rearrangement results in (2i-6) different trees.
These trees are processed in a similar manner as the
initial (2i-5) trees. The rearrangement process is repeated
several times. It stops when the tree with the highest
score for a current rearrangement generation is not higher
than the score of the tree selected in the previous genera-
tion. The tree with the highest score is then used as a
starting point for the addition of the next sequence. This
process repeats until all sequences have been added. This
tree construction algorithm is compute intensive and
exhibits a high degree of parallelism. As shown in Ref.
18, this implementation achieves high speedups for 16 to
64 processors.

Quartet puzzling (20) is a different approach to phylo-
genetic tree construction. This algorithm was implemen-
ted in parallel (21) (Tree-Puzzling) for distributed memory
architectures using MPI. Tree-Puzzling accepts either
DNA or protein sequences as input. The parallel imple-
mentation is based on the work pool model. A quartet is an
unrooted tree containing four sequences. As mentioned in
the discussion related to the parallel implementation of
fastDNAml, there is only one possible topology for an
unrooted tree with three nodes. However, there are sev-
eral possible topologies for an unrooted tree with four
nodes (i.e., a quartet) (20). In the first step of the algo-
rithm, for each possible set of four sequences, all possible
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quartets are constructed by the master. These quartets
are distributed among the workers, which compute their
associated scores. The scores are returned to the master,
which selects the quartet with the highest score for each
set of four sequences. In the second step (i.e., the puzzling
step), the resulting quartets are grown into intermediate
trees by adding sequences one at a time. The quartet
corresponding to the first four sequences in the ordered
input is selected as a seed. Sequences are added one at a
time to this seed following the order specified by the input
sequence until all sequences are added (20). Because the
structure of the intermediate tree depends on the order in
which the sequences are added, several orderings of the
input sequences are generated by the master and distrib-
uted among the workers. The intermediate trees con-
structed by the workers are returned to the master,
which will select the final tree based on a consensus
rule. This parallel implementation is highly parallel and
was shown (21) to achieve near-linear speedup for up to 12
processors.

5. PROTEIN FOLDING

Protein folding is a biomedical research area that is the
focus of increased attention. Specifically, protein folding
has two aspects to it: predicting the three-dimensional (3-
D) structure of proteins and understanding the mechan-
isms that dictate the protein folding process (22). Folding
is the process by which an amino acid sequence folds to
reach the 3-D structure of the protein. Folded proteins are
functional proteins that interact with other macromole-
cules. Thus, protein folding is important because the 3-D
structure of a protein can offer insight into the function of
the protein. Furthermore, protein folding is important,
because it was established that some diseases can be
related to nonfolding or misfolding of protein mutations
(22).

Protein structure prediction by using an exhaustive
search is impractical. For example, even if only three
possible conformations are considered for each amino
acid in a protein sequence of length 30, an exhaustive
search will have to examine 330 potential 3-D structures
(23). The exhaustive search is highly parallelizable be-
cause all possible structures can be examined in parallel.
However, even with many multiple processors (i.e., in the
hundreds), it can only be attempted for small protein
sequences because the time complexity of the algorithm
is exponential with respect to the number of amino acids
in the sequence.

Understanding the folding mechanisms by way of
simulating the folding process can also be intensive.
However, several simulation and computational techni-
ques can be combined to reduce the time complexity of the
simulation. For example, the simulation can be done at
different levels of precisions. Also, the simulation can be
implemented on a parallel computer. An example project
that is attempting this approach is the Blue Gene (22)
project. The protein folding simulation in the Blue Gene
project is empowered by a massively parallel computer.
This computer includes about 30,000 nodes with approxi-

mately 1,000,000 processors. A node consists of a chip that
integrates multiple processors. This chip has a shared
memory architecture. These nodes are then connected to
form a distributed architecture. The Blue Gene project is
ambitious. The proposed approach to protein folding si-
mulation being used in this project is based on molecular
dynamics. At the core of this approach is the computation
of force fields between particles at each time interval. The
particle can be an atom or a group of atoms. The higher
the abstraction the lower the precision of the simulation.
The time interval can also vary. Smaller simulation time
intervals lead to higher precisions.

Another ambitious protein folding project is Foldin-
g@Home (24). This project uses a loosely coupled archi-
tecture that consists of tens of thousands of PCs, which are
geographically distributed around the world. This project
is also focused on the simulation of the protein folding
process by using molecular dynamic techniques. One
challenge faced by both the Blue Gene and the Foldin-
g@Home projects is the ability to efficiently use the large
amount of available computing power. Molecular dynamic
techniques may not efficiently scale to a high degree of
parallelism.

6. SUMMARY AND FUTURE TRENDS

This article introduced the use of parallel processing in
the biomedical research field. For a historical perspective
and additional background on the role of parallel proces-
sing in this field, the reader is referred to Ref. 25. The
demand for computational power in the biomedical field
will continue to grow as the complexity and the volume of
data increases. This computational power can only be
delivered by large-scale parallel computers that either
have distributed memory architecture or shared memory
architecture. Distributed computing has been already
used successfully in sequence alignment, phylogenetic
tree construction, and protein folding simulations. In
general, most of these applications have been implemen-
ted by using the work pool approach with coarse-grain
parallelism. This type of implementation is ideal for
clusters built with off-the-shelf personal computers. Clus-
ters are currently popular, and several research centers
and pharmaceutical companies count numerous clusters
in their infrastructure. The popularity of clusters is from
their scalability potential and their cost-efficiency. Protein
folding simulation is expected to continue to draw increas-
ing attention, and it will drive several high-performance
computing efforts.
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1. INTRODUCTION TO DNA

1.1. DNA Structure

Deoxyribonucleic acid (DNA) is a helical molecule formed
by two linear strands joined by hydrogen bonds. Each
linear strand comprises a deoxyribose sugar-phosphate
backbone, with a nitrogen ‘‘base’’ unit attached in series to
each sugar unit. The phosphates attach to the sugars at
either the 30 or the 50 hydroxyl group. The whole sugar-
phosphate backbone has directionality, with one end
designated the 30 end, and the other the 50 end.

Four molecular bases occur in DNA: adenine, thymine,
guanine, and cytosine, commonly referred to by the codes
A, T, G, and C. Adenine and guanine are purine bases,
slightly larger than thymine and cytosine, the pyrimidine
bases. The bases are hydrophobic and tend to migrate to
the center of the helix in the aqueous environment of the
cell. When two bases encounter each other, they form a
relatively weak hydrogen bond. Due to geometrical con-
straints, when two single-stranded DNA chains bond to
form a double helix, each larger purine joins with a
smaller pyrimidine. Adenine joins to thymine by two
hydrogen bonds, and guanine joins to cytosine by three
hydrogen bonds. The double-stranded molecule tends to-
ward its most stable form, with the two strands running in
opposite directions, the 30 end of one strand meeting the 50

end of the other strand (Fig. 1).

1.2. DNA Function

The molecular structure of DNA has several functional
consequences: (1) the hydrogen bonds are relatively weak,
so the two strands may unwind from each other while each
single-stranded chain, made up from stronger covalent
bonds, remains intact; (2) because each base has only one
optimal base partner, and thus one most stable configura-
tion, the molecule can replicate itself; (3) there is a linear
sequence of bases, which can encode information. In
practice, these consequences are manifested in DNA
replication and translation.

1.2.1. Replication. When a cell divides, in order for
both daughter cells to have the capacity to carry on the
cellular functions necessary to the organism, the DNA is
replicated and a complete copy is delivered to each cell.
The process of replication begins with the double-
stranded, helical DNA molecule unwinding into two single
strands. Double-stranded DNA is an extremely stable
molecule. This makes it effective for carrying crucial
biological information with high fidelity and also makes
it a useful and elegant molecule for solving some of the

unanswered questions of biology. The unwinding of the
DNA molecule into singlestrands allows access to the
molecule for the enzymes that carry out DNA replication.
DNA polymerase moves along the strand of DNA, ‘‘read-
ing’’ the bases in sequence, and adding the complementary
base at each position, until there is a new, complementary
strand of DNA for each original strand in the double-
stranded DNA molecule. The techniques used in DNA
sequencing mimic the natural process to read the se-
quence of bases in template DNA.

1.2.2. Translation. Information in DNA is organized
along the strand in functional units known as ‘‘genes.’’
The sum of all the genes for a single organism is called its
‘‘genome.’’ Genomes vary greatly in size, from less than a
million base pairs for a bacterium, to around 3 billion base
pairs in the genomes of humans and other mammals.
Genes are the ‘‘coding regions’’ of the genome; the areas
of the DNA that code for proteins. The information in the
coding regions is ‘‘read’’ by specialized molecules. The
DNA sequence is translated into a sequence of amino
acids, the molecular building blocks of proteins. Between
the genes there may be ‘‘noncoding’’ stretches of DNA that
are not translated into proteins. The noncoding regions
may have other functions, such as maintaining the struc-
tural integrity of the DNA molecule, or regulating the
translation of DNA into protein. The human genome is
thought to contain 20,000–25,000 genes, while a bacterial
genome may contain a few hundred genes. Genes vary in
length, in humans ranging from 252 base pairs for the
smallest, to 2.4 million bases for the largest, but averaging
around 3,000 base pairs.
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Figure 1. DNA double helix unraveling for synthesis of new,
complementary strands. A single nucleotide is shown in the lower
left. Image credit: U.S. Department of Energy Human Genome
Program, http://www.ornl.gov/hgmis.
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1.3. Applications of DNA Sequencing

Knowledge of the base pair sequence of a portion of DNA
has three important applications:

1. Functional genetics: Knowing the DNA sequence, it
is possible make inferences of the function of a
stretch of DNA. The DNA sequence can be compared
to the sequence of genes of known function. Or, if no
known analogs exist, the amino acid sequence of the
encoded protein can be deduced, and structure and
function inferred.

2. Diagnostics: By sequencing infectious agents, it is
possible to identify a disease-causing pathogen. This
can be much faster and more precise than culturing
pathogens for diagnosis, as is common today. Poten-
tially one could submit a biological sample and
through sequencing techniques discover the infec-
tious agent with absolute precision within hours,
rather than days, as is common when pathogens
must be cultured. This can save valuable time in
treatment of infection. Sequencing human DNA can
identify DNA variations that cause hereditary dis-
eases. Sequencing a patient’s DNA could allow a
physician to determine if a patient has a predisposi-
tion to a particular disease, allowing better preven-
tative medicine. An individual’s unique genetic
make-up may also affect how he or she will respond
to treatments, to what drugs he or she will respond
best, and what drugs may cause side effects, result-
ing in more effective treatment strategies.

3. Identification: Because DNA is identically replicated
throughout the life of an organism, DNA sequence is
useful for identification, both at the population level
and the individual level. Because modern sequen-
cing techniques allow a sequence to be obtained from
minute amounts of biological samples, it may be
possible to identify pathogens in the environment,
for example, in contamination or bioterrorism. The
same methods have forensic applications, allowing
identification of individuals at crime scenes, in
accidents or disasters, and for paternity testing.
Because DNA is an extremely stable molecule, an-
cient DNA can be sequenced, providing a tool for
archaeological research.

1.4. How to Sequence DNA — A Simple Overview

Although sequencing techniques have undergone major
evolution in recent times, and there are now several
technology platforms available and new methods being
developed, a standard methodology for modern sequen-
cing can be described.

1.4.1. Preprocessing Steps.

* Extraction and Purification: The first step is to obtain
a DNA sample. Most cells contain a full complement
of DNA, but extracting DNA from cells can be proble-
matic. Sequencing success is favored when it is
possible to obtain a good yield of unfragmented,

high-purity DNA. In animals a good source of DNA
is blood, although saliva and hair cells have also been
used with success. The task of DNA isolation is
favored by the natural features of the DNA molecule
— its high stability and durability. Extracted DNA
can be easily purified by ethanol precipitation or
column chromatography.

* Amplification: In order to detect the DNA bases, it is
often necessary to start with a larger amount of
template DNA than could be practically collected
from the donor organism. To obtain the quantities
required for sequencing, an amplification step can be
performed on the template DNA. This is achieved by
the polymerase chain reaction (PCR), a technique
that can produce billions of copies of DNA within a
few hours from a tiny amount of starting material.
PCR was invented in 1983 by Kary Mullis (1), who
received the 1993 Nobel Prize in Chemistry for this
process that revolutionized genetic research.

1.4.2. The Sequencing Reaction. Once a sufficiently
pure, abundant, and concentrated sample of DNA has
been obtained, the sequencing process may begin. The
majority of modern DNA sequencing employs a chain
termination method, a variation of the ‘‘dideoxy method’’
developed by Sanger in 1977 (2) (Fig. 2). A reaction
mixture is created comprising four components: (1) the
template DNA to be sequenced; (2) a short stretch of DNA
called the ‘‘primer,’’ which is designed to be complemen-
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Figure 2. Schematic of the Sanger sequencing reaction. Image
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tary to a portion of DNA for which a sequence is desired.
The primer molecule will bind to the template DNA when
they come into contact; (3) the polymerase enzyme, which
catalyzes the replication of the DNA strand by the addi-
tion of one base at a time; (4) a free mixture of the four
nucleotide bases — A, T, C, and G — which will be added
one by one to the end of the primer to form a strand of
DNA complementary to the template. The nucleotide
bases are a mixture of normal deoxy nucleotides (dNTPs)
and a smaller amount of the slightly different dideoxy
chemical form nucleic acids (ddNTPs). The dideoxynucleo-
tides are labeled for detection. Originally, the label was a
radioactive molecule, such as phosphorous-32 or sulfur-35,
which was detected by exposure to x-ray film. Today the
dideoxynucleotides are more commonly labeled with fluor-
escent dyes, which emit light when excited by a laser, and
are detected by a charge-coupled device (CCD) camera.
This important advance made detection faster (as lengthy
exposure times were abolished) and also eliminated the
problems associated with handling and disposal of radio-
active material.

Once the reaction mixture has been prepared, the first
step in the sequencing reaction is ‘‘denaturing.’’ The
temperature of the mixture is raised, breaking the rela-
tively weak hydrogen bonds between the two strands of
the DNA helix, and unraveling the double-stranded tem-
plate DNA into two single-stranded DNA molecules. In
the ‘‘annealing’’ step, the temperature is lowered slightly,
allowing the primer to bind to the complementary region
of the DNA template. Then the temperature is raised
slightly to initiate the binding of the polymerase enzyme
to the complex, and the ‘‘extension’’ step, the synthesis of
the new strand of DNA, begins. Free nucleotides are
added one by one to the 30 end of the DNA template by
the polymerase enzyme, building a complementary
strand. These three steps are repeated many times to
generate the sequencing product. For any nucleotide ex-
tension, one of the more numerous deoxy-nucleotides are
more likely to be added; but occasionally a dideoxynucleo-
tide is incorporated. Deoxy-nucleotides have a hydroxyl
group on the 30 end, which links to the 50 hydroxyl of the
next nucleotide added to the chain. The dideoxynucleotide
is missing the 30 hydroxyl group, so that once a dideox-
ynucleotide is incorporated, the sequence extension is
halted. The reaction is allowed to run until there is a
population of DNA segments of varying lengths. Then the
reaction is stopped, and the fragments are separated by
length, usually by an electrophoretic method through
some type of gel matrix. Negatively charged DNA frag-
ments are applied to one end of a polymer matrix. Then an
electrical charge is applied across the matrix, and the
DNA fragments migrate toward the positive pole. The rate
of migration is inversely proportional to the fragment size,
with larger fragments moving more slowly. When the
fragments are sufficiently separated by size, the label
(radioactive or fluorescent) is detected, and the order of
the terminating dideoxy-bases on the fragments, from
shortest to longest, gives the order of the bases in the
DNA template molecule. Current methods generally give
sequence reads of between 500 and 1,000 bases (Fig. 3)..

1.5. History of Sequencing

The first techniques for sequencing double-stranded DNA
were developed during the early the 1970s. Initial ap-
proaches used variations on the degradative partial hy-
drolysis protocols used for sequencing the amino acid in
proteins. This chemical sequencing, however, allowed for
sequence determination of only a limited number of
nucleotides at a time, ranging from a few up to about 50
nucleotides. In 1975, Sanger and Coulson (3) proposed a
different approach that depended upon synthesizing a
strand of DNA using DNA polymerase in vitro. This was
a major conceptual advance that exploited the comple-
mentary nature of DNA. Sanger’s group, using their new
enzymatic technique and partial results from other re-
searchers, were able to produce the first entire genomic
sequence in 1977, of the bacteriophage fX174, whose
genome consists of approximately 5,375 nucleotides of
single-stranded DNA (4).

1.5.1. Sanger Sequencing. In 1977, two landmark pa-
pers were published detailing for the first time methods
that allowed sequencing of double-stranded DNA. A che-
mical degradative base-specific cleavage method was pro-
posed by Maxam and Gilbert (5), while Sanger’s group
refined their earlier work by the use of dideoxynucleotides
(ddNTPs) molecules, which terminate further synthesis
when incorporated into a DNA strand (2). Both new
methods and Sanger’s first method exploited the approxi-
mately constant mass to charge ratio of DNA that allows
single strands to migrate according to their length during
polyacrylamide gel electrophoresis such that differences in
length of a single base can be detected. Maxam and
Gilbert’s method uses base-specific chemical cleavage of
an end-labeled DNA molecule to generate a nested set of
labeled molecules. Four separate base-degrading reactions
are done, one for each base type found in DNA: adenine,
guanine, cytosine, and thymine. When visualized after gel
electrophoresis, the laddering pattern can be read. An
advantage of Maxam’s method is that sequence is obtained
from the original DNA. Sequence can be determined from
within a DNA fragment of unknown sequence, based only
on a bacterial enzyme restriction map. Although Maxam
and Gilbert’s process is useful for certain applications
today, it was the dideoxy-terminator procedure, also
known as Sanger sequencing, that became the standard
technique once commercially available ddNTPs and re-
agents became available. Sanger sequencing is the foun-
dation for the predominate forms of sequencing today. In
the original procedure a short segment of single-stranded
DNA, termed a primer, is annealed to a complementary
sequence on the template strand. Addition of DNA poly-
merase, the enzyme that synthesizes DNA in vivo, and
radioisotope-labeled deoxynucleotides (dNTPs), produce
in vitro a population of nested single-stranded DNA
molecules extended from the primer; thus, they share a
common start point. Four separate reactions are done; one
for each ddNTP. Each of the four reactions is run in a
separate lane during gel electrophoresis. Reading the
banding pattern in the gel when visualized by an auto-
radiogram gives the complementary sequence of the ori-

DNA SEQUENCING 3



ginal template from bottom to top back toward the prim-
ing site.

1.5.2. PCR — Polymerase Chain Reaction. One of the
limitations of the original process was the preparation of
adequate amounts of template for a sequencing reaction.

Figure 3.

4 DNA SEQUENCING



Time-consuming cloning and purification steps were re-
quired to produce sufficient amounts of template DNA.
Often the production of single-stranded DNA via subclon-
ing into M13 bacteriophage vectors was used to generate
sufficient quantities of high-quality, single-stranded tem-
plate. With the revolutionary advent of the polymerase
chain reaction (PCR) in 1985 and the subsequent use of
DNA polymerase from the thermophilic bacteria Thermus
aquaticus (Taq), the ease of both obtaining template, and
sequencing it were dramatically improved. With PCR a
segment of a single copy of genomic DNA could be
amplified over a million-fold. The product could then be
cloned and sequenced, or sequenced directly. PCR uses
two primers to amplify a region by repeated synthesis of
the flanked section, where after the fourth round, the
target region increases exponentially. Cycle-sequencing
with Taq polymerase can be thought of as asymmetric
PCR. A single sequencing primer is used that anneals at a
unique site on the template and extends in one direction
during each repeat of the temperature cycle. Temperature
cycling is the key to Taq polymerase-synthesized reac-
tions. Because the Taq enzyme is able to withstand high
temperatures, a denaturing step can be added after each
round of synthesis. Denaturing is the dissociation of the
bonds that hold double-stranded DNA molecule together;
thus, the newly synthesized strand and its template are
separated. The temperature is then lowered to allow the
excess primer in the reaction to anneal to the now avail-
able template, and synthesis can proceed again. The
repeated use of the same template for the sequencing
synthesis reaction greatly reduced the amount of required
starting material.

1.5.3. Automation. Another transformative event of
the 1980s was the rise of automation. From the laboratory
of Leroy Hood the first automated sequencer emerged in
1986 (6,7). Automated data collection was the strategic
feature of the four-color laser-induced fluorescence detec-
tion system they introduced. In the new system a primer
was labeled with one of four different fluorescence mole-
cules instead of a radioisotope (8). The labeled primers
were used in dideoxy-terminator reactions; each of the
different labels with one of the four ddNTPs. On a sequen-
cing gel all four reactions could now be run in a single
lane, while a laser-based fluorescence detector directly
monitored the migration of DNA fragments using four
spectral channels. In 1987, the sequencing reaction itself
was streamlined by the use of four fluorescently labeled
ddNTPs, which allowed the reaction to be performed in
one reaction mixture with one primer.

The prototype of capillary electrophoresis sequencing
using fused-silica capillaries was unveiled in 1990 (9,10).
The thin capillaries, with an inner diameter of about 50
mm, dissipate heat during electrophoresis better than
thicker slab gels, making it possible to run the gel at a
higher current, resulting in a quicker separation of bases.
Several sources of sequencing error common to slab gels
are also eliminated with capillary sequencers. Slab gels
are prone to contamination between samples, due to either
sample spillover between lanes, or poor tracking of lanes,
in which the software wanders between adjacent lanes in

reading the sequence. Slab gels are also subject to edge
effects, wherein the DNA in lanes at the edge of the gel
migrate at a slower rate than the lanes in the center,
leading to miscalculation of fragment size. This phenom-
enon is known as ‘‘gel smiling.’’ In capillary electrophor-
esis, every sample is run in its own capillary, physically
separated from the other samples. Another important
feature of capillary array electrophoresis is the ease with
which it lends itself to automation, allowing it to be
incorporated into high-throughput sequencing pipelines.
For high-throughput sequencing, pipeting automation
also becomes an important consideration, and liquid-
handling robots became a staple of sequencing labora-
tories in the 1990s.

1.5.4. The Impact of the Human Genome Project. The
Human Genome Project was a multinational effort first
conceived 1990 by the U.S. Department of Energy and the
National Institutes of Health with the ambitious goal of
sequencing the entire 3 billion base-pair human genome
by 2005. At the start of the project, state-of-the-art
sequencing platforms could read sequence for 50,000 to
100,000 bases per year, at a cost of $1 to $2 per base. In
1998, a private company, Celera Genomics, was formed
with the goal of completing the human genome sequence
in three years, using the company’s capillary sequencing
machines. With this technology, a sequence could be
produced for around $0.10 per base. Aided by the in-
creased speed and decreased cost of the new advances,
the first draft sequence of the human genome was an-
nounced in June 2000, and in 2003, two years ahead of
schedule, the final completed sequence was announced.

2. CURRENT SEQUENCING TECHNOLOGY

2.1. Chain Termination Sequencing by Capillary Array
Electrophoresis

The current standard for high-throughout DNA sequen-
cing employs Sanger sequencing coupled with capillary
array electrophoresis (CAE), in which capillaries are
loaded automatically via injection in unison with up to
96 sequencing samples prepared with fluorescent dye-
terminators. Each high-purity fused silica capillary con-
tains a sieving medium that allows for size separation.
Fluorescence detection is carried out either by laser
irradiation directly on the electrophoresis cappilaries or
by laser irradiation at a sheath-flow cell into which the
DNA fragments elute from the ends of the capillary into a
buffer solution. The sheath flow speed is approximately
that of the fragment migration through capillary for the
best resolution. A CCD camera is used to detect the exiting
bands.

2.1.1. Sequencing by Synthesis. Another sequencing
technique is sequencing by synthesis, also known as
sequencing by extension. This is a process in which a
strand complementary to a template DNA is elongated
base by base, with the nucleotide addition detected at each
step. Pyrosequencing is a popular technology that utilizes
this method. In pyrosequencing, incorporation of nucleo-
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tides is measured by cleavage of the light-emitting mole-
cule luciferin by the enzyme luciferase. Pyrosequencing is
a robust, highly accurate technology, but somewhat time-
consuming and labor-intensive. Increases in throughput
can be achieved through multiplexing, but the success of
multiplexed pyrosequencing is highly reliant on software
methods to decipher the signals.

2.1.2. Sequencing by Hybridization. In this method,
DNA probes of a known sequence are hybridized to a fixed
array, usually a microchip or microbeads of glass, plastic,
or silicon. Template DNA is then applied to the array, and
binding is detected by fluorescence. This technique has
seen limited use for high-throughput sequencing, but is
more commonly employed for gene expression and, in-
creasingly, SNP genotyping, than for DNA sequencing.
Because known probes are used, this method is most
appropriate for comparative or diagnostic sequencing.

2.1.3. Mass Spectrometry. Sequencing by mass spectro-
metry is a strategy that was explored in the 1990s. This
method primarily used matrix-assisted laser desorption/
ionization time-of-flight mass spectrometry (MALDI-TOF)
technology to sequence by measurement of nucleotide
mass. Originally thought to hold great promise, due to
the high degree of fidelity of the sequence obtained, the
technology has not seen widespread use.

3. DATA ANALYSIS

3.1. Base Calling

Base calling consists of analyzing raw sequence data,
often in the form of chromatogram files, and assigning a
base call sequence. Early radioactive gel base calling was
done by eye, a method wherein the most complex device
was a ruler, used to line up bands in adjacent gel lanes.
Today, most automated sequencing platforms come with
software that interprets the raw signal and furnishes
DNA sequence readouts. Error detection and quality con-
trol is important when very large volumes of data are
generated. Early versions of the commercial sequencing
software provided with the sequencing hardware were
unsatisfactory in many cases. In response, in 1978, Phil
Green and Brent Ewing, of the University of Washington,
developed the PHRED (Phil’s Read Editor) (11,12) soft-
ware, which reads in the raw chromatogram files, ana-
lyzes the traces, calls the bases, and assigns a quality
score to each base. Since PHRED was first developed, the
commercial base-calling software has improved, but
PHRED remains a useful tool for sequence calling.

3.1.1. Sequence Alignment. An important tool in genet-
ics is the comparison or alignment of one DNA sequence to
another. By querying sample sequence against sequence
databases, and comparing sample sequence to known
sequence, it is possible to gain valuable insight into the
identity of a DNA sample; the function of a gene; the
relatedness of genes or organisms; and evolutionary his-
tory. Sequence alignment and other tools of bioinformatics
will be important in mining the data available in sequence

databases for comparative genomics, functional genomics,
and pharmacogenomics. There are extremely large vo-
lumes of published sequence data available; in 2005, the
public sequence databases passed the 100-Gigabase mark.
In order to query these databases, complex computational
methods are required. Most alignment programs build on
variations of two early dynamic programming algorithms:
(1) the Needleman–Wunsch pairwise global alignment
algorithm (13), and (2) the Smith–Waterman (14) pairwise
local or global alignment algorithm. Base-calling algo-
rithms can be model-free or model-based. One of the
earliest and still the most widely used sequence alignment
programs was developed in 1991: BLAST, the Basic Local
Alignment Search Tool (15). Other common software tools
are FASTA (16), Clustal (17), and BLAT (18), or ‘‘BLAST-
like alignment tool,’’ for fast comparisons of sequences
with high identity. For a review of sequence similarity
search programs and related issues, see Altschul et al.,
1990 (19).

3.1.2. Sequence Assembly. A major challenge of se-
quencing is to manage and analyze the large amounts of
sequence data that can be generated, and to assemble the
data, consisting of sequence from short stretches of DNA,
into completed genomes. There are practical limits to the
length of sequence that can be produced in vitro, and gel-
based sequencing methods have an upper limit on the
length of sequence that can be separated by electrophor-
esis. The length of continuous sequence that can be read
has increased as the technology has improved. With the
earliest methods, around 50 bases could be reliably read.
Today, capillary instruments can routinely read 800 to
1000 bases or more before the signal decays. However,
mammalian genomes average around 3 billion base pairs,
and even bacteria can have a million or more base pairs in
their genomes. In order to sequence an entire genome by
today’s methods, it is necessary to sequence many small
fragments, and then reassemble these fragments back
into the native genome. There are considerable computa-
tional challenges in reassembling the DNA sequence
fragments into the correct order. It was breakthroughs
in sequence assembly methodology that in large part
allowed the completion of the human genome ahead of
schedule.

There are two basic approaches that can be taken to
sequence assembly: (1) ‘‘directed’’ strategies, or ‘‘clone-by-
clone’’sequencing; and (2) ‘‘whole-genome random sequen-
cing,’’ commonly known as ‘‘shotgun sequencing.’’ In direc-
ted sequencing strategies, ordered clones from specific
regions of chromosomes are created according to genetic
maps. This technique is reliable, but slow. Shotgun se-
quencing was introduced by Craig Venter of The Institute
for Genomic Research in Maryland (TIGR) in 1996 (20).
Though more prone to errors, this strategy is faster. And
while assembly of the random sequence fragments poses
computational challenges, the approach represents a sig-
nificant milestone in sequencing methodology. In shotgun
sequencing, a long strand of DNA is randomly fragmented
into a population of shorter stretches of DNA. Enough
fragments must be generated to result in sufficient overlap
to reconstruct the original order. These DNA fragments
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are then inserted into ‘‘vectors,’’ that is, cells (usually
bacterial) that will replicate the DNA. The bacteria are
then cultured until they have produced enough copies of
the target DNA to be determined by the sequencer. The
target DNA is purified from the bacterial cell, and the
sequencing reactions are carried out. Once the sequence
fragments have been read, the sequences are ordered and
assembled according to regions of overlap between the
fragments. This process is made more difficult by the large
percentage of repeating sequence in DNA. As much as
30% of a genome can consist of repeat sequences. The
original alignments were performed by the ‘‘TIGR assem-
bler’’ software developed at TIGR. Today, one of the most
widely used alignment programs is PHRAP, created by
Philip Green at the University of Washington. PHRAP
stands for ‘‘phragment assembly program,’’ and makes use
of the SW algorithm to find overlaps between fragments.
Fragments are aligned by PHRAP to create a ‘‘consensus
read,’’ employing the Smith–Waterman and Needleman–
Wunsch sequence alignment algorithms with gap penal-
ties. Many error-checking routines and quality-scoring
processes are employed in these programs. Once a se-
quence assembly is obtained, it is checked against se-
quence databases using sequence alignment tools such as
BLAST for verification. Through many iterations of the
shotgun sequencing process, an entire genome can be
sequenced. It was an early application of the technique
of shotgun sequencing that resulted in the first sequen-
cing of a whole genome of a single-celled organism,
Haemophilus influenzae, at the Institute for Genomic
Research in Maryland in 1995 (21).

3.1.3. Sequence Databases. It was recognized early in
DNA sequence research that collection, archival, and
release of sequence data was of paramount importance
to the research genetics community. Several large na-
tional databases have been collecting large amounts of
sequence data since the early years of sequence research.
In 1986, the International Nucleotide Sequence Database
Collaboration (INSD) [http://www.insdc.org/] was formed
as a joint effort of the U.S. GenBank database at NCBI
[http://www.ncbi.nlm.nih.gov/Genbank/index.html], the
DNA DataBank of Japan (DDBJ) [http://www.ddbj.ni-
g.ac.jp], and the European Molecular Biology Laboratory
(EMBL) [http://www.ebi.ac.uk/embl/]. The INSD formu-
lates policy regarding submission, sharing, and standar-
dization of nucleotide sequence data. The three databases
communicate with each other daily to synchronize se-
quence data. For more information about sequence data-
bases, see Nucleic Acids Research, 2005, Vol. 33, Database
issue D29-D33 (22).

4. THE FUTURE OF SEQUENCING

Sequencing the human genome has been extremely valu-
able to genetics research, but the human genome sequence
is only the beginning. The sequenced human genome
provides a reference sequence, but this is the consensus
sequence of only a few individuals. Much of the informa-
tion about disease gene function is contained in sequence

variation, which will become identified through resequen-
cing. In addition, sequencing the genomes of other organ-
isms will provide valuable insight into human genetics
through comparative genomics. Finally, molecular diag-
nostics, targeted therapy, and personalized medicine are
all treatment goals that can be achieved through DNA
sequencing.

To fulfill the potential for clinical and biomedical
research applications, sequencing must become faster
and cheaper. To help drive this evolution, by 2004 the
National Human Genome Research Institute (NHGRI)
had awarded more than $38 million in grants to spur
the development of innovative technologies. The near-
term goal is to bring the cost of sequencing a mamma-
lian-sized genome to $100,000, enabling research into
disease-causing genes. The long-term goal is to lower the
cost to less than $1,000 per human genome, allowing
individual genome sequencing for disease diagnosis, treat-
ment, and prevention. The features shared by most tech-
nologies currently in development include automation,
parallelization, and miniaturization to achieve lower cost
and higher throughput. Reactions often take place on
microchip or microbead substrates, with some methods
analyzing single DNA molecules using nanopore technol-
ogy. Below are three examples of the more interesting new
sequencing technologies.

4.1. Massively Parallel High-Throughput, Low-Cost
Sequencing

With this method it is possible to sequence more than 20
million bases per 4.5-hour instrument run. The sequen-
cing technology is based on pyrosequencing sequencing by
synthesis but employs massively parallel sequencing tech-
nology to achieve extremely high throughput. To sequence
a large stretch of DNA, the target DNA is randomly
fragmented, and the fragments clonally amplified on
beads. Sequencing by synthesis is performed. Finally,
the fragment sequence reads are assembled using shotgun
assembly methods. With this technology a human genome
could be sequenced for roughly $300,000 in around a
month. This is 100 times faster at around one-fiftieth
the cost it would take using the current methods of Sanger
sequencing and capillary electrophoresis (23).

4.2. High-Throughput, Single-Molecule DNA Sequencing

With this technology it is estimated that a human genome
could be sequenced in three days for around $5,000. This
is a sequencing by synthesis method, with the difference
that sequence is detected in a single DNA molecule
hybridized to a microchip, thereby dispensing with the
need for DNA amplification. This method is currently in
development, but may hold good potential for ultrahigh-
throughput sequencing (24).

4.3. Nanopore and Single-Molecule Sequencing Approaches

Direct sequencing approaches seek to determine the se-
quence directly from the native DNA molecule, without
extension, amplification, or modification. In these meth-
ods, the DNA molecule interacts with some variety of

DNA SEQUENCING 7



extremely small sensor, which sequentially distinguishes
individual nucleotides on the basis of chemical, physical,
or electrical differences. This technology may require
considerable development before it is commercially feasi-
ble, but holds great promise as a technique that could
yield very long sequence reads with high fidelity and low
error rates (25).

DNA sequencing technology has progressed in a man-
ner strongly reminiscent of advances in computer technol-
ogy in the latter part of the 20th century. The techniques
for sequencing DNA were first developed in 1977 and cost
several dollars per base. When the human genome was
first sequenced, it took 13 years and cost $2.7 billion. To
sequence an individual human genome in 2005 would cost
approximately $10 million to $25 million. In 2004, the
NIH put out a call for the development of techniques that
would deliver a $1,000 human genome within the next few
years. This is a credible and attainable goal. The technol-
ogy is currently on the verge of another dramatic leap
forward in scale. It can be realistically expected that DNA
sequencing will increase in speed and throughput with an
associated decrease in cost on the order of several thou-
sand-fold within the next decade.
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1. INTRODUCTION

The inverse problem in electrocardiography (ECG) is
defined here as the estimation of electrophysiological
states of the heart from body surface potentials by math-
ematical manipulations. If ‘‘the electrophysiological state’’
is construed as ‘‘the distribution of electromotive force
(EMF) in the heart,’’ the solution to the inverse problem is
not unique, without constraints because silent EMF dis-
tributions may exist that do not generate any electric field
at all outside the closed surface involving them (1). This
difficulty is usually circumvented by making use of some
simplified models for the EMFs such as multipoles, mov-
ing dipoles, multiple fixed dipoles, or a heart source model,
and so on; the parameters of these models can be deter-
mined uniquely from the body surface potentials. On the
other hand, if ‘‘the electrophysiological state’’ is inter-
preted as ‘‘the epicardial potential distribution,’’ then we
get unique solution to the inverse problem without any
model (2).

In either case, a forward torso volume conductor model
is needed in order to solve the ECG inverse problem. The
infinite homogeneous model and spherical homogeneous
model allow fast computation because of the analytical
expressions for the forward solution, but give rise to large
errors. Efficient methods based on the boundary element
method (BEM) are available to treat a real-shaped homo-
geneous or piecewise homogeneous model, but no practical
method other than numerical methods such as the finite
element method (FEM) is available for a real-shaped
inhomogeneous model (3). A more sophisticated torso
model makes the forward solution more accurate but
requires a longer computing time.

Figure 1 illustrates a schematic diagram of the for-
ward-inverse problem. It is clear that the forward problem
is, in general, a part of the ECG inverse problem. Suppos-
ing that the forward solutions have been given properly,

we describe here major methods for solving the inverse
problem in ECG.

2. SOLUTIONS FOR LINEAR INVERSE PROBLEMS

As shown in the following sections, many types of inverse
problems are described as a set of linear equations, whose
solutions are described here briefly. Suppose that the
electrophysiological state of the heart, such as EMFs in
the heart or epicardial potential distribution, is repre-
sented by a set of N parameters that constitute an N-
dimensional vector �x. Let �p be an M dimensional vector
composed of potentials at M electrode sites on the body
surface, and suppose also that �p is linear in �x, namely

�p¼ �A �x; ð1Þ

where �A is the transfer matrix with M rows and N
columns. In practice, measured potential p is contami-
nated with some noise �e ðp¼ �pþ �eÞ, and an available
transfer matrix A contains some uncertainty
dA ðA¼ �Aþ dAÞ. Rewriting Equation 1 in terms of p and
A, we get

p¼A �xþ e; e¼ �e� dA �x; ~p¼A �x¼p� e; ð2Þ

where e shall be called ‘‘the effective noise,’’ which contains
the error caused by the uncertainty of the transfer matrix
as well as measurement noise. The vector ~p, which
represents the potential distribution free from effective
noise, is introduced here just for the sake of convenience in
the following sections. The linear inverse problem is
nothing but the problem to find an estimate x̂ for �x in
terms of p provided that A is known.

According to the singular value decomposition theo-
rem, any M�N matrix Awith rank R can be decomposed
as

A¼
X

R

k¼ 1

kkwkv
t
k ðk1�k2� � � ��kR�1�kR > 0Þ; ð3Þ

where fwmgm¼ 1�M and fvngn¼ 1�N are appropriately se-
lected orthonormal bases of RM and RN, namely M-dimen-
sional and N-dimensional vector spaces, respectively. The
superscript t signifies the transpose, and hence vt

k is a row
vector whereas vk is a column vector. The vectors �x 2 RN

and p; e 2 RM can be expanded by the bases fvng, fwmg as

�x¼
X

N

n¼ 1

�xnvn; p¼
X

M

m¼ 1

pmwm; e¼
X

M

m¼1

emwm: ð4Þ

Substituting Equation 3 and Equation 4 into Equation 2,
we get

pm¼
km �xmþ em ð1�m�RÞ

em ðRþ 1�m�MÞ

(

; ð5Þ

because of the orthonormality of fvng and fwmg. As
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Figure 1. A schematic diagram of the forward-inverse problem.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



�xRþ 1; . . . ; �xN have no influence on the body surface poten-
tial p, it is impossible in principle to estimate them from p,
and hence their estimates x̂Rþ 1; . . . ; x̂N are usually set to
zero. On the other hand, the estimates x̂1; . . . ; x̂R for
�x1; . . . ; �xR are determined by ignoring the effective noise
in Equation 5. Namely,

x̂¼
X

N

n¼ 1

x̂nvn¼
X

R

n¼1

x̂nvn;

x̂n¼

pn=kn ð1�n�RÞ

0 ðRþ 1�n�NÞ

8

<

:

:

ð6Þ

The estimate x̂ is also obtained by operating the Moore–
Penrose general inverse Aþ of the transfer matrix A on
the body surface potential p,

x̂¼Aþp; Aþ ¼
X

R

k¼ 1

k�1k vkw
t
k: ð7Þ

The square deviation between the true parameter vector �x
and its estimate x̂ is given as

S¼ jjx̂� �xjj2¼SnoiseþStrunc;

Snoise¼
X

R

n¼ 1

ðen=knÞ
2;

Strunc¼
X

N

n¼Rþ 1

�x2n;

ð8Þ

where Snoise is the term for effective noise and Strunc for
truncation of components that have no effect on p. In-
cidentally, the singular value kk usually decreases rapidly
as the index k increases, and hence ðen=knÞ2 for n¼R;R�
1; . . . can be quite large even if the effective noise en is very
small. Thus, small effective noise e sometimes has destruc-
tive influence on the estimate x̂. In order to overcome
these difficulties, the transfer matrix A is sometimes
approximated by a matrix AQ that is defined by the
right-hand side of Equation 3 truncated at the Qth term
ðQoRÞ, and the estimate for �x is given as

x̂Q¼AþQ p; AþQ ¼
X

Q

k¼1

k�1k vkw
t
k: ð9Þ

Although the difference between AQ and A is very small,
AþQ might be quite different from Aþ . The formula for the
square deviation S¼ jjx̂Q � �xjj2 is obtained just by repla-
cing R by Q in Equation 8. Snoise decreases as Q decreases
but Strunc increases, and hence there must be optimum
Qoptm that minimize S. Unfortunately, it is impossible to
determine Qoptm precisely because it depends on e and �x
that cannot be known in practical problems. We have to be
content with a rough estimate of Qoptm.

Instead of AþQ , a regularized inverse matrix Aþl can be
used to get the estimate x̂l for �x, namely

x̂l¼Aþl p; Aþl ¼ ðA
tAþ l2INÞ

�1At¼
X

R

k¼ 1

gkvkw
t
k;

gk¼
kk

k2kþ l2
;

ð10Þ

where IN is the identity matrix of order N, and positive
number l is called the regularization parameter. As
gk¼ k�1k for kkcl and gk¼ 0 for kk{l, x̂l is nearly equal
to x̂Q provided that the regularization parameter l is
chosen such that kQ¼ l. In the practical applications,
the regularized inverse matrix Aþl is much more conve-
nient than the truncated general inverse AþQ , because the
former is obtained just by the ordinary inverse of a square
matrix AtAþ l2IN whereas the latter requires the singular
value decomposition of the transfer matrix A.

Prior knowledge of the true parameter vector �x and the
effective noise e, if available, can be used to improve the
accuracy of the estimation. For example, if the statistics of
�x and e up to the second order (their means and covariance
matrices) are available, the following method is of great
use. In this method, the estimate x̂ for �x is assumed to be
linear in the measured potential distribution p

x̂¼Epþx0; ð11Þ

and an N�M matrix E as well as a vector x0 are
determined by minimizing the averaged square deviation
S¼hjjx̂� �xjj2i, where angular bracket denotes an ensem-
ble average. For simplicity, it is usually assumed that �x is
statistically independent of e, and hei¼0. Under these
assumptions, optimum E and x0 are given as

E¼ ðAtR�1ee AþR�1�x �x Þ
�1AtR�1ee ; x0¼ ðIN � EAÞl

l¼h �xi; R �x �x¼hð �x� lÞð �x� lÞti; Ree¼hee
ti;

ð12Þ

where R �x �x and Ree are the covariance matrices of �x and e,
respectively. Moreover, if all the components of �x and e are
mutually independent, and each component of �x has the
same variance s2�x, whereas each component of e has the
same variance s2e , then R �x �x¼ s2�xIN and Ree¼ s2e IM, and
hence the estimation matrix E in Equation 12 is reduced
to

E¼ ðAtAþ l2INÞ
�1At; l¼ se=s �x; ð13Þ

which is nothing but the regularized inverse matrix Aþl
defined in Equation 10. Note that the regularization
parameter l is given explicitly as the ratio of standard
deviation of the effective noise se to that of the true
parameter vector s �x.

2 ECG INVERSE PROBLEM



3. INVERSE SOLUTIONS IN TERMS OF EQUIVALENT EMF
MODELS

3.1. Multipole Expansion

If the torso is assumed to be homogeneous and the torso-
air interface be insulating, the multipole components
evaluated at an arbitrarily specified origin can be given
as weighted integrations of potential distribution over the
body surface (4). However, potentials are measured only at
a finite number of sites on the body surface, and hence we
have to interpolate these potentials over the body surface
to perform the integration. Therefore, the point-matching
method is more practical (5), in which multipole compo-
nents up to some desired order (dipole, quadrupole, octu-
pole, etc.) are put together into a vector �x, and the forward-
problem transfer matrix A relating the multipole vector �x
to the body surface potential distribution ~p free from
effective noise is determined. Thus, we get Equation 2,
and all the techniques described in the previous section
can be applied to get an estimate x̂ of the multipole
components. This method is applicable even if the torso
is inhomogeneous.

Multipole expansion is powerful in the sense that any
heart source can be replaced with a series of multipole
generators without changing the potential distribution
outside a sphere containing the heart source (6). However,
physiological meanings of multipoles are incomprehensi-
ble except for the dipoles. Therefore, the multipole compo-
nents are usually computed only as an intermediate step
in obtaining the more sophisticated inverse solution, such
as moving dipoles described in the following subsection.

3.2. Moving-Dipole Model

During the depolarization process of the heart, EMFs
distribute over the excitation fronts as electric double
layers. Each double layer is approximated by a current
dipole whose location, direction, and magnitude indicate
the gravitational center, the normal direction, and the size
or area of the double layer, respectively (7). These dipoles
move as the excitation fronts propagate in the heart. Two
major methods exist to determine the dipoles. In the first
method, they are determined through the multipole com-
ponents computed as an intermediate step (8), whereas in
the second method they are determined directly from body
surface potentials by means of the least-squares error
method (9).

The first method is based on the fact that the octupole
and the higher-order terms depend on the origin for the
multipole expansion, while the dipole term remains un-
changed even if the origin is moved because the monopole
term is always zero because of the conservation of the
electric charge. Brody et al. (4) pointed out that if each of
five quadrupole components is equated to zero, the resul-
tant set of five equations is equivalent to the one that had
been proposed by Gabor and Nelson (8) in order to
determine the position of single moving dipole (SMD):
they called this position the ‘‘electrical center.’’ Geselowitz
proposed an alternative definition of the electrical center
as the position where the dipole term alone gives the best
fit to the surface potentials on a least squares basis (10).

Then the electric center r0 is determined from the Arthur–
Geselowitz equation (11), namely

r0¼
1

jjMjj4
jjMjj2I3 �

1

4
MMt

� �

QM; ð14Þ

where
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are matrix representations of the dipole and quadrupole
components evaluated at an arbitrarily specified origin.

Solutions via the multipole expansion are also avail-
able for the two moving dipole (TMD) model (8): 15
equations (3, 5, and 7 equations for dipole, quadruple,
and octupole components, respectively) for 12 parameters
(6 coordinates and 6 moments) of the TMD model are
derived and solved usually by least-squares error fit. In
contrast to the case of SMD, the describing equations are
nonlinear with respect to dipole coordinates, and hence
more sophisticated iterative minimization techniques,
such as the Levenberg–Marquardt algorithm (12,13) and
the simplex method (14), are required to get the solution.

The second method is based on the fact that the
potential ~pm at the mth electrode site on the body surface
generated by a dipole d at r in the heart is given as the
inner product of the dipole d and the corresponding lead
field LmðrÞ at r, namely ~pm¼LmðrÞ

td (15). These poten-
tials f ~pmgm¼ 1�M at M electrode sites comprise an M-
dimensional vector ~p that represents a body surface
potential distribution. Then, we get

~p¼

~p1

~p2

..

.
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;

ð15Þ

where M� 3 matrix L(r) is called the transfer matrix
relating the dipole at r to the body surface potential
distribution. According to the principle of superposition,
when there are N dipoles d1;d2; . . . ;dN at r1; r2; . . . ; rN ,
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respectively, the potential distribution is given as

~p¼Lðr1Þd1þLðr2Þd2þ � � � þLðrNÞdN ¼GðRÞD
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; GðRÞ¼ ðLðr1Þ Lðr2Þ � � � LðrNÞÞ;

ð16Þ

where R and D are 3N-dimensional vector and G(R) is an
M� 3N matrix depending on R. Then, the square devia-
tion S between the potential distribution ~p generated by
the dipoles and the measured one p is given as

SðR;DÞ¼ jj ~p� pjj2¼ jjGðRÞD� pjj2: ð17Þ

Suppose that S takes its minimum value at ðReq;DeqÞ,
then a set of N dipoles, whose locations and vector
components are specified by Req and Deq, is called the
‘‘equivalent dipoles’’ in N-dipole approximation. The
equivalent dipoles give the best fit to the surface poten-
tials on a least-squares basis. S depends on both R and D,
but the latter can be removed in the minimization proce-
dure as follows (16).

As ~p is linear inD, the optimumD that minimizes S for
an arbitrarily specified R is given as

DoptmðRÞ¼GðRÞþp; ð18Þ

where G(R)þ is Moore–Penrose generalized inverse ma-
trix of G(R). Then, the proximity function F(R) is defined
as

FðRÞ � SðR;DoptmðRÞÞ ¼ptfIM �GðRÞGðRÞþ gp; ð19Þ

which is the minimized square deviation for D. Suppose
F(R) has its minimum at R¼Rmin, then the locations Req

and the vector components Deq of N equivalent dipoles are
given as

Req¼Rmin; Deq¼DoptmðRminÞ; ð20Þ

because the original square deviation S(R,D) is minimized
by R¼Rmin and D¼DoptmðRminÞ. Thus, we only have to
minimize a 3N-variable function F(R) instead of a 6N-
variable function S(R,D). The Levenberg–Marquardt al-
gorithm, the simplex method, or the other iterative mini-
mization techniques are used to minimize the proximity
function F(R).

In either method mentioned above, no limit exists in
principle in number of dipoles to be estimated. However,
the ill-posedness of the inverse problem becomes more
conspicuous as the number of dipoles increases, and the
estimated dipoles become more sensitive to the noise in
measured potentials or the discrepancy between the torso
model and the true one. It seems practically impossible to

estimate more than two dipoles accurately enough for
clinical applications under ordinary conditions (16).

SMD models have been investigated theoretically as
well as experimentally by many groups since first pro-
posed by Gabor and Nelson, especially after the Arthur–
Geselowitz equation had been proposed (17–19). The TMD
model and other higher-order moving dipole models have
been investigated mainly by computer simulations or in
the isolated heart preparations (7,20–22). Recently, the
SMD has also been applied to localize the site of origin of
paced ventricular activity (23).

3.3. Fixed-Location Multiple Dipole Model

Barber and Fischmann proposed a fixed-location multiple
dipole model (24), in which EMF in each local segment of
the myocardium is approximated by a dipole fixed at the
centroid of the segment. The potential distribution ~p on
the body surface generated by these dipoles is given by
Equation 16, but in this case the vector R representing
dipole locations is fixed to some known value, and hence
A � GðRÞ is a known matrix. Thus, the measured poten-
tial distribution p is given as

p¼ ~pþ e¼ADþ e; ð21Þ

where e is the effective noise. Therefore, estimation of the
dipole components D from measured potential distribu-
tion p is an example of the linear-inverse problem dis-
cussed in earlier, and all the techniques presented there
are applicable to solve the problem.

Rogers and Pilkington performed simulation studies as
well as in vivo experiments on a dog assuming either a 20-
dipole model or a 9-dipole model (25). They found that the
number of dipoles that could be used in the inverse model
was limited by noise to about 20, and that the solutions
were unstable in the presence of small geometric pertur-
bations. They also found that highly localized EMF could
not be detected in either the 20-dipole solution or 9-dipole
solution, even in the absence of noise or geometric pertur-
bations. Moreover, the solutions obtained from the in vivo
surface potentials measured in a dog yielded dipole mo-
ments with unphysiological orientations and activation
times.

3.4. Fixed-Location and Fixed-Orientation Multiple Dipole
Model

Lynn et al. proposed that dipole orientation, in addition to
dipole location, should be fixed in accordance with physio-
logical knowledge (26). Let sn be the magnitude of the nth
dipole dn, and un be the unit vector indicating its orienta-
tion. Then dn¼ snun holds, and 3N-dimensional vector D
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in Equation 21 can be written as
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ð22Þ

where U is a 3N�N matrix and S is an N-dimensional
vector, and Equation 21 itself is rewritten as

p¼ ðAUÞSþ e: ð23Þ

As M�N matrix AU is known, estimation of S from p
seems to be an example of the linear-inverse problem.
However, magnitude of a dipole is always nonnegative,
and hence each component of the vector S is restricted to
be nonnegative, which is why the concerned model is
called ‘‘the positive moment model.’’ Therefore, the pro-
blem of minimization of the square deviation jjp�
ðAUÞSjj2 is not a simple least-squares fitting but one of
quadratic programming, which was solved by Lynn et al.
(26).

Lynn et al. used 126 body surface potential measure-
ments from one normal human subject to estimate the
dipole magnitudes throughout QRS of an 11-dipole model,
and they concluded that dipole magnitude waveforms
were in the form of a single pulse with activation times
that were, for the most part, consistent with the known
sequence of cardiac activation. The positive moment
model is the most popular of the multiple dipole models
and has been studied by many groups (27–29).

3.5. On/Off Model

Barr et al. proposed a model in which not only the dipole
orientations but also their magnitudes were fixed (30).
Dipoles could be either ‘‘on’’ or ‘‘off ’’ with magnitudes
proportional to the surface area of the heart region they
represent, and so this model is called ‘‘the on/off model.’’ In
order to decide which dipoles were on and which were off
at any given time instant, Barr and Pilkington proposed a
special technique named Disol (‘‘dipole solving’’) that per-
forms square error minimization (31).

Barr et al. tested their on/off model with 10 dipoles
using body surface potential distribution measured by 49
electrodes during QRS in one dog (30). They concluded
that the estimated sequence of activation agreed reason-

ably well with the activation pattern deduced from the
epicardial and intramural measurements.

4. INVERSE SOLUTIONS IN TERMS OF HEART SURFACE
EQUIVALENT SOURCES

As no EMF exists in the region enclosed by epicardium
and body surface and the normal derivative of the poten-
tial must be zero on the body surface (the torso-air inter-
face is assumed to be insulating), the potential
distribution in this region, especially on the body surface,
is uniquely determined by and linearly dependent on the
epicardial potential distribution. Suppose that the epicar-
dial potential distribution is approximated by an N-di-
mensional vector pH composed of the potentials at N sites
on the epicardium, then the measured body surface po-
tential distribution ~p free from the effective noise can be
written as

~p¼ApH ; ð24Þ

where A is the potential transfer matrix from the epicar-
dium to the body surface. Thus, the estimation of pH from
p is a typical example of the linear-inverse problem, but no
assumptions for the EMF model are required. Moreover, it
is possible to validate the results by means of the direct
comparisons with measured epicardial distributions. In
order to obtain the transfer matrix A, either a numerical
formulation of the forward problem based on FEM/BEM
(32) or the transfer coefficient approaches based on the
simultaneous measurements of epicardial and body sur-
face potentials (33) may be used.

Martin et al. (34) used a real-shaped canine torso and a
spherical epicardial surface to obtain the transfer matrix
A and get solutions by means of the estimation matrix E
defined in Equation 12. In their study, R �x �x (covariance
matrix of pH) was estimated by using a time average to
approximate the ensemble average, and Ree was obtained
from approximate estimates for instrument noise, for
electrode-position and heart-position uncertainty, and for
the quadrature error in evaluating A.

Barr and Spach (35) used a simpler estimation matrix
given in Equation 13. In their experiments using an intact
dog, potentials at 75 sites on the epicardium as well as 150
sites on the body surface were recorded during QRS-T for
several excitation-repolarization sequences produced by
stimulations at different epicardial sites. Postmortem
measurements of geometrical coordinates of body surface
and epicardial electrodes were used to determine the
transfer matrix A. The standard deviations se; s �x of effec-
tive noise and epicardial potential were assumed to be 0.1
and 2.5mV, respectively. Correlation coefficients between
estimated epicardial potential distributions and measured
ones were in the range of 0.6 to 0.8.

Recently, a variety of regularization schemes have been
developed to overcome the inherent ill-posedness of the
epicardial inverse problem (36–44). Traditional regulari-
zation approaches such as n-order Tikhonov and Trun-
cated SVD can produce stable solutions of epicardial
potentials, but are still limited in accuracy under realistic
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situations (41). Recent progress in regularization ap-
proaches has been made by incorporating temporal con-
straints (40), the joint time/space regularization (37,42),
and the regularization associated with each principal
component of the data instead of each time point (39)
etc., which may provide physiologically a more accurate
epicardial potential map according to the reported results
in simulation and experimental studies. The epicardial
electrograms and activation time can be derived from the
temporal progression of epicardial potentials, and success-
ful results have been obtained in a realistically shaped
torso tank containing normal and abnormal canine hearts
(45). Human study has also recently been reported to
image potential distributions and isochrones during atrial
and ventricular activation and ventricular repolarization
over the epicardial surface (46).

5. HEART SURFACE ACTIVATION IMAGING

Parallel to the epicardial potential inverse solutions, the
heart surface isochrone inverse solution has recently
received much attention. In this approach, local activation
time is estimated over the entire heart surface, including
both the epicardium and the endocardium, from body
surface electrocardiograms (47–49). This approach is
based on the bidomain theory, which allows direct linking
of the heart surface activation time with body surface
potentials under the assumption of the electrical isotropy
(or ‘‘equal anisotropy’’) within the myocardium (44). A
unique characteristic of this approach is to directly esti-
mate electrophysiological properties of myocardial tissue
instead of equivalent sources or electrical potentials. The
imaging equation can be represented as (47)

pðr; tÞ¼

Z

S

Aðr; r0ÞHðt� tðr0ÞÞdr0; ð25Þ

where S is the composite of the epicardial and endocardial
surfaces, and the action potential is modeled as the Heavi-
side function. Recently, more realistic characteristics of
the action potential have been incorporated into the heart
surface activation imaging inverse problem and efficient
algorithms developed to perform the inverse computation
(49,50), which has been applied to noninvasively image
the activation time on the surface of atrium and ventricle
from single-beat sinus and paced-rhythm data of human
subjects with or without heart diseases, and the recon-
structed activation map is in good agreement with inva-
sively CARTO-measured endocardial activation maps
(49,50).

One difference between the heart-surface activation
inverse problem and the epicardial potential inverse
problem is that the former is a nonlinear inverse problem
whereas the latter is essentially a linear inverse problem.
Although the nonlinear inverse problem represents addi-
tional challenges in realization of the computational tasks,
recent studies suggest that such additional computational
effort seems to be well paid off in providing promising
imaging results (48–50). The merits of using the nonlinear
inverse procedure are further illustrated in the 3-D in-

verse solution employing a heart model, as described in
the following section.

6. 3-DIMENSIONAL ELECTROCARDIOGRAPHIC IMAGING

Recently, 3-dimensional (3-D) electrocardiographic ima-
ging technique (3DEIT) has been pursued by a few groups.
In 3DEIT approaches, equivalent cardiac sources are not
only modeled over the 3-D myocardium but also distrib-
uted within the entire 3-D volume of the myocardium. As
we discussed above, the fixed-location multiple dipole
model was first proposed by Barber and Fischmann in
1961 (24) and explored using up to a 20-dipole model (25).
In these early explorations, the number of measurements
were usually taken as being larger than the number of
source parameters, thus limiting the number of source
parameters to be estimated. The fixed-location multiple
dipole model was recently extended to a large number of
current dipoles covering the entire ventricles with 7-mm
interdipole distance (51,52). He and Wu used the Lapla-
cian-weighted minimum norm algorithm (52,53) to esti-
mate the current dipole distribution within the 3-D
volume of the ventricles. A nonlinear iterative algorithm
was further used to enhance the estimated solutions using
FOCUSS algorithm (51,52). Skipa et al. also used the
Laplacian-weighted minimum norm algorithm to estimate
distribution of transmembrane potentials (54).

Apart from the recent exploration of 3-D cardiac elec-
trical imaging by applying the principles of linear-inverse
solution, an important development has been made to
achieve 3-D electrocardiographic imaging by means of a
detailed electrophysiological heart model. The use of
electrophysiological heart model not only provides electro-
physiological constraints, which are important to improve
the ill-posedness of the inverse problem, but also directly
provides electrophysiological properties of cardiac electri-
cal activity. This approach has been applied to localize
sites of origin of cardiac activation (55,56), image activa-
tion sequence (57), image distribution of transmembrane
potentials using a flat approximation (59) or accurate
representation (60), and image ischemia (58) or infarc-
tions (61). Of note, Ohyu et al. (58) used the Wiener
inverse filter to perform the regularized inverse estima-
tion, whereas other studies used a heart-model based
nonlinear estimation procedure as described below
(57,62).

As an example, we describe below briefly one of the
3DEIT approaches that has been experimentally tested
(63) in which the cardiac activation sequence is noninva-
sively estimated from body surface electrocardiograms
(57). The schematic diagram of the 3DEIT approach is
illustrated in Fig. 2. The approach uses a physiological
heart computer model, which represents cardiac electrical
activity, a nonlinear optimization algorithm, which opti-
mizes the heart model parameters by minimizing the
measured BSPMs and the model-predicted BSPMs, and
anatomical measurement of the heart and torso. To obtain
3-D imaging of activation sequence, a realistic geometry
(RG) heart-torso model is constructed from CT or MRI
scans of the subject. A preliminary diagnosis system (PDS)
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to determine cardiac status based on a priori knowledge
and the measured BSPM is used to estimate the initial
information on regions where cardiac activation origi-
nates. The output of the PDS provides the initial heart
model parameters to be used in the optimization system.
Then the BSPM is simulated using the 3-D computer
electrophysiological heart model. The heart model para-
meters are determined by minimizing the difference be-
tween the measured and simulated BSPMs. If the
measured BSPM and the simulated BSPM match well,
the heart model parameters corresponding with the simu-
lated BSPM are regarded as the inverse solution of the
measured BSPM, from which activation sequence can be
uniquely and accurately determined. If not, the heart
model parameters are adjusted with the aid of the opti-
mization algorithms, and the simulation procedure pro-
ceeds until the following objective functions (55,57) satisfy
the given convergent criteria: (1) ECC(x), which was con-
structed with the average correlation coefficient (CC)
between the ‘‘measured’’ and model-generated BSPMs
during a certain time period; (2) Eminp(x), which was
constructed with the deviation of the positions of minima
of the ‘‘measured’’ and model-generated BSPMs during a
certain time period; and (3) ENPL(x), which was con-
structed with the relative error of the number of body
surface recording leads, at which the potentials are less
than a certain negative threshold, in the ‘‘measured’’ and
model-generated BSPMs during a certain time period. The
mathematical model of the nonlinear optimization can be
represented as the following minimization problem:

min
x2X
ðECCðxÞÞ¼E�CC;Emin pðxÞoemin p;

ENPLðxÞoeNPL;

ð26Þ

where X is the probable value region of the parameters in

the computer heart model, x is a parameter vector of the
heart model, E�CC is the optimal value of the objective
function ECC(x), and eminp and eNPL are the allowable
errors of the constraints Eminp(x) and ENPL(x), respec-
tively. The selection of the eminp or eNPL will affect the
recognition accuracy and convergence rate of the optimi-
zation system. The smaller the eminp or eNPL, the higher
the recognition accuracy and the slower the convergence.
On convergence, the myocardial activation sequence can
be reconstructed from the estimated heart model para-
meters.

In a recent study, the feasibility of estimating site of
origin of reentrant arrhythmia from BSPMs was also
suggested in a simulation study using the heart-model
based 3DEIT approach, in which a reentrant arrhythmia
model was used (64). These studies suggest that the
model-based 3-D electrocardiographic imaging, in which
cardiac physiological and pathophysiological a priori
knowledge is incorporated, is promising and merits
further investigations.
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1. INTRODUCTION

Echocardiography is a powerful diagnostic imaging mod-
ality that uses the complex interaction of ultrasound
waves with the heart and associated tissues to create
images of these structures. Echocardiography’s clinical
use and prominence as a cardiac diagnostic tool comes
mainly from the fact that it is able to simultaneously
provide structural and physiologic data noninvasively and
in real-time. Furthermore, ultrasound has essentially no
deleterious effects on biologic tissues at the energies used
for imaging, unlike many other radiological techniques,
which frequently involve the use of ionizing radiation.
These favorable attributes make echocardiography highly
useful in a wide variety of clinical situations.

2. BASIC PRINCIPLES OF ECHOCARDIOGRAPHY

The images generated during an echocardiogram are
graphic representations generated by computer analysis
of the manner in which ultrasound waves are reflected
and scattered by biologic tissues. An understanding of
echocardiography, therefore, requires an understanding of
the basic principles of ultrasound and its interactions with
the body. Sound waves consist of mechanical vibrations
that induce alternating compression and rarefaction in
the medium through which they travel. The number of
cycles of compression and rarefaction per second deter-
mines the frequency of a sound wave and is measured in
Hertz (Hz). Sound waves with a frequency above the
audible range for humans (20 Hz to 20 kHz) are referred
to as ultrasound. Echocardiography uses sound waves
with frequencies ranging between 1,000,000 and
20,000,000 Hz (1–20 MHz). Sound waves are further char-
acterized by their wavelength (l), which is the distance

between compressions or rarefactions, and by their am-
plitude in decibels (dB). Amplitude is related to the energy
that is transferred to the medium through which ultra-
sound waves travel. The velocity of ultrasound propaga-
tion is variable and depends on the characteristics of the
medium (tissue) through which it passes. The propagation
velocity (c) can be determined by the product of the
frequency (f) and the wavelength:

c¼ l � f :

As the velocity of ultrasound in blood is a known
constant value of 1540 m/s and each transducer generates
ultrasound with a known frequency, the wavelength can
be determined for any transducer by the following rela-
tionship:

l ðmmÞ¼ 1:54=f ðMHzÞ:

The imaging characteristics of ultrasound are highly
dependent on the wavelength emitted by the transducer.
Image resolution is inversely related to the wavelength
emitted from the ultrasound transducer and the maxi-
mum achievable resolution is equal to approximately one
or two wavelengths. Imaging depth, or the penetration of
ultrasound waves into tissue, is directly related to wave-
length. So, resolution is optimized by a shorter wave-
length, whereas imaging depth is optimized with a
longer wavelength ultrasound. The choice of transducer,
and thus of the wavelength used, is driven by the clinical
situation. The need for high-resolution imaging of a
structure close to the body surface would suggest a high-
frequency (short wavelength) transducer, whereas the
need to visualize a deep structure calls for a lower-
frequency (longer wavelength) transducer (Fig. 1) (1).

When ultrasound waves come into contact with any
medium (biologic tissue in this case), they can interact by
reflecting, scattering, refracting, or absorbing. Reflection
is the most important interaction for useful echocardio-
graphic imaging. Ultrasound waves are reflected primar-
ily at the interface between tissues with different acoustic
impedances. It is this reflected ultrasound that returns to
the transducer, is detected, and converted into an image

Figure 1. Graph illustrating the relation-
ship between the transducer frequency, wa-
velength (solid line), and penetration (dotted
line) of ultrasound as it interacts with soft
tissue. Note that wavelength has been plotted
inversely, which illustrates that resolution
increases and penetration decreases as the
transducer frequency increases (1, p. 2).
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based on the pattern of reflection. The fraction of energy
reflected is directly related to the relative difference in
characteristic acoustic impedance (Z) between adjacent
tissues. The greater the change in impedance as sound
waves traverse from one tissue to the next, the greater the
fraction of the ultrasound energy that is reflected back
toward the transducer. For example, if T is the fraction
transmitted and R is the fraction reflected, then:

T¼ 1� R¼ ð4Z1Z2Þ=ðZ2þZ1Þ
2

or

R¼ ðZ2 � Z1Þ
2=ðZ2þZ1Þ

2:

The consequences of these equations are that if:

1. Z1¼Z2 , R¼ 0, and T¼ 1: Perfect transmission

2. Z1{Z2 (air to tissue) T¼ 0, R¼ 1: Perfect reflection
(it is hard to get ultrasound into the body from air.)

3. Z1cZ2 (tissue to air) T¼0, R¼ 1: Perfect reflection

The characteristic acoustic impedance (Z) of a given
tissue is given by the product of tissue density (r) and the
propagation velocity (c) in that tissue:

Z¼ r � c:

The maximum amount of reflected ultrasound will be
detected by the transducer when the ultrasound beam hits
a surface perpendicularly (901). As the angle of incidence
deviates from 901, the amount of reflected ultrasound that
returns to the transducer decreases, until it reaches zero
at the point when the ultrasound beam is parallel (01) to
the surface (Fig. 2) (2).

The remaining interactions, scattering, refraction, and
absorption, all serve to decrease the magnitude of the
ultrasound wave as it propagates in the body and are
detrimental to diagnostic imaging by reducing image
quality and creating artifacts. When ultrasound comes
into contact with small structures, on the order of 1 mm,
the wave is scattered in all directions rather than reflected
in an organized manner. Scattering is the primary source
of returned signals from inside soft tissues and is neces-
sary for imaging in most ultrasound applications. How-
ever, in echocardiography, scattering is relied on far less
and contributes to loss of energy in the wave.

Just as the path of a beam of light passing from air into
water is bent, so ultrasound waves are refracted as they
pass from one tissue into another with different acoustic
impedance. This physical property of ultrasound can be
the cause of imaging artifacts, but can also be harnessed
in order to focus an ultrasound beam to improve image
characteristics, just as eyeglasses refract light to improve
the sharpness of an image detected by the eye. The angle
of refraction depends on the difference in the speed of
ultrasound (V) in the two media. The angles yi and yt are

defined in the corresponding illustration (Fig. 3) (2):

Sin yi=Sin yt¼V1=V2:

As ultrasound penetrates body tissue, it is progres-
sively attenuated, that is, the strength of the signal drops
off as the ultrasound energy is absorbed by tissue and
converted to heat or simply scattered or reflected. The
degree of attenuation depends on the frequency of the
ultrasound transducer and the attenuation coefficient of
the tissue through which the ultrasound passes. Ultra-
sound imaging is only feasible to a tissue depth of approxi-
mately 200 wavelengths. Beyond that point, attenuation
degrades the signal too severely for adequate visualization
of structures. Thus, high-frequency (short wavelength)
ultrasound is attenuated more quickly and has a reduced
useful imaging depth compared with low-frequency ultra-
sound. Attenuation is also increased by reflection for any
given frequency when ultrasound passes through media
with a very different characteristic acoustic impedance,
such as air or bone. The low impedance of air creates
severe attenuation that degrades ultrasound images and
makes images of or through any structures that contain
air of limited clinical utility.

2.1. Ultrasound Transducers

The essential element of an ultrasound transducer is a
piezoelectric crystal, which generates and detects ultra-

(a) (b) (c)

Figure 2. The relationship between transducer angle and the
amount of reflected ultrasound energy that is received by the
transducer. (a) When the transducer is exactly perpendicular to a
reflective interface, the majority of the reflected energy returns to
the transducer and is recorded. (b) When the transducer is at a
slight angle to the interface, only a portion of the reflected energy
is detected by the transducer. (c) At greater angles, most or all of
the incident energy is reflected away from the transducer and is
not recorded. It is important to note that this simplified example
pertains to a perfect specular reflector. In reality, most biologic
surfaces have irregularities that are near or below the size of an
ultrasound wavelength, which results in some ultrasound being
scattered in many directions, rather than uniformly reflected and
means that even at large angles, some of the ultrasound energy
may be scattered, rather than reflected, back to the transducer
and recorded (2, p. 10).
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sound waves. When alternating electric current is applied
to a piezoelectric crystal, the crystal reacts by alternately
expanding and contracting, which produces ultrasound
waves. The frequency of ultrasound generated is depen-
dent on the composition and dimensions of the crystal.
This quality of piezoelectric crystals also operates in
reverse, such that an ultrasound wave that strikes the
crystal will induce alternating expansions and contrac-
tions and, subsequently, an electrical signal. Via interpre-
tation of this signal, ultrasound machines create an image
of the heart (Fig. 4) (2).

During imaging, the transducer emits a brief ultra-
sound burst and then switches to detection mode in order
to receive the returning signal reflected off the surfaces of

interest. As the speed of ultrasound in tissue is a known
constant, the distance of an object from the transducer can
be determined by the time it takes for the signal to reach
the structure and return. In addition, the crystal can
detect the amplitude of a reflected ultrasound signal,
which is usually represented by brightness, with stronger
signals (higher amplitude) being displayed more brightly
in the image. The outgoing ultrasound burst is usually
very short, 1–6 msec, which improves the image resolution
along the length of the beam. Between bursts, the trans-
ducer remains in ‘‘listening mode,’’ waiting to detect any
reflected ultrasound. The signal created by returning
ultrasound then undergoes complex processing by a com-
puter and an image is generated, creating a visual repre-
sentation of the ultrasound interactions that are occurring
in the tissue of interest.

3. TRANSDUCER STRUCTURE

Whereas early ultrasound transducers usually consisted
of a single piezoelectric crystal, today’s transducers im-
prove image characteristics by using multiple crystals
that can produce high-quality 2-D, or even 3-D images.
The typical transducer will contain between 126 and 512
crystals or ‘‘channels’’ in a linear array, a damping mate-
rial that causes the crystal to move more rapidly from an
excited to a quiescent state, an acoustic ‘‘lens’’ that assists
in focusing the ultrasound beam, and filters that control
the frequencies that are received by the transducer (Fig. 5)
(1).

4. BIOLOGIC EFFECTS OF ULTRASOUND

Modern diagnostic ultrasound involves relatively low-in-
tensity energy and has no known adverse effects at such
levels. However, sound waves with sufficient mechanical
energy to damage biologic tissue can be produced (3).

(a)

(b)

Figure 3. Illustration of the reflective and refractive character-
istics of ultrasound when striking an interface between two media
with different acoustic impedance. (a) When the ultrasound
strikes the border between the two media, some portion of the
sound energy is reflected back into the medium from which it
originated. As the velocity of the incident wave (Vi) equals the
velocity of the reflected wave (Vr), the angle of incidence (yi) and
the angle of reflection (yr) are equal within the same plane. (b)
The portion of the sound energy that passes into the new medium
is propogated at an angle relative to the incident beam (yt), which
is determined by the relative speed of sound in the two media.
When the speed of sound in the second medium (V2) is greater
than that in the first (V1), the sound energy in the left-hand
portion of the beam begins to accelerate before the energy in the
right-hand portion of the beam, which causes the sound wave to
bend to the right and be propagated at an angle greater that the
angle of incidence. Conversely, when the speed of sound in the
second medium is less than that in the first medium, the left-hand
portion of the beam begins to decelerate before the energy in the
right-hand portion of the beam. This situation deflects the beam
to the left and the angle of transmission (yt) is less than the angle
of incidence (yi). When the speed of sound in both media is the
same (V1¼V2), no refraction exists and the angle of transmission
(yt) and incidence (yi) are equal (2, p. 9).

(a) (b) (c)

Figure 4. An illustration of the piezoelectric principle. (a) A
rectangular-shaped piezoelectric crystal sits between two electro-
des. (b) An external stress is applied, deforming the crystal. This
mechanical stress causes electrical charges bound within the
crystal to shift to the surface, where they can be measured as a
voltage. (c) An electrical current is applied to the crystal. This
external electric field interacts with the charges bound within the
crystal and induces an alteration in the crystal’s shape. When the
electric field is rapidly alternated, the crystal is thrown into a
correspondingly rapid vibration, which produces a sound wave of
like frequency (2, p. 3).
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Biologic effects are dependent on the total energy flux
across an area, the time and spatial pattern of exposure,
the frequencies of the sound wave, and the sensitivity of
the particular biologic tissue affected (4). The predomi-
nant mode of tissue damage is via local thermal effects (5).
As ultrasound energy is absorbed by tissue, heat is
generated in an amount directly related to the intensity
of the sound wave. Intensity (I) is calculated by the
following equation, where I0 is the intensity at the surface,
x refers to the depth in tissue, and a is the attenuation
coefficient of the tissue:

I¼ I0e�2ax:

The relationship between local intensity and the change
in temperature is described by:

dT=dt¼ 2aI=rCm;

where dT/dt is the rate of increase in temperature, a is the
absorption coefficient, r is the mass density of the tissue, I
is local intensity, and Cm is the specific heat of the tissue.
The effect of local heating is significantly reduced by the
convective heat loss caused by blood flow, which serves to
protect tissues (4). Heat loss through conduction also
occurs to a lesser degree.

Cavitation describes the formation, growth, and dy-
namic behavior of gas bubbles in an ultrasonically irra-
diated medium (6,7). Bubbles are created primarily by the
expansion of microscopic gas nuclei or the vaporization of
dissolved gases because of ultrasound-induced reductions
in local pressure. These bubbles can augment the absorp-
tion of ultrasound to increase local heating, induce local
shear stresses, or collapse and cause shock waves. All of
these effects can cause local tissue damage by various

means. The American Institute of Ultrasound in Medicine
has published presumptively safe levels of ultrasound
exposure of r100 mW/cm2 with an unfocused beam,
r1 W/cm2 with a focused beam, and r11C elevation of
tissue temperature (8). There have been no independently
confirmed biologic effects below these levels.

5. IMAGING FORMATS

In the earliest echocardiographic transducers, a single
non-moving crystal existed, which only permitted imaging
along a single, narrow line. This type of imaging could
display only the depth of a structure and the amplitude of
the reflected ultrasound signal and is referred to as A-
Mode (amplitude versus depth) imaging. Repeated cycles
of ultrasound transmission and detection were necessary
to characterize moving structures such as heart valves
(Fig. 6). B-mode imaging is similar to A-mode, except that
instead of using vertical height, brightness is used to
display the amplitude of the detected ultrasound signal.

In a similar manner, M-mode (depth versus time)
imaging involves interrogation along a single line. How-
ever, because the video display sweeps across the screen,
the changes in the returning signal with time are dis-
played more effectively. Like B-mode, brightness on the M-
mode display is directly proportional to the amplitude of a
returning signal. As only one crystal is emitting and
receiving in M-mode, the maximum time for one cycle of
pulse generation and subsequent detection is effectively

Figure 5. Schematic diagram of an ultrasound transducer. The
device consists of (1) the piezoelectric crystal that both produces
and receives ultrasound signals; (2) electrodes that both excite the
crystal and record the voltage produced by the returning signals;
(3) backing, or damping material, which shortens the amount of
time the crystal continues to vibrate after a stimulus, thus
improving imaging resolution; (4) an acoustic ‘‘lens’’ that allows
the ultrasound beam to be focused in the desired manner; and (5)
matching layers and a face plate that ensure adequate transducer
contact with the patient and prevent excessive energy loss as
ultrasound passes from the crystal to the patient (1, p. 5).

(b)

(a)

Time

Figure 6. A-mode and B-mode imaging formats. (a) An A-mode
scan shown below the corresponding 2-D echo image. A-mode
images provide data only along a single line from the transducer.
The horizontal axis represents the time after the pulse that a
signal is detected and the vertical axis represents the amplitude
of the returning echoes measured at that time. A peak represents
a sharp boundary (e.g., bone to water); a steady low line repre-
sents a homogenous section (e.g., inside a muscle). (b) Schematic
comparison of A-mode to B-mode imaging. B-mode is based on
essentially the same principle as A-mode imaging except that the
amplitude of the returning echoes are displayed as brightness
instead of a vertical trace. Neither A-mode nor B-mode imaging
are used in modern echocardiography, but their historical sig-
nificance is important in understanding the more basic principles
on which more complex modern systems are based.
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determined by the time needed for that one pulse to reach
the most distant structure under investigation and to
return. As the velocity of ultrasound in tissue is 1540 m/
s, this time is very short, and pulse generation/detection
cycles can be repeated between 1500 and 3000 times per
second. This high pulse repetition frequency accounts for
the excellent temporal resolution found with M-mode
imaging (Fig. 7).

The mainstay of modern echocardiographic imaging is
2-D imaging. 2-D imaging is achieved through the use of
transducers with multiple crystals. These crystals are
either mechanically or electronically swept across a 901
arc to create a fan-shaped sector that generates a 2-D
representation of the heart. For the most part, 2-D ima-
ging is achieved using a phased array of crystals that are
activated in a temporal order such that sequential ultra-
sound beams are emitted to produce a 901 arc. These same
crystals then detect the returning ultrasound signal. The
cycle of ultrasound beams sweeping across an arc alter-
nating with detection is repeated multiple times per
second to generate an image with excellent temporal
resolution, although not as high as M-mode. Reflected
ultrasound is converted into tiny electrical signals by the
piezoelectric crystals. This signal is then amplified, digi-

talized, and put through filters to reduce noise. These and
other manipulations transform the incoming ultrasound
into a 2-D representation on the monitor in nearly real-
time.

Standard echocardiography operates by detecting re-
turning ultrasound of the same fundamental frequency as
the ultrasound emitted by the transducer. It has been
discovered, however, that when ultrasound is propagated
in tissue, some energy is in the fundamental frequency,
and some is converted to energy in the harmonics of the
fundamental frequency. For example, a 1 MHz ultrasound
beam striking the heart would result in a large amount of
1 MHz ultrasound returning to the transducer. Addition-
ally, smaller amounts of 2 MHz (second harmonic), 4 MHz
(third harmonic), and 8 MHz (fourth harmonic) energy
would also be reflected back to the transducer. These
additional harmonics can be harnessed to enhance image
visualization because the strength of harmonic signals
increases with increasing tissue depth. Harmonic imaging
is achieved by setting the transducer to receive only at the
second harmonic frequency and using a filter to block the
fundamental frequency. As harmonic signals become
stronger at greater depth, it mitigates the effect of
depth-dependent attenuation of the fundamental fre-

Figure 7. A representative example of an M-mode image showing the left ventricle and mitral
valve. M-mode images are similar to earlier B-mode images in that signal amplitude is represented
by grayscale brightness. Time is still represented on the horizontal axis, but because the video
monitor continuously sweeps across the screen to update the image, moving objects are repre-
sented more effectively. The vertical axis represents the distance of a particular object from the
transducer. A 2-D image seen in the upper right-hand corner of the figure allows easy identification
of the location of the exact line of M-mode interrogation. M-mode imaging is used frequently in
clinical echocardiography.
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quency and improves signal quality. It has also been
shown that the use of harmonics improves the visualiza-
tion of the endocardial border of the heart and can reduce
certain imaging artifacts (Fig. 8) (9–11).

6. DOPPLER

Whereas 2-D echocardiography provides excellent ana-
tomic data, Doppler imaging is responsible for providing
the majority of the physiologic data obtained during
imaging and is a crucial component of a complete echo-
cardiogram. The Doppler principle states that the fre-

quency of reflected ultrasound is altered by its interaction
with a moving object, such as a blood cell. The Doppler
principle is based on the following:

1. The frequency of ultrasound reflected from a sta-
tionary object is the same as the transmitted fre-
quency (Fig. 9a) (12).

2. An object moving toward the transducer will reflect
ultrasound at a higher frequency than the trans-
mitted frequency (Fig. 9b) (12).

3. An object moving away from the transducer will
reflect ultrasound at a lower frequency than the
transmitted frequency (Fig 9c) (12).

The difference between the transmitted and reflected
frequencies is referred to as the Doppler shift, the magni-
tude of which is related to the velocity of the blood cells,
whereas the polarity of the shift reflects the direction of

Figure 8. Schematic of second harmonics. A modern broadband
transducer emits and receives ultrasound over a fairly broad
range. Its central frequency is noted as the fundamental fre-
quency (f1). The frequency spectrum can also be described as a
series of harmonics or multiples of that frequency, as noted.
Harmonics are generated during transmission, with each succes-
sive harmonic being twice the preceding in frequency. Each
successive harmonic has a substantially reduced amplitude, as
noted. For detection of harmonics, selective filtering for receipt of
the targeted frequency is employed, as is selective amplification of
that frequency to enhance returning signals in the harmonic
range. The bottom schematic depicts the phenomenon of multiple
harmonics, each twice the frequency of the preceding, but with
diminished amplitude. The top three schematics depict receiving
and display characteristics of a narrow-band (single frequency)
transducer at the top and selective filtering to display either the
fundamental (f1) or harmonic (f2) frequency (9).

(a)

(b)

(c)

>

=

<

Figure 9. Illustration of the Doppler effect. In each instance, the
transmitted ultrasound beam is denoted emanating from the
upper transducer and the returning beam off the reflecting object
coming to the lower transducer. (a) A stationary target in which
the transmit frequency (ft) is equal to the returning frequency (fr)
and no Doppler shift exists. (b) Depicts an object moving toward
the transducer in which the returning frequency (fr) is greater
than the transmit frequency (ft). (c) The object is moving away
from the transducer, and the returning frequency (fr) is less than
the transmit frequency (ft). The Doppler shift (fd) equals the
difference between these two frequencies (12).

6 ECHOCARDIOGRAPHY



blood flow. Using this technique, it is possible to accurately
measure the velocity and direction of blood flow and derive
such important parameters as cardiac output and intra-
cardiac pressure gradients. These principles are illu-
strated by the following equations, where Df¼Doppler
shift, V¼ velocity of the blood cell, f0¼ transducer fre-
quency, y is the angle of incidence between the ultrasound
and the direction the object is moving, and c¼ velocity of
sound in tissue:

Doppler shift ðfdÞ¼ reflected frequency ðfrÞ

� transmitted frequency ðftÞ;

Df ¼ ðV� 2f0� cosyÞ=c:

An extremely important consideration in this equation
is the angle y, which is the angle between the transmitted
beam and the direction that the object, in this case blood,
is moving. Looking at the equation, it becomes clear that
because the cosine of 01 is 1, then the maximum value for
velocity will only be measured when the interrogating
beam and the direction of blood flow are exactly parallel.
As the angle between the beam and blood flow increases,
cosine y decreases from 1 toward 0, which results in a
progressive underestimation of the actual velocity unless
the angle is taken into account in the calculation. For an
accurate estimation of blood flow velocity, an angle of less
than 201 is crucial, because up to this point the error is
o10% (Fig. 10). During a Doppler study, this type of
measurement is made multiple times per second and the
calculated velocities are displayed graphically with flow
toward the transducer above a baseline and flow away
from the transducer below (Fig. 11).

This basic technique can be used in several unique
ways. Pulsed-wave (PW) Doppler is a Doppler mode used
to interrogate the direction and velocity of blood at a
specific point. This point can be selected anywhere along
the path of the ultrasound beam. A burst of ultrasound is
emitted and then, after the exact interval that corre-

sponds to the time needed to make the round trip to the
desired location, the transducer briefly switches to detec-
tion mode and receives the reflected signal from the
preselected area of the heart. The number of times per
second that this cycle of ‘‘transmit-wait-receive’’ is re-
peated is called the pulsed-repetition frequency (PRF).
Pulsed-wave Doppler is highly useful when an exact
measurement of flow across a specific valve or through a
specific vessel is needed. As always, the best data is
obtained if the interrogating ultrasound beam is exactly
parallel to the direction of flow in the region of interest.

Although capable of great spatial discrimination,
pulsed-wave examination has a limited range of velocities
that it can accurately measure, because PW Doppler
repeatedly samples the returning signal to accurately
determine its velocity. As a returning waveform must be
sampled at least twice per period in order to determine the
velocity, the maximum detectable frequency shift is one-
half the PRF. Velocities with frequency shift above this
value, known as the Nyquist limit, are paradoxically
recorded as a velocity in the opposite direction of the
true direction of flow. This phenomenon is referred to as
signal aliasing.

Continuous wave (CW) Doppler differs from PW Dop-
pler in that it measures all of the velocities along the
ultrasound path simultaneously, rather than measuring
that at a single sample volume, which it accomplishes by
using two crystals, one that continuously emits a signal
and one that continuously receives the reflected signal.
The benefit of continuous sampling in CW is that very-
high-frequency shifts (and thus, velocities) can be accu-
rately measured without aliasing. The tradeoff for this
benefit is that CW does not provide spatial localization of
individual velocities and the exact site of the peak velocity
along a CW Doppler path must be inferred from 2-D or
other Doppler data.

Color flow Doppler is a variant of PW Doppler techni-
ques. Instead of having a single sample volume along one
line of interrogation, multiple sample volumes are inter-
rogated along multiple diverging scan lines, creating a
matrix of sampling points that simultaneously determine

Figure 10. Illustration of the significance of a parallel
intercept angle between the interrogating ultrasound
beam and the direction of blood flow in accurately measur-
ing blood flow velocity using the Doppler equation. The
graph compares the cosine function (soild line) with the
percentage error (dashed line) at all intercept angles. The
error originates from the assumption that cos y in the
Doppler equation is assumed to be 1 in the Doppler
equation because the intercept angle should be 01. If the
angle is unknowingly greater than 01, then the measured
value will be less than if the true angle was factored into
the equation and velocity will be underestimated. At small
angles, the error is acceptably low, but it rises quickly
above 201. At 601, the error is 50%, and at 901 no velocity
will be recorded and the error becomes 100%.
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velocities over an entire region of the heart. These multi-
ple velocities are then encoded into a color scheme, which
is displayed superimposed over the 2-D image of the heart.
Velocities toward the transducer are given hues of red,
with higher velocities indicated by brighter hues, whereas
velocities away from the transducer are blue, also with
variable hues depending on their magnitude. As color
Doppler is based on multiple PW measurements, it is
subject to the same limitations of standard PW Doppler.
Color Doppler cannot accurately measure the velocity
above a certain frequency shift (the Nyquist limit), such
that velocities above this limit become aliased and are
encoded as having a color indicating a direction opposite
the true direction of blood flow. Although this property of
Doppler may be confusing, aliasing is usually easily
recognized based on the clinical situation.

Color Doppler is especially useful in detecting and
evaluating regurgitant valvular lesions such as mitral,
tricuspid, or aortic regurgitation. Simply by placing the
color Doppler sample area over the valve of interest,
pathologic regurgitation can be visualized as an abnormal,
turbulent jet of blood moving retrograde across that valve
during part of the cardiac cycle.

7. CLINICAL CONSIDERATIONS

The mainstay of echocardiography is the transthoracic 2-
D examination. 2-D echocardiography provides excellent

anatomic and functional data in essentially real-time. As
each 2-D view creates a tomographic image of the heart
similar to a single thin slice, a complete understanding of
the overall cardiac function and complex anatomic rela-
tionships requires the integration of data from multiple
tomographic slices. This result is achieved by examining
the heart from multiple positions on the chest, referred to
as ‘‘echo windows.’’ Optimal images result from transducer
positions that avoid the bony structures (ribs, sternum)
and the air-filled lungs, both of which have high acoustic
impedance differences and effectively block ultrasound
transmission. The optimal views are largely standardized,
but in certain circumstances, individualized, nonconven-
tional views can be used, especially in skilled hands, to
render the desired image. The resulting views are de-
scribed by the position of the transducer on the chest and
the image plane or axis defined by the ultrasound. Exam-
ples are the parasternal long axis, parasternal short axis,
apical four-chamber, apical three-chamber, and apical
two-chamber views.

The initial 2-D survey attempts to characterize several
aspects of cardiac structure and function, which include
an assessment of the overall location and orientation of
the heart within the chest as well as the presence of any
abnormal structures or collections around the heart, in-
cluding metastatic tumors and pericardial or pleural fluid
collections. Evaluation of cardiac chamber sizes and ven-
tricular wall thickness is helpful in characterizing patho-
logic processes such as ventricular hypertrophy,

Figure 11. Example of a Doppler velocity spectral analysis. The horizontal axis represents time
and the vertical represents velocity. The 2-D image in the upper-right corner shows that this is a
recording of blood flow across the mitral valve. The flows above the baseline represent the
spectrum of velocities of blood moving from the left atrium to the left ventricle during diastole,
whereas those below the baseline represent systolic mitral regurgitation back into the left atrium.
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ventricular pressure or volume overload, or atrial enlarge-
ment that may predispose to arrhythmia. Analysis of
ventricular wall motion in multiple views is important in
the evaluation of myocardial infarction (acute or distant)
and ischemia, which can lead to focal wall motion abnorm-
alities (hypokinesis, akinesis, or aneurysm) or thinning of
the myocardium. A detailed interrogation of all cardiac
valves can reveal most structural and functional abnorm-
alities, such as limiting opening excursion suggesting
stenosis, leaflet prolapse, leaflet thickening or calcifica-
tion, and characteristic changes seen in valves affected by
rheumatic heart disease. On the other hand, even valves
with severe amounts of regurgitation may appear quite
normal and only when Doppler interrogation is performed
is the abnormality recognized. The infectious lesions of
endocarditis may be seen on a transthoracic echocardio-
gram, but can be easily missed because of their small size
and the limitations of anatomic definition with transthor-
acic imaging. Such lesions are detected with a high degree
of accuracy using transesophageal echocardiography be-
cause the probe is much closer to the heart during imaging
and can characterize cardiac structures with far greater
detail and reliability (13). The root of the aorta and the
pulmonary artery can also be visualized and assessed for
the presence of dilation, aneurysm, and other lesions, such
as thrombus in the case of the pulmonary artery and
atherosclerotic atheroma or dissection in the case of the
aorta.

The characteristic structural abnormalities associated
with the various congenital heart defects can also be well
visualized with 2-D echo. However, a complete evaluation
of such abnormalities usually requires a thorough Doppler
exam to quantify the severity of any intracardiac shunts
that may accompany these syndromes.

8. ASSESSMENT OF VENTRICULAR FUNCTION

Ventricular function can be assessed in a number of ways,
but no single method is able to completely and compre-
hensively quantify ventricular performance, as each one
measures only a single aspect of what is a highly complex
process. For example, a heart that is contracting vigor-
ously may have a low cardiac output, which is the volume
of blood pumped to the body per minute, such as in the
case of severe mitral regurgitation. Conversely, a heart
with a normal cardiac output may have reduced contrac-
tile function, such as in well-compensated heart failure.
Thus, it is important to be cognizant of exactly which
parameter of cardiac function is being measured, and
often more than one parameter must be taken into the
final determination of overall cardiac function in order to
reach an accurate conclusion.

When examining ventricular systolic function, the con-
tractile strength of the left ventricle is of primary interest.
As contractility is a difficult parameter to measure in vivo,
surrogate markers are used. The most commonly used
marker is the ejection fraction (EF). The ejection fraction
is calculated as the difference between the end-diastolic
and the end-systolic volume (ESV), also referred to as the
stroke volume (SV), divided by the end-diastolic volume

(EDV). It is most often reported in percent, with values
greater than 55% being normal:

EF¼ ½ðEDV � ESVÞ=EDV� � 100:

Although imperfect, the EF is a clinically important
measurement because it correlates highly with patient
outcomes in a wide variety of cardiac diseases (14). Many
interpreters simply visually estimate the changes in ven-
tricular volume between diastole and systole when arriv-
ing at an EF. For experienced readers, this technique
usually provides a result with acceptable accuracy. How-
ever, for many purposes, it is desirable to derive more
precise, quantitative measurements of EF and to avoid the
potential errors of visual estimates. As all such methods
rely on certain geometric assumptions in order to calcu-
late 3-D volumes from 2-D data, they are inherently
flawed to a variable degree, which is especially true in
the most diseased hearts, whose geometry most severely
deviates from idealized models. The most commonly used
of these quantitative methods for calculating EF is Simp-
son’s rule in which the left ventricular myocardium is
manually traced at both end-systole and end-diastole.
Computer software then automatically subdivides the
resultant 2-D areas into a series of stacked ‘‘discs’’ and
determines the volume of each disk as the product of the
disk’s area and its height (Fig. 12). The disk volumes are
then summed and the resulting end-systolic and end-
diastolic values used to calculate the EF. This process is
represented by the following equation in which V is the
ventricular volume, a and b are the two perpendicular
diameters of each ‘‘disc,’’ L is the length of the long axis of
the left ventricle, and n is the total number of ‘‘discs’’:

V ¼
p
4

X

n

i¼ 1

a � b
L

n
:

9. THE DOPPLER EXAM

The addition of a complete Doppler exam, including PW,
CW, and color Doppler recordings, complements the 2-D
exam by providing useful information about normal and
abnormal blood flow patterns, intracardiac pressure gra-
dients, the presence and severity of valvular regurgitation
and stenosis, and the diastolic properties of the heart,
among other things.

The ability to measure intracardiac pressure gradients
is an indispensable tool that Doppler interrogation pro-
vides. Fluid dynamics dictates that at any point in the
cardiovascular system where a narrowing exists, blood
flow velocity must increase in order to conserve flow. The
increase in flow velocity is directly related to the degree of
stenosis, such that the smaller the orifice, the faster the
velocity. It is also known that the velocity of blood flow
across a narrow opening is related to the pressure gradi-
ent across this narrowing. This relationship is described
by the simplified Bernoulli equation in which DP is the
pressure gradient and v is the instantaneous velocity of
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blood flow (Fig. 13) (12):

DP¼ 4v2:

A more complex Bernoulli equation exists, which takes
into account convective acceleration and viscous friction
(see Fig. 13) (12). As these forces are fairly weak in most
biological systems, they can be ignored, resulting in the
simplified equation seen above. As the velocities measured
by Doppler echo are instantaneous determinations, the
pressure gradients derived from these results are, simi-
larly, instantaneous gradients. The ability to measure
velocities noninvasively and easily convert them to pres-
sure gradients is an incredibly powerful tool, especially
because these results are highly accurate. Such measure-
ments compare favorably with those obtained from inva-
sive catheterization of the heart, and in some cases are
actually more reliable, despite being less invasive.

An example of this technique comes from the measure-
ment of pulmonary artery pressures, which otherwise
requires the insertion of a Swan–Ganz catheter through

the right heart and into the pulmonary artery. The
velocity of the jet of tricuspid regurgitation is related by
the Bernoulli equation to the instantaneous pressure
gradient between the right ventricle and the right atrium
during ventricular systole. The result of adding the esti-
mated right atrial pressure to the pressure difference
between the right atrium and the right ventricle is the
absolute right ventricular systolic pressure, which is the
same as the pulmonary artery systolic pressure because
the right ventricle and the pulmonary artery act as one
chamber while the pulmonic valve is open during systole
(15,16). Pulmonary artery pressure is an important in-
dicator of disease severity in conditions such as congenital
heart disease, intracardiac shunts, heart failure, and
primary lung disease. Similar techniques can be used to
quantify shunt severity and the degree of valvular steno-
sis, among other things.

One of the great benefits of Doppler imaging is the
ability to derive the volume of blood flow noninvasively.
Doppler profile recordings are an accurate measure of
blood flow velocity at a specific point in the body. When
coupled with the measured or calculated cross-sectional

Figure 12. An example of using Simpson’s Rule to estimate the left ventricular volume and
function. Shown are two orthogonal views of the left ventricle, the endocardial borders of which
have been manually traced. Software then automatically determines the long axis of the ventricle
and divides the resulting truncated ellipsoid into 20 discs of equal height. The two views are used
to determine the major and minor axis for each of the 20 discs. By calculating the volume of each
disc and adding the volumes of all 20, the total ventricular volume is obtained. As this method
assumes the ventricle is bullet-shaped, it may incorrectly estimate the true volume, especially in
diseased ventricles with irregular and unpredictable geometry.
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area of the chamber at this same point, flow volumes can
be easily calculated. This technique can be used to calcu-
late the true forward stroke volume and cardiac output
(17). By tracing a Doppler velocity profile and integrating
the velocities over the total time of the given profile, a
time-velocity integral (TVI) can be determined (Fig. 14).
This value is used in the calculation of flow. For example,
with each beat, the left ventricle ejects a volume of blood
into the roughly cylindrical aorta. The area of the base of
this cylinder can be estimated by directly measuring the
left ventricular outflow tract (LVOT) diameter and calcu-
lating its cross-sectional area. The height is the distance
that the average blood cell traveled during that beat. This
distance comes from the integral of the systolic Doppler
velocity-time curve (TVI), because velocity is the first
derivative of distance. The final volume of the cylinder of
ejected blood is reached by multiplying the cross-sectional
area (CSA) of the LVOT (the base) by the height (TVI). The
resulting SV is multiplied by the heart rate to get the
cardiac output:

CSA¼ pr2;

SV¼CSA � TVI;

SV � HR¼CO:

This type of calculation can be made anywhere in the
heart where the cross-sectional area and the TVI can be
reliably measured. Although the LVOT is the most com-
mon location, this calculation can also be performed using
similar measurements at the mitral, tricuspid, and pul-
monic valves.

Similar Doppler techniques can be used to assess the
severity of valvular regurgitation. The most straightfor-
ward manner to do this assessment is through color
Doppler interrogation of the valve. Both small amounts
of normal physiologic regurgitation and more significant
amounts of pathologic valvular regurgitation are easily
recognized using color Doppler. The size of this color jet

Figure 13. The Bernoulli equation can be
used to calculate a pressure gradient across
an obstruction. The Bernoulli equation in-
cludes components for convective accelera-
tion, flow acceleration, and viscous friction.
As convective acceleration and viscous fric-
tion are usually fairly weak forces in most
biologic systems, these components can be
removed from the equation, which reduces
it to P1 � P2¼4ðV2

2 �V2
1Þ. In the absence of a

significant V1 velocity, the equation can
further be simplified to DP¼4V2. P1¼pres-
sure proximal to an obstruction; P2¼pres-
sure distal to an obstruction; V1¼ velocity
proximal to an obstruction; V2¼Doppler ve-
locity distal to an obstruction (12).

Figure 14. An example of a time-velocity integral (TVI). The TVI
is obtained by tracing a Doppler velocity profile (dotted line) and
integrating the velocities over the total time of the given profile.
The TVI is a measure of the average distance that a blood cell in
the region of interest moves over the time measured and is
displayed in units of cm/s.
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provides a mostly qualitative assessment of the severity of
regurgitation. This method has very high sensitivity
(B90%) and specificity (B99%) for the detection of valv-
ular regurgitation. When regurgitant jets are highly ec-
centric, they are often underestimated by this method
because the jet exits the imaging plane and is incomple-
tely evaluated.

Another method for assessing the degree of valvular
regurgitation is performed by estimating the regurgitant
fraction, which describes the portion of the total stroke
volume that is ejected backward across an incompetent
valve. The total stroke volume is equal to the forward
stroke volume plus the regurgitant stroke volume. The
total stroke volume is also equal to the amount of blood
moving antegrade across a regurgitant valve with each
beat, as it should equal the total amount of blood that was
displaced from a given chamber on the previous beat.
Antegrade flow is calculated from the Doppler-derived TVI
of this flow times the cross-sectional area of the orifice
across which this flow occurs. Forward stroke volume is
then calculated in a similar manner from the antegrade
flow across a different (and nonregurgitant) valve. Then,
by using the equation below, the regurgitant stroke vo-
lume and regurgitant fraction can be easily calculated to
quantify the severity of regurgitation. For the case of
mitral regurgitation, the equations would be as follows
(Fig. 15):

SVtotal¼CSAmitral valve inflow�VTImitral valve inflow;

SVforward¼CSALVOT�TVILVOT;

SVregurgitant¼SVtotal � SVforward;

regurgitant fraction¼SVregurgitant=SVtotal:

When the severity of a regurgitant lesion is unclear
based on color Doppler visual estimation alone, another
quantitation method, called the PISA, or proximal isove-
locity surface area, method can provide a more quantita-
tive evaluation of regurgitation. This method is based on

the principle of conservation of mass, because the blood
flow approaching the valve equals the amount of regur-
gitant flow at the valve itself. Flow volume is equal to the
flow velocity times the area over which this velocity
occurs. It is known that as blood moves from a larger to
a smaller chamber, the blood accelerates to maintain
overall flow. For a circular orifice, such as a regurgitant
valve, the blood should approach the valve from all direc-
tions as it accelerates to cross this narrow opening,
resulting in concentric hemispheric isovelocity ‘‘shells,’’
the velocity of which progressively increase as blood
approaches the valve. It is also known that above a certain
velocity the color Doppler will be unable to accurately
measure the velocity and the flow will be encoded with the
color that indicates flow in the opposite direction of the
true flow. Thus, isovelocity shells with colors indicating
increasing velocity are seen until the velocity reaches the
Nyquist limit, at which point the color will abruptly
change to that indicating flow in the opposite direction.
This change allows one to determine the blood velocity at
the exact point where the color changes, because at that
point, the velocity must equal the Nyquist limit. Measur-
ing the radius from the valve to the isovelocity shell where
the aliasing occurs allows one to calculate the surface area
of this isovelocity hemisphere. The product of this surface
area and the velocity (the Nyquist velocity) at this point
gives the volumetric flow at this point:

Flow¼2pr2�VA;

r¼ shell radius; VA ¼Nyquist velocity:

This flow is equal to the regurgitant flow because it is
known that the flow passing through each PISA shell is
identical to the flow that ultimately passes through the
orifice. Dividing this flow by the peak continuous wave
Doppler flow velocity measured across the valve itself
(Vmax) provides an estimate of the size of the opening
through which regurgitation takes place, called the effec-
tive orifice area, or ERO. More severe regurgitation is
indicated by a larger ERO. Multiplying the ERO by the
mitral regurgitant TVI (TVIMR) results in the regurgitant
volume (RV), another measure of regurgitation severity
(Fig. 16) (9,18):

ERO¼Flow=Vmax;

RV¼ERO�TVIMR:

Applying Doppler to the fluid dynamics of the heart
also permits an assessment of the severity of valvular
stenosis. An initial assessment of stenosis severity is
obtained by recording the velocity of blood flow across
the valve. The higher the transvalvular velocity, and thus,
the pressure gradient, the more advanced the stenosis. As
transvalvular gradients can be affected by changes in
hemodynamics, a more exact quantification of the actual
valve area is desirable. The valve area can actually be
calculated fairly simply using the continuity equation.
The example of aortic stenosis will be used for illustration

Figure 15. Calculation of regurgitant fraction for mitral regur-
gitation in this example. With each beat, the volume of blood that
moves out through the aortic valve represents the forward stroke
volume (FSV), whereas the amount of blood that leaks backward
across the mitral valve into the left atrium is the regurgitant
stroke volume (RSV). Each of these amounts can be estimated
using easily obtained Doppler velocity measurements (see text for
details).
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of this method. The continuity equation relies on the fact
that flow across the valve is conserved. In other words,
stroke volume just proximal to the aortic valve and that at
the actual site of valvular stenosis are the equal:

SVsub�aortic¼SVaortic valve:

As it is known that stroke volume is equal to the product
of the time-velocity integral of flow and the cross-sectional
area (CSA) across which it occurs, the equation becomes:

CSAsub�aortic�TVIsub�aortic¼CSAaortic valve�TVIaortic valve:

Solving for aortic valve area (AVA) gives the final
equation:

CSAaortic valve¼ ðCSAsub�aortic�TVIsub�aorticÞ=TVIaortic valve;

or

AVA¼ ðCSAsub�aortic�TVIsub�aorticÞ=TVIaortic valve:

Thus, simply by obtaining the Doppler-derived time-
velocity integral in the left ventricular outflow tract
(LVOT) and at the valve, and by calculating the LVOT
area from the measured LVOT diameter, the exact aortic
valve area can be reliably obtained (19).

A variation on this calculation can be used to determine
the significance of an intracardiac shunt, such as an atrial
septal defect. Normally, pulmonary blood flow is equal to
systemic blood flow. In the presence of an intracardiac
shunt, blood is recirculated, usually from the left heart to
the right, such that pulmonary blood flow exceeds sys-
temic blood flow. The magnitude of this difference indi-
cates the severity of the shunt lesion. By applying our
ability to calculate flow through each ventricle, the ratio of
pulmonary flow (Qp) to systemic blood flow (Qs) can be
calculated. Abbreviations are as follows: right ventricular
outflow tract (RVOT), left ventricular outflow tract

(LVOT), cross-sectional area (CSA).

Qp¼RVOT CSA�RVOT TVI;

Qs¼LVOT CSA�LVOT TVI;

Qp=Qs¼RVOT CSA�RVOT TVI=LVOT CSA�LVOT TVI:

A ratio of 1.5 or higher, indicating that pulmonary blood
flow exceeds systemic by 50% or more, suggests a hemo-
dynamically significant lesion. Despite the fact that many
intracardiac shunts can be visualized well with 2-D color
Doppler, quantification is important because the appear-
ance of a shunt may not correlate with its hemodynamic
impact. In fact, very large shunts may actually be hard to
visualize with color Doppler, because blood does not need
to accelerate when it flows through theses defects and
thus, a turbulent jet may not be detected.

10. NEWER TECHNOLOGIES

10.1. Contrast Echocardiography

Contrast echo takes advantage of the ultrasound proper-
ties of contrast agents or agitated saline, which contains
air microbubbles. Such substances have very high acoustic
reflectivity and are highly visible within the cardiovascu-
lar system. Contrast agents aid in the identification of
intracardiac shunts, evaluation of myocardial perfusion,
identification of unknown structures, and improved visua-
lization of the endocardial border.

The primary goal of injection of agitated saline micro-
bubbles is to document the presence of an intracardiac
shunt, such as an atrial septal defect (ASD) or patent
foramen ovale (PFO). In a normal subject, agitated saline
microbubbles injected into a vein will be seen rapidly
opacifying the right atrium and ventricle. However, their
size (50–300 mm) is too large to pass through the pulmon-
ary microcirculation and, thus, they will not be seen in the
left heart. The presence of a right to left shunt is demon-
strated by the appearance of microbubbles on the left side
of the heart shortly after their appearance on the right
side of the heart. Occasionally, the passage of microbub-

Figure 16. Demonstration of the proximal isovelocity surface
area (PISA) method for determining flow. The figure on the
right of the illustration is a schematized color flow image of
the acceleration of flow toward a regurgitant orifice in a
patient with mitral regurgitation. The boundary between
color shifts represents an aliasing line at which velocity has
exceeded the Nyquist limit (VA), which is displayed on the
color bar (40 cm/sec). The calculations necessary to determine
flow are as noted in the middle panel. For any given aliasing
line, a hemisphere of flow is assumed. The surface area of a
hemisphere is calculated as 2 pr2. Flow at this isovelocity shell
is equal to the product of the surface area times the velocity,
which is determined from the Nyquist limit. As a result of
conservation of mass, flow at the PISA shell must be equal to
the regurgitant flow across the valve. The estimated regur-
gitant orifice (ERO) and regurgitant volume (RV) can then be
easily derived. ERO¼ effective regurgitant orifice; TVI¼ time
velocity integral (9).
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bles to the left side can be caused by pulmonary arter-
ovenous malformations (AVM), which are abnormal pul-
monary vessels that fail to filter the bubbles. Intracardiac
shunts are distinguished from pulmonary AVMs by the
timing with which bubbles appear in the left heart.
Intracardiac lesions deliver bubbles to the left heart
quickly, within one to five beats of their arrival in the
right heart. AVMs generally take greater than five beats
to allow bubbles to cross to the left side (Fig. 17).

The latest generation of commercially available con-
trast agents are generally high-molecular-weight per-
flourocarbon gases encapsulated within tiny albumin
‘‘shells’’ with a size of 3–8 mm (20). As a result of their
size, they pass freely through the pulmonary circulation
after venous injection and, thus, effectively opacify both
the right ventricle and the left ventricle. In patients with
poor quality images, these substances permit reliable
visualization of the endocardial border, which is crucial
for accurate assessment of ventricular function and iden-
tification of regional wall motion abnormalities suggestive
of myocardial ischemia or infarction. Investigators have
shown that up to 75% of echo studies that are nondiag-
nostic because of poor images are converted to diagnostic
studies through the use of contrast agents (21). Addition-
ally, these agents improve the detection of intracardiac
masses, such as tumors or thrombus, that are occasionally
missed on routine imaging, but whose abnormal contour is
well delineated with echo contrast (Fig. 18) (22,23).

Contrast agents can enhance imaging in multiple ways.
Not only are these agents intense echo reflectors, but they
also reflect ultrasound at harmonics of the insonating
ultrasound frequency to a greater degree than the sur-
rounding blood pool or tissue. Tuning the transducer to
receive these harmonic frequencies preferentially results
in an image with contrast specific characteristics. Another
method proposed for contrast-specific imaging involves
the use of two ultrasound pulses that are 1801 out of
phase in rapid succession. The pulses reflected back to the

transducer are summed to give the final signal. If the
pulses are reflected unaltered, as they would from tissue,
their sum would be zero and there would be no signal. If
the pulses interact with contrast bubbles, their phase shift
upon return will deviate from 1801 and their sum will
result in a detectable signal that has preferentially im-
aged contrast-containing structures (24).

An area of active investigation involves the use of these
agents for the assessment of myocardial perfusion. These
techniques assume that microbubble concentration in the
myocardium is proportional to blood flow in that region.
Thus, by demonstrating that an area of myocardium is
relatively less opacified by contrast suggests a significant
limitation of coronary flow in that region. This assessment
can be made by simple visual evaluation or by more
quantitative computer measurements of regional videoin-
tensity over time. The results can be color-coded to
produce a parametric image that indicates which regions
receive relatively less myocardial contrast. Although this
technique is still in development, the ability to accurately
assess myocardial perfusion with a fairly benign venous
injection of contrast would be a significant advance over
the current standards, which require the use of radio-
active agents or intra-arterial injections of potentially
harmful radio-contrast agents (Fig. 19) (25,26).

10.2. Tissue Doppler

Tissue Doppler interrogation is a relatively recent mod-
ification of the original application of Doppler echocardio-
graphy. Traditional Doppler echocardiography uses high-
pass filters to exclude the reflected signals of high-ampli-
tude, low-velocity cardiac structures, such as the ventri-
cular myocardium, which allows an unimpeded view of
low-amplitude, high-frequency structures, namely circu-
lating blood cells. Tissue Doppler imaging refers to the
manipulation of such filters to selectively investigate the
direction, timing, and velocity of myocardial tissue rather
than the blood pool. By placing the Doppler sample

Figure 17. Intravenous injection of agitated
saline bubbles revealing an intracardiac shunt.
The right atrium and ventricle are fully opaci-
fied by tiny air bubbles injected intravenously.
The presence of several bubbles seen in the left
atrium and ventricle (left side of the image)
suggests the presence of a shunt, because the
lung should normally prevent any bubbles from
passing from the right to the left side of the
heart.
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volume over a specific myocardial region, the velocity of
that segment’s motion can be measured. Use of this
technique to interrogate the motion of the mitral valve
annulus allows an assessment of the diastolic properties of
the left ventricle. Normally, the early diastolic velocity of
the annulus exceeds the late diastolic velocity. It has been
shown that patients with abnormal left ventricular re-
laxation or alterations in ventricular compliance, both of
which are markers of disease, will display a reduction in
the early diastolic annular velocity compared with the late
velocity (27,28).

By measuring the direction and velocity of two adjacent
myocardial segments of known separation, tissue Doppler
can estimate myocardial strain. Strain, which is the
change in length corrected for the original length, or the
fractional or percentage change from the original or un-
stressed dimension, reflects the degree of myocardial
deformation over the cardiac cycle, and therefore directly
describes the contraction/relaxation pattern of the myo-
cardium. Strain rate is the rate of this deformation and is
a strong index of left ventricular contractility as well as
relaxation (29–32):

Strain¼ ðl� l0Þ=l0;

Strain Rate¼ ðl� l0Þ=l0 � t;

where l¼ length at a particular stress, l0¼ length at zero
stress, and t¼ time.

10.3. 3-D Echocardiography

Echocardiographers currently use multiple 2-D ‘‘slices’’ of
the heart to mentally construct a 3-D image, which
requires considerable skill and experience and is an im-
perfect science at best. Other 2-D techniques that attempt
to measure ventricular size, shape, and function do so by
applying limited 2-D data to assumed geometric models of
the true ventricular morphology. Such methods are useful,

but fraught with error. These shortcomings of 2-D echo are
being addressed by the ongoing development of 3-D echo-
cardiographic systems. Several methods exist by which 3-
D images can be generated. One approach is to obtain
multiple 2-D images using a device that identifies the 3-D
location of each individual image plane. These images are
then reconstructed via offline analysis to achieve a 3-D
image. As it is more desirable to have real-time images in
which all cardiac structures are imaged simultaneously,
systems have been developed that use a matrix-array
transducer capable of obtaining a 3-D pyramidal volume

Figure 18. Use of intravenous contrast to
identify the presence of a thrombus in the left
ventricle. The left panel shows a noncontrast
image in which the apex of the ventricle is
poorly visualized and no thrombus is seen. The
right panel shows how microbubble contrast
injection opacifies the ventricle and reveals an
apical filling defect that represents a thrombus,
which is especially useful in patients with poor
quality images.

(a) (b)

Figure 19. Evaluation of myocardial perfusion using microbub-
ble contrast. Two views of a left ventricle show that the contrast
has opacified the ventricle and, to a lesser extent, the myocar-
dium. Normally, myocardial enhancement should be relatively
homogenous, but in this case, the arrows reveal an area that
clearly contains less contrast than the rest of the myocardium,
which indicates reduced perfusion to this area, likely because of
coronary artery disease.
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of data over one cardiac cycle rather than assembling
images acquired over multiple cardiac cycles (33). This
system creates 3-D images that are effectively viewed in
real-time. 3-D imaging allows the operator to rotate the
image in any plane to achieve the desired perspective and
even to ‘‘cut away’’ overlying structures so that the
anatomy within may be visualized (Fig. 20). A thorough
3-D understanding of a patient’s anatomy is extremely
useful in situations of congenital heart disease or when
trying to understand complex valvular pathology prior to
surgical repair. The use of 3-D imaging will certainly
continue to move from a research tool to a key element
of the routine echo exam as the techniques and technology
involved are refined further.
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JOSÉ MARÍA FERRERO Jr.
JULIO GOMIS-TENA

Universidad Politécnica de
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1. BASIC CONCEPTS

1.1. Electrical Activity of the Heart

The pumping action of the heart is the result of the
synchronized excitation of cardiac muscle tissue. To en-
able the correct activation of the heart, the cardiac tissue
is comprised of muscle tissue (atrium and ventriculum),
responsible for the heart contraction, and specialized
conducting tissue, responsible for exciting the muscle
with a suitable pattern that ensures the correct function
of the heart. Both kinds of cells (muscle cells and specia-
lized conducting cells) belong to a group of cells denomi-
nated excitable cells. Excitable cells have the property of
developing and propagating electrical impulses referred to
as action potentials.

The electrical activity starts at the sinoatrial (SA) node,
a group of cells situated in the right atrium near the
superior vena cava. The SA node cells have the property of
being automatic (automaticity) (i.e., the SA node sponta-
neously generates action potentials, an activity known as
pacemaker activity). Under normal conditions, the im-
pulse initiated in the SA node spreads throughout atrial
muscle arriving to the atrioventricular (AV) node. From
the AV node, the impulse is then conducted to ventricular
muscle through the His–Purkinje system, a specialized
conducting tissue.

1.2. Cardiac Action Potentials

In cardiac cells, action potentials are generated by the
movement of ions through the cell membrane. Ions,
mainly Naþ , Kþ , and Ca2þ , move across cell membrane
through specific channels forced by voltage and concen-
tration gradients (see Fig. 1a). Ions also move from one cell
to the neighboring cells, through specific high-conduc-
tance channels situated in the intercellular junctions,
enabling the propagation of action potentials in the tissue.

In excitable cardiac cells, the action potential may be
subdivided into five phases (see Fig. 1b). In phase 0, the
depolarization phase, membrane depolarization is gener-
ated because of the activation of an inward current. This
current is mainly carried by Naþ ions (the fast Naþ

current, INa), in cells with rapid depolarization, and by
Ca2þ ions (mainly the Ca2þ current through the L-type
channels, ICaL), in cells with slow depolarization. Then a
brief phase of rapid repolarization appears (phase 1)

because of the activation of a transient outward current
of Kþ (Ito). The action potential continues with a pro-
longed plateau phase (phase 2) in which a delicate balance
of inward currents (mainly ICaL) and outward currents
(mainly the delayed Kþ current, IK) results in a very slow
repolarization. At the beginning of this phase, the ICaL

maintains the plateau; then it slowly declines because L-
type Ca2þ channels inactivate and the delayed Kþ cur-
rent gradually increases, shifting the membrane potential
to repolarization. The inward ICaL plays an important role
in triggering Ca2þ release (Irel) from the sarcoplasmic
reticulum. This release of Ca2þ induces a high transient
peak of [Ca2þ ]i (almost ten-fold under normal conditions,
depending on tissues and species) activating the myofila-
ments, which results in the contraction of the myocyte.
The high [Ca2þ ]i results in the activation of the Ca2þ -
dependent currents in both the cytoplasm and the sarco-
plasmic reticulum. Some of these currents, such as INaCa

(the Naþ -Ca2þ exchanger), IpCa (the Ca2þ pump at the
membrane), and Iup (the Ca2þ pump at the sarcoplasmic
reticulum), are responsible for quickly removing the cyto-
plasmatic Ca2þ in order to recover the resting levels of
Ca2þ concentration in the cytoplasm and in the sarco-
plasmic reticulum. The Naþ -Ca2þ exchanger (with a 3 Na
þ : 1 Ca2þ stoichiometry) presents a direction and magni-
tude both dependent on the membrane potential and on
[Naþ ] and [Ca2þ ]. It becomes an inward current from the
last part of the plateau slowing the following phase (phase
3, the repolarization phase). The transient increment of
[Ca2þ ]i also affects other Ca2þ -dependent membrane
currents such as InsCa (the nonspecific current) and IClCa

(the chloride current).
At the end of the plateau, a large increase of the

outward Kþ currents, because of the activation of the
rectifier potassium current (IK1), induces the fast repolar-
ization characteristic of phase 3. In all excitable cells, the
Naþ -Kþ pump restores the initial Naþ and Kþ intracel-
lular and extracellular concentrations through the com-
bined outward transport of three Naþ ions and the inward
transport of two Kþ ions. After the repolarization phase,
the membrane potential reaches its resting value and its
behavior differs depending on the type of cell (phase 4). In
atrial and ventricular cells (muscle cells), during phase 4
the membrane potential reaches its resting level (resting
potential), which is maintained until an inward current,
usually coming from neighboring cells, carries the mem-
brane to a threshold potential from which a new action
potential is generated (Fig. 1b). However, for cells that
present automaticity, in phase 4 the membrane potential
shows a slow change toward the threshold potential,
diastolic depolarization (Fig. 1c), because of the activation
of a slow inward current (If). In a healthy heart, auto-
maticity is a property of cells in the SA node (natural
pacemaker) and of cells in the AV node, in the His–
Purkinje system and in zones of the atria (subsidiary or
latent pacemakers). Although the ionic movements that
result in an action potential are similar for the different
kinds of tissue, differences in the ionic currents and, in
turn, in the action potential characteristics of cells in each
tissue, are related to the distinct roles of their electrical
activity.
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1.3. Ectopic Activity

The term ectopic activity is used to indicate situations in
which the electrical stimulus originates in a zone of tissue
(ectopic focus) different from the SA node. Two main
mechanisms exist that may induce ectopic activity: auto-
maticity (generally subdivided into normal and abnormal)
and triggered activity (see Fig. 2). Hoffman and Rosen (1)
suggest that these mechanisms are related to cardiac
arrhythmias resulting from abnormal impulse generation.

Ectopic activity caused by normal automaticity appears
in cardiac cells in which the automaticity is an intrinsic
property. In normal situations, the potential pacemaker
activity in the cells of the AV junction and the Purkinje
system is overdrived by the higher spontaneous frequency
of the SA node. However, when the frequency of the SA
node activity decreases below the natural spontaneous
frequency of a subsidiary pacemaker, this latent pace-
maker takes the control of the heart rate and becomes an
ectopic focus (arrow in Fig. 2a). Under several pathological
situations, any cell in the heart, even those that have no
diastolic depolarization as atrial and ventricular cells,
could become abnormally automatic (arrow in Fig. 2b).
In this case, this property is not an intrinsic property, but
the result of important changes in the membrane poten-
tial of cells. Abnormal automaticity may be generated in
any cardiac cell that presents a resting potential less
negative than its normal resting potential (1).

Another mechanism for ectopic activity is known as
triggered activity, which consists of an impulse (or a train
of impulses) provoked by after-depolarizations. After-de-

polarizations are oscillations of membrane potential that
appear after the depolarization phase of an action poten-
tial. Two different types of after-depolarizations exist:
early after-depolarizations (EADs) that occur during the
repolarization of action potential (phases 2 and 3) and
delayed after-depolarizations (DADs) that appear when
the repolarization of action potential is completed (phase
4).

Early after-depolarizations induce a lengthening of the
action potential duration and, under certain conditions,
appear as secondary depolarizations in the repolarization
phase of the action potential (arrow in Fig. 2c). These
secondary depolarizations may induce ectopic action po-
tentials in neighboring regions. On the other hand, DADs
induce oscillations of the action potential near the resting
value (arrow in Fig. 2d). When a DAD is large enough to
reach the threshold potential, a new (ectopic) action
potential is excited (asterisk in Fig. 2d). The main char-
acteristic of the ectopic activity induced by after-depolar-
izations is that a previous action potential is necessary to
trigger an ectopic beat.

2. MECHANISMS OF ECTOPIC ACTIVITY

2.1. Automaticity

The term ‘‘automaticity’’ refers to the spontaneous gen-
eration of action potentials. In healthy situations, auto-
matic action potentials generated in the SA node
propagate through the heart to activate all muscle cells
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Figure 1. (a) Diagram of a cell representing
some mechanisms that permit the movement of
ions. INa, fast sodium current; ICaL, calcium cur-
rent through L-type channels; IK, delayed potas-
sium current; IK1, rectifier potassium current; Ito,
transient outward current; If, pacemaker current;
InsCa, nonspecific current; IClCa, chloride current;
INaK, sodium-potassium pump current; INaCa,
sodium-calcium exchanger current; IpCa, calcium
pump at membrane; Irel, calcium release from the
sarcoplasmic reticulum (SR); Iup, calcium pump
at the sarcoplasmic reticulum. (b) Action poten-
tial of a nonautomatic cell. (c) Action potential of
an automatic cell.
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in a synchronous way, inducing an effective contraction of
the heart. However, in some cases, cells different from
those in the SA node may generate automatic action
potentials and act as an ectopic pacemaker of the heart.
This automaticity is called ‘‘normal’’ when it is the result
of the intrinsic property of automaticity of any group of
cells in the conducting system of the heart. However, it is
called abnormal when it is caused by pathological changes
in the resting membrane potential of any group of cells in
the heart (either muscle cells or cells in the conducting
system).

2.1.1. Causes and Characteristics of Automaticity.
2.1.1.1. Normal Automaticity. Several situations exist

that can set the pacemaker of the heart in some part of the
conducting system other than the SA node (2):

1. (a) The automatic frequency of the SA node de-
creases and turns lower than the automatic fre-
quency of other latent pacemaker cells in the heart
(for instance, under increased activity in the para-
sympathetic nervous system or SA node disease), (b)
a block exists in action potential propagation
through the conducting system, or (c) the latent
pacemaker is surrounded by an area of poor conduc-
tion that provokes the block of impulses coming from
the SA node but not those generated at the latent
pacemaker (unidirectional block). In this last situa-

tion, the subsidiary pacemaker is called a ‘‘protected
ectopic focus’’ or a ‘‘parasystolic focus.’’ When the
tissue around this focus is not refractory, the auto-
matic action potentials may propagate to other
regions of the heart.

2. The intercellular coupling between certain latent
pacemaker cells and their surrounding nonpace-
maker cells decreases, which results in a reduction
in the inhibitory effect of this coupling on the auto-
matic activity of the latent pacemaker cells (for
instance, by fibrosis that can separate myocardial
fibers or by any factor that increases intracellular
Ca2þ , such as digitalis, because intracellular Ca2þ

controls the coupling resistance between myocardial
cells).

3. The automatic activity of latent pacemaker cells is
enhanced (for instance, by sympathetic stimulation,
inhibition of the Naþ -Kþ pump under prolonged
hypoxia or ischemia, or under toxic amounts of
digitalis, a decrease in the extracellular Kþ concen-
tration, or a current flow coming from an adjacent
depolarized ischemic area).

2.1.1.2. Abnormal Automaticity. Abnormal automati-
city (or depolarization-induced automaticity) occurs in
cells whose resting potential has become less negative
than usual. This change in the resting potential can be
induced by a variety of conditions related to cardiac

(a) (b)

(c) (d)

- -

Figure 2. Automaticity (normal and abnor-
mal) and triggered activity induced by early
and delayed after-depolarizations. (a) Normal
automaticity (arrow) developed in a Purkinje
fiber. The first two action potentials are pro-
voked by electrical stimulation. Then, stimu-
lation is stopped and the diastolic
depolarization causes a spontaneous action
potential. (b) Abnormal automaticity observed
in muscle cells (arrow). After the stimulated
first two action potentials, stimulation is
stopped. Between dashed lines, the membrane
potential is depolarized by an inward current.
Spontaneous action potentials are generated.
(c) An early after-depolarization appears dur-
ing the plateau phase of the second stimulated
action potential (arrow). (d) Two delayed after-
depolarizations are shown: The first one does
not reach the threshold potential for activa-
tion (arrow), and the second one reaches the
threshold value developing an ectopic beat
(asterisk).
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disease, such as ischemia or combinations of high extra-
cellular Kþ concentrations and catecholamines (3). An-
other mechanism for changing the resting potential of
cells is based on the flow of ‘‘injury’’ currents between
ischemic regions (where the resting potential of cells is
less negative) and normal regions of cells, provoking a
partial depolarization of normal cells (4). Once the cells
have been depolarized, the development of abnormal
automaticity requires one of the following situations (2):

1. The automatic frequency of the SA node decreases
below the automatic frequency of the abnormal
pacemaker (even transient pauses or occasional
long cycle lengths of the SA node may permit the
generation of one or more ectopic beats), or the
existence of a unidirectional block prevents the
arrival at the abnormal pacemaker of action poten-
tials coming from the SA node.

2. The automatic activity of the abnormal pacemaker
is enhanced, and its frequency turns higher than
that of the SA node (for instance, by sympathetic
stimulation, or by high levels of depolarization,
because it has been observed that the more positive
the membrane potential, the higher the automatic
frequency of the abnormal pacemaker).

Experimentally, abnormal automaticity can be induced
in ventricular muscle cells by interventions that reduce
the outward repolarizing current, such as barium or
aconitine, or by depolarizing currents (3).

2.1.1.3. Overdrive Suppression of Automaticity. The
term ‘‘overdrive suppression’’ refers to the inhibition
caused by the SA node on the latent pacemakers. This
phenomenon explains why, after a pause in the SA node
activity, a latent pacemaker requires a period of time
before reaching its intrinsic automatic frequency. How-
ever, this property is much more important in normal than
in abnormal automaticity, and that is why in abnormal
automaticity transient pauses or occasional long cycle
lengths of the SA node permit the generation of ectopic
beats (this kind of automaticity does not require a quies-
cent period after the pause in SA node activity). The ionic
mechanism that explains this phenomenon will be dis-
cussed below.

2.1.2. Ionic Mechanisms of Automaticity.
2.1.2.1. Normal Automaticity. The normal automatic

activity that develops at an ectopic focus is because of a
spontaneous diastolic depolarization of the membrane
(phase 4 of the action potential), whose ionic mechanism
has been studied most thoroughly in Purkinje fibers. In
these fibers, an inward current mainly carried by Naþ is
activated after repolarization of the action potential (the If

pacemaker current, see Fig. 3b) (5). This current slowly
depolarizes the membrane until the threshold potential
for the fast Naþ inward current (INa) activation is
reached, and an automatic action potential is developed
(see Fig. 3a).

2.1.2.2. Abnormal Automaticity. The ionic mechanism
responsible for this type of automaticity is different from
the mechanism determining normal automaticity, because
in the voltage range at which abnormal automaticity is
generated, the If pacemaker current is inactivated. It has
been suggested (2) that abnormal automaticity is the
result of the activation and deactivation of the delayed
rectifier Kþ current (IK), and the reactivation of either Na
þ or Ca2þ channels (depending on the level of membrane
potential). At the less negative resting membrane poten-
tial, IK is activated generating an outward current that
hyperpolarizes the membrane (making the membrane
potential more negative). Then, at this more negative
potential, IK is deactivated allowing the diastolic depolar-
ization of the membrane. Finally, the reactivation of
inward currents (Naþ or Ca2þ ) may result in the up-
stroke of an abnormally automatic action potential. Other
mechanisms may be involved in the development of ab-
normal automaticity. It has been suggested (6) that, in
some pathologic conditions, the spontaneous diastolic
depolarization leading to abnormal automaticity may be
provoked by an inward current activated by the intracel-
lular Ca2þ released from the sarcoplasmic reticulum (a
similar mechanism to that responsible for the generation
of DADs, which will be discussed later).

2.1.2.3. Overdrive Suppression of Automaticity. In a
healthy heart, the faster automatic frequency of the SA
node activates all latent pacemakers. Being activated at a
frequency higher than its intrinsic frequency, the level of
the intracellular Naþ concentration of a latent pacemaker
cell is higher than that obtained at its intrinsic automatic

(a)

(b)

Figure 3. Spontaneous action potentials (a) and If current (b) in
a Purkinje cell. It is thought that the If pacemaker current is the
main current responsible for the diastolic depolarization of the
membrane and the subsequent generation of automatic action
potentials. The results shown have been obtained using the
DiFrancesco–Nobel model (5) to describe the electrical behavior
of the Purkinje cell.

4 ECTOPIC ACTIVITY



frequency (the amount of Naþ ions that enters per unit
time increases). This higher intracellular Naþ concentra-
tion enhances the activity of the Naþ -Kþ pump, and thus,
increases an outward repolarizing current. When the SA
node activity stops, the latent pacemaker cells require a
period of time to develop automatic activity. During this
period, the intracellular Naþ concentration decreases and
the outward current through the Naþ -Kþ pump is re-
duced, allowing the automatic depolarization of cells.

As abnormal automaticity develops in depolarized cells,
the fast Naþ inward current of these cells is smaller than
that of normally polarized cells, because at less negative
membrane potentials, the Naþ channels are inactivated
(the level of inactivation depends on the level of depolar-
ization). So, less Naþ enters the latent abnormally auto-
matic cells and the enhancement of the activity of the Naþ

-Kþ pump is lower, which explains the lower effect of the
phenomenon of overdrive suppression in abnormal auto-
maticity.

2.2. Early After-Depolarizations

Early after-depolarizations are irregularities of the action
potential that start before the full completion of its
repolarization. Two types of EADs exist: phase 2 EADs,
which develop during the plateau of the action potential
(Fig. 4a) and phase 3 EADs, which develop during the
repolarization of the action potential (Fig. 4b). In some
cases, the net current through the membrane remains
outward and EADs only produce a delay in repolarization
(Fig. 4c). In other cases, the net current becomes inward
and EADs result in a second upstroke of the membrane
potential that may induce a new action potential triggered
by the EAD (ectopic beat). Under certain conditions, EADs
may induce multiple action potentials resulting in a
triggered activity (ectopic activity).

2.2.1. Causes of Early After-Depolarizations. The gen-
eration of EADs is favored by situations that lengthen
the action potential duration, such as conditions that
increase inward currents or decrease outward currents,
and by low stimulation frequencies.

EADs have been generated in vitro under a great
variety of conditions that include different pharmacologic
interventions, low extracellular Kþ concentrations, and
specific electrotonic interactions, among others. Some of
these conditions may be relevant to in situ disease states,

suggesting the link of EADs to different types of arrhyth-
mias.

Most of the pharmacologic interventions associated
with EADs act predominantly through one of the following
mechanisms: reduction in the availability of the Kþ

currents, increase in the availability of the Ca2þ current,
or delay in the inactivation of the Naþ current (9).

The blockade of Kþ currents (IKr and IKs, the rapid and
slow components of the delayed rectifier Kþ current, and
IK1, the inward rectifier Kþ current, among others) pro-
longs the action potential duration and favors the genera-
tion of EADs, which may explain why some proarrhythmic
effects could appear associated to different class IA anti-
arrhythmic drugs (quinidine, disopyramide, and procai-
namide, among others) and class III antiarrhythmic drugs
(sotalol, clofilium, bretylium, N-acetyl procainamide, and
dofetilide, among others) (9–11).

Different experimental studies have shown that the
increment of the Ca2þ current by the action of Ca2þ

agonists also favors the development of EADs. Among
them, EADs have been observed associated to the use of
Bay K 8644, high concentrations of catecholamines, and
isoproterenol (12).

A delay in the inactivation of the Naþ current will
prolong the Naþ inward current into the cell and, in turn,
will increase the action potential duration. It is known
that substances such as aconitine, veratridine, batracho-
toxin, anthopleurin-A, and ATX-II may generate EADs
because of this mechanism (9,11).

Under conditions that may induce EADs (as those
mentioned above), a low extracellular Kþ concentration
facilitates their generation. The reasons that explain why
low extracellular Kþ concentrations favor the develop-
ment of EADs are based on the reduction in the activity of
the Naþ -Kþ pump and the reduction in the permeability
of the membrane to Kþ ions. These mechanisms contri-
bute to the decrement of outward currents during repolar-
ization phases (phases 2 and 3) and facilitate the
generation of EADs.

The development of an EAD in a cardiac cell is the
consequence of a net inward current or of a net outward
current lower than that obtained under normal condi-
tions. This net abnormal current consists of two compo-
nents: the current flowing through the ionic channels of
the membrane and the current flowing through the inter-
cellular junctions between cells, both of which are a
function of membrane potential and time. Any change in

(a) (b) (c)

Figure 4. (a) The normal course of the action potential
is interrupted by the development of an irregularity
during the plateau phase. This irregularity is called a
‘‘phase 2 EAD.’’ (b) An irregularity appears during the
repolarization phase of the action potential. This irre-
gularity is called a ‘‘phase 3 EAD.’’ (c) A delay in
repolarization is induced by the appearance of an
EAD, but the net current remains outward (not shown),
and thus, no secondary depolarization in the action
potential occurs. Results have been obtained with
computer simulation using the Luo–Rudy phase II
model (7,8) for (a), and the DiFrancesco–Noble model
(5) for (b) and (c).

ECTOPIC ACTIVITY 5



the sum of these currents provokes changes in the mem-
brane potential. So, another mechanism of generation of
EADs may be based on the electrotonic interaction be-
tween cells. The electrical contact between normal cells
and damaged cells that are depolarized would provoke the
injection of a depolarizing current (an ‘‘injury’’ current)
into the normal cells, that, if high enough, may drastically
distort the normal repolarization of cells inducing the
appearance of EADs. On the other hand, different studies
have shown that a zone of tissue with conditions to
develop EADs, would do it more likely if this zone is
partially uncoupled from the normal adjacent regions.
These works indicate that the electrotonic interaction
with normal regions may play an important role in favor-
ing or suppressing the generation of EADs (11,13).

2.2.2. Characteristics of Early After-Depolarizations. The
effect of most of the interventions that induce EADs is
favored by the use of low stimulation frequencies. As the
stimulation frequency decreases, action potential duration
increases, which reflects a reduction in the net outward
current, which would promote the development of EADs
and triggered activity. Once a triggered activity is estab-
lished, the number of ectopic impulses increases as the
stimulation frequency is reduced (14).

When an EAD has been generated in a specific area of
the heart by any of the mechanisms described above, it is
important to know how it will influence the rest of the
normal surrounding tissue. If the EAD is able to propa-
gate to the normal cells, it can provoke an ectopic beat that
may trigger certain cardiac arrhythmias.

The characteristics of EADs affect the possibility that
they could be propagated to neighboring cells as ectopic
beats. EADs that appear at more negative membrane
potentials usually have greater amplitudes and faster
upstrokes and may propagate more easily (13,15).

In 1985, Brugada and Wellens (16) studied how EADs
can result in cardiac arrhythmias and suggested that only
phase 3 EADs can really propagate. For phase 2 EADs,
Brugada and Wellens suggested that the delay in repolar-
ization by them induced can provoke conduction blocks or
a phenomenon that they called ‘‘prolonged repolarization-
dependent re-excitation,’’ in which the marked difference
of action potential durations between an area with EADs
and a normal area can result in a current strong enough to
electrotonically depolarize normal cells, inducing an ex-
trasystole. Once the current flow, caused by the difference
in action potential durations between both regions, in-
duces a new action potential in normal cells, this prema-
ture action potential can in turn propagate to the cells
under conditions that favor the development of EADs
(EAD conditions) provoking the generation of a secondary
depolarization in their action potentials. This sequence of
events could be maintained indefinitely. After its repolar-
ization, each action potential in the normal region of cells
would be followed by a new action potential, excited by the
adjacent depolarized area, which in turn would help to
maintain depolarized cells under EAD conditions. In this
phenomenon, the border zone between both regions of
cells plays an important arrhythmogenic role.

Different studies (13,15) suggest that the electrotonic
influences between normal regions of cells and cells under
EAD conditions modulate the characteristics of EADs and,
therefore, influence the likelihood of EAD propagation.
According to this idea, a recent study (13) showed that it is
necessary a certain degree of uncoupling between an area
under EAD conditions and a normal area in order to allow
the propagation of an EAD and the induction of a sub-
sequent ectopic beat in the normal zone. However, if the
uncoupling is too strong, it may avoid the propagation of
normal action potentials. So a critical range of uncoupling
would exist that would allow the propagation of EADs.

Several experimental studies show that EADs gener-
ated in Purkinje fibers propagate to ventricular muscle
inducing ectopic activity. Even more, it has been suggested
that it is the mechanism that may induce the arrhythmia
known as ‘‘torsades de pointes.’’ It is widely agreed that
Purkinje fibers and ventricular muscle cells are connected
through some discrete fixed sites of high resistance (the
Purkinje-ventricular junctions), which partially uncouple
both regions of cells. It has also been experimentally
observed that the conditions that favor the development
of EADs provoke greater effects in Purkinje fibers than in
ventricular muscle cells. Both facts may explain why
EADs could be generated in the Purkinje system and
propagated to the ventricular muscle inducing extrasys-
toles.

Figure 5 provides a description of the mechanisms that
may be involved in the generation of EADs in Purkinje
fibers and their propagation to ventricular muscle. The
results shown are based on the study published in 2000 by
Monserrat et al. (17), and have been obtained using a
mathematical one-dimensional model that simulates a
Purkinje fiber (cells #0–#99) connected to a ventricular
muscle fiber (cells #100–#199). Conditions that favor the
development of EADs are applied to the Purkinje fiber and
consist of an enhancement of the Ca2þ current that
simulates the effect produced by Ca2þ channel openers,
and a partial blockade of the delayed rectifier Kþ current.
It can be observed how a depolarizing phase 3 EAD
induces a triggered action potential in a specific cell of
the Purkinje fiber (cell #49, arrow 1 in Fig. 5) and
propagates to the ventricular muscle fiber as an ectopic
beat (arrow 2 in Fig. 5). Besides, the phase 3 EAD is
electrotonically propagated toward cell #0, provoking ir-
regularities in the action potential of Purkinje cells (arrow
3 in Fig. 5) and lengthening the action potential duration
of these cells.

Previous experimental works (18) have also suggested
that the origin of certain triggered activity could be
situated near the Purkinje-ventricular junction. In these
studies, triggered action potentials generated at the junc-
tion also propagated back to Purkinje cells as irregula-
rities in the action potential.

2.2.3. Ionic Mechanisms of Early After-Depolariza-
tions. The mechanisms responsible for the development
of EADs are not completely clarified. The great variety of
conditions that induce the generation of EADs suggests
that the mechanism is not unique. In general, different
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experimental conditions determine the specific currents
that provoke EADs.

Experimental and theoretical studies show that EADs
that appear during the plateau phase (phase 2 EADs) are
likely induced by a secondary activation of L-type Ca2þ

channels (10–13). In 1989, January and Riddle (12) sug-
gested the existence of two stages in the generation of
phase 2 EADs. Although their studies were based on the
induction of EADs with Bay K 8644 (this agent acts
specifically on the L-type Ca2þ channel), they suggested
the possibility that the same two-staged process could
explain the generation of phase 2 EADs induced by any
other mechanism (several later works have confirmed this
hypothesis). Phase 2 EAD development would consist of:

- An initial or conditioning stage controlled by the sum
of the ionic currents flowing through the membrane
during the action potential plateau. Little changes in
any of these currents may determine whether the
EAD will be induced. This phase is characterized by
the generation of a prolonged action potential plateau
with a lower slope during the range of membrane
potentials in which the second stage would take place
(see arrow 1 in Fig. 6a). Recent works (19) suggest
that, in many cases, Ca2þ -dependent mechanisms,
similar to those responsible for the generation of
DADs (these mechanisms will be discussed later)
may play a relevant role in this conditioning stage.

- Recovery from inactivation and reactivation of an
inward current possibly through the L-type Ca2þ

channels (see arrow 2 in Fig. 6b). The recovery from
inactivation of the Ca2þ current through the L-type
channels (ICaL) is slow at plateau membrane poten-
tials. Thus, the interventions that delay action po-
tential repolarization, in the range of potentials
during which an EAD may be generated, increase

the recovery of the channels and favor the develop-
ment of EADs.

In other experimental interventions, for instance, those
that delay the inactivation of the Naþ channel (use of
ATX-II and anthopleurin-A, among others), Naþ is the
main charge carrier responsible both for the prolongation
of action potential duration and for the depolarizing stage
of EADs. In these interventions, the delay in the inactiva-
tion of the Naþ channel supplies a persistent inward
current during the action potential plateau and, as a
result, EADs are generated by a balance between an
inward time-dependent Naþ current markedly prolonged
and outward Kþ currents that activate during action
potential plateau.

Phase 3 EADs often require stronger experimental
interventions than phase 2 EADs to be induced (higher
cesium concentrations, lower extracellular Kþ concentra-
tions, lower stimulation frequencies, etc.). The cellular
mechanism responsible for this type of EAD is less clear
than that of phase 2 EADs, because more available
currents exist that may take part in their development
in the range of membrane potentials during which these
EADs generate. Different studies suggest that the reacti-
vation of the Naþ current play an important role in the
generation of phase 3 EADs (17,20). On the other hand,
under certain experimental conditions, an inward current
through the Naþ -Ca2þ exchanger is responsible for phase
3 EADs (21). As an example, Fig. 6c shows an action
potential with a phase 3 EAD induced by the reactivation
of the fast Naþ current (arrow 3 in Fig. 6d).

2.3. Delayed After-Depolarizations

DADs are deflections of membrane potential that occur
when the repolarization phase of the action potential has

Figure 5. (a) One-dimensional model of a Purkinje
fiber (cells #0–#99) connected to a ventricular mus-
cle fiber (cells #100–#199) by a resistance Rx that
simulates the Purkinje-ventricular junction. The
electrical behavior of Purkinje cells is described by
the set of equations that constitute the mathemati-
cal DiFrancesco–Noble model (5), whereas the elec-
trical behavior of ventricular muscle cells is
represented by the mathematical Luo–Rudy phase
II model (7,8). Stimulus is applied to cell #0. (b)
Action potential of cells #9, #49, and #149. (c) Time-
aligned action potentials of cells in (b) around the
instant when the phase 3 EAD is generated. The
sequence of events can be checked: First, a phase 3
EAD generates at cell #49 (1), and then this EAD
propagates to ventricular muscle cells as an ectopic
beat (2), and backwards to cell #0 as a depolarizing
irregularity in the action potential (3). See text for
more details.

ECTOPIC ACTIVITY 7



been completed. In Fig. 7, two possible situations pro-
voked by DADs are shown. Sometimes, the amplitude of
the DAD (indicated by an arrow in Fig. 7a) is not enough
to induce a new action potential, and the membrane
potential returns to the resting values after a few milli-
seconds. In this situation, no ectopic action potential is
induced. However, when DADs reach the threshold poten-
tial, the resulting action potential is known as a ‘‘triggered
pulse.’’ On some occasions, after-depolarizations lead to
repetitive action potentials inducing a train of triggered
pulses (indicated by arrows in Fig. 7b), and ectopic activity
is provoked. The characteristics of DADs, such as ampli-
tude and coupling interval (CI, interval from the upstroke
of the action potential to the DAD), among others, are

related to the likelihood of triggered activity induction.
These characteristics depend on the properties of the
previous action potentials.

DADs are provoked by the reactivation of a transient
inward current (Iti), whose resulting influx of ions into the
cell is responsible for the oscillation of the membrane
potential. This Iti reactivation is usually related to an
abnormal transient increment of intracellular Ca2þ con-
centration [Ca2þ ]i.

2.3.1. Causes of Delayed After-Depolarizations. DADs
have been usually observed in situations where the rest-
ing concentration of intracellular Ca2þ ions in the cyto-
plasm and in the sarcoplasmic reticulum are abnormally
high (‘‘Ca2þ overload’’ situations). Experimental condi-
tions that lead to Ca2þ overload, and are related to DADs,
are digitalis toxicity and the release of catecholamines,
among others (11). DADs and triggered activity induced
by catecholamines and by toxic concentrations of digitalis
have been observed in atrial muscle, ventricular muscle,
and Purkinje fibers. A toxic concentration of digitalis
provokes the inhibition of the Naþ -Kþ pump. If the Na
þ -Kþ pump is inhibited, it will not be possible to restore
the intracellular concentration of Naþ in each beat, and
an increment of intracellular Naþ concentration will
result. The high intracellular Naþ concentration reduces
the capacity of the Naþ -Ca2þ exchanger and results in an
elevation of Ca2þ concentration in the cytoplasm (22) and,
in turn, in the sarcoplasmic reticulum during the diastolic
phase. Different agents that block Naþ currents, such as
lidocaine and quinidine, among others, reduce the intra-
cellular Naþ concentration and, in turn, decrease the
intracellular Ca2þ concentration and suppress DADs
and triggered activity (23).

The presence of catecholamines is another important
cause of DADs and triggered activity. In the heart, cate-

(a) (c)

(b) (d)

Figure 6. Action potential (a) and Ca2þ cur-
rent through the L-type channels (b) in a
ventricular muscle cell under normal condi-
tions (dashed lines) and under conditions that
provoke the development of a phase 2 EAD
(solid lines). Arrow 1 indicates the delay in
repolarization previous to the secondary depo-
larization of the membrane potential. Arrow 2
shows the reactivation of the Ca2þ current
through the L-type channels responsible for
the secondary depolarization of the membrane
potential. (c) and (d) Action potential and fast
Naþ current, respectively, in a Purkinje fiber
under normal conditions (dashed lines), and
under conditions that favor the development of
EADs (solid lines). For normal conditions, a
second automatic action potential is gener-
ated. Arrow 3 indicates the reactivation of
the fast Naþ current responsible for the devel-
opment of the phase 3 EAD. Results have been
obtained with computer simulation using the
Luo–Rudy phase II model (7,8) for (a) and (b)
and the DiFrancesco–Noble model (5) for (c)
and (d).

(a)

(b)

Figure 7. A stimulated action potential followed by: (a) a single
DAD (arrow), and (b) triggered activity induced by DADs (ar-
rows).
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cholamines are associated with the b-adrenergic stimula-
tion produced by the sympathetic activation of the nervous
system. Under situations of sympathetic activation, car-
diac arrhythmias with properties of triggered activity
have been recorded. DADs linked to the release of cate-
cholamines may induce some arrhythmias during exercise
and some arrhythmias in situations of ischemia and
infarction. Catecholamines may induce DADs and trig-
gered activity by enhancing the Ca2þ current through the
L-type channels, which lead to an increase of the intra-
cellular Ca2þ concentration at the cytoplasm and at the
sarcoplasmic reticulum. Catecholamines may also in-
crease the uptake of Ca2þ ions by the sarcoplasmic
reticulum favoring the Ca2þ overload conditions. Agents
that reduce the entrance of Ca2þ through the L-type
channels, such as Ca2þ channel blockers as verapamil
and diltiazem, among others, effectively suppress DADs
and triggered activity (23). Substances that affect the
release of Ca2þ from the sarcoplasmic reticulum also
have a great influence on DADs. Thus, caffeine enhances
DADs by increasing the Ca2þ release, whereas ryanodine
suppresses DADs by blocking the Ca2þ release (24).

2.3.2. Characteristics of Delayed After-Depolarization-
s. It has been indicated that the characteristics of DADs
are related to the probability of triggered action potential
induction. On the other hand, the electrophysiologic prop-
erties of previous action potentials influence the charac-
teristics of DADs. It is known that DADs depend on the
magnitude and duration of the previous action potential.
Experimental voltage-clamp studies have shown that the
increment of the voltage and duration of pulses is related
to the increase of the Iti amplitude (25). These results
suggest that action potentials with higher amplitude and
duration may induce DADs with higher amplitude. Ac-
cording to this idea, in Purkinje fibers exposed to digitalis,
the recorded amplitudes of DADs were lower in the area of
tissue where the duration of action potentials were shorter
(10). DADs also depend on the level of membrane potential
at which the DAD appears. In the digitalis-Purkinje
experimental setup, a range of membrane resting poten-
tials (between –75 mV and –80 mV) has been observed in
which the amplitude of DADs presents the highest values
(26). For membrane potential values out of this range (in
the depolarization or hyperpolarization direction), DADs
present lower amplitudes. On the other hand, it has been
proposed that injury currents, which appear because of
differences in membrane potential between ischemic and
normoxic tissues, in combination with the depolarized
resting membrane potential, could favor (depending on
the potential of the ischemic region) the increment of
DADs amplitude and, in turn, result in triggered activity
(27).

DADs are not only influenced by the previous action
potential, but also the properties of the repetitive activa-
tion of action potentials in the instants before the devel-
opment of DADs play an important role on the
characteristics of these DADs. For instance, the amplitude
of DADs is influenced by the number of previous action
potentials. After a pause, the first action potential might
induce a DAD with a small amplitude. However, when the

stimulation continues, the amplitude of the DAD in-
creases. The amplitude and the coupling interval (CI) of
DADs are also dependent on the stimulation frequency of
the preceding action potentials. In experimental condi-
tions where usually one DAD appears, high stimulation
frequencies favor the increment of the DAD amplitude,
and increase the likelihood of triggered activity. When two
or more after-depolarizations occur, the relationship be-
tween the stimulation frequency and the DADs amplitude
is more complex. As stimulation frequency increases, the
amplitude of the first after-depolarization also increases,
reaching a maximum value and then decreasing. How-
ever, the amplitude of the second after-depolarization
continuously increases when the stimulation frequency
is enhanced (10). This behavior indicates that faster
stimulation rates favor DADs to reach the threshold
potential (as their amplitude is increased) and generate
triggered activity. The coupling interval at which the
premature triggered beat appears (CI) decreases when
the stimulation frequency increases. It has also been
observed in Purkinje fibers that the frequency of triggered
activity depends on the frequency of previous action
potentials. Thus, when the stimulation frequency in-
creases, the frequency of triggered activity also increases
(10). In Fig. 8, the effects of increasing the stimulation
frequency on the amplitude and coupling interval of the
first DAD and on the triggered activity frequency can be
seen. At a stimulation frequency of 1 Hz, a DAD appears
when stimuli are stopped. When the stimulation fre-
quency is increased up to 2 Hz, DADs reach the threshold
potential for activation, inducing triggered action poten-
tials (ectopic activity). For a higher stimulation frequency
(3 Hz), spontaneous action potentials present a higher
frequency. On the top-right corner, the coupling interval
(between the last paced action potential and the first
DAD) is seen to decrease as the stimulation frequency
increases. A sharp increment of the stimulation frequency
by a single action potential, as occurs when a premature
impulse appears, also leads to DADs with higher ampli-
tudes. The shortening of the interval between the pre-
mature beat and the previous beat leads to an increase in
the after-depolarization amplitude and, eventually, to the
induction of triggered activity. The mechanisms that ex-
plain the effect of previous action potential characteristics
on the amplitude of DADs are not well understood, but
might be related to the influence of membrane potential on
the characteristics of Iti, and on the Ca2þ dynamics inside
the cell.

2.3.3. Ionic Mechanisms of Delayed After-Depolariza-
tions. Figure 9 shows two diagrams of a cell: The first
one (Fig. 9a) represents the phenomena related to Ca2þ

that occurs during a normal AP, and the second one (Fig.
9b) represents the ionic mechanisms possibly related to
the generation of DADs.

In a normal situation (Fig. 9a), the intracellular Ca2þ

concentration in the cytoplasm [Ca2þ ]i at the resting
potential is low (approximately 120 nM/L in guinea pig
ventricular cells). During the first phase of the action
potential, the influx of Ca2þ ions into the cell through the
L-type Ca2þ channels (ICaL) triggers the release of Ca2þ
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(Irel). This release of Ca2þ induces a high transient peak of
[Ca2þ ]i that results in the increment of the Ca2þ -depen-
dent currents, such as INaCa, IpCa, and Iup, responsible for
quickly removing the cytoplasmatic Ca2þ in order to
recover the resting levels of Ca2þ concentration in the
cytoplasm and in the sarcoplasmic reticulum.

Some pro-arrhythmic conditions (Ca2þ overload) pro-
voke the increment of the resting Ca2þ concentration at
the cytoplasm [Ca2þ ]i and, in turn, an elevated resting
concentration of Ca2þ at the sarcoplasmic reticulum (in
the network [Ca2þ ]NSR and in the junction [Ca2þ ]JSR), see
Fig. 9b. Under this Ca2þ overload condition, a sponta-
neous Ca2þ release from the sarcoplasmic reticulum
(spontaneous activation of Irel) has been observed after
repolarization is completed (29), which, in turn, activates
a transient inward Ca2þ -dependent membrane current
(Iti) that is responsible for the generation of DADs. The
advance of image techniques, especially fluorescence ima-
ging and confocal microscopy techniques, has resulted in
additional insight into Ca2þ dynamics inside the cell.
With these techniques, it has been observed that, gener-
ally, the spontaneous Ca2þ release is a local phenomenon,
which induces the increment of [Ca2þ ]i in a restricted
zone of the cell that propagates as a Ca2þ wave through
the cell at a velocity of approximately 65 mm/s (30). Spon-
taneous Ca2þ release from the sarcoplasmic reticulum
and subsequent Ca2þ wave have been recorded in mam-
malian cells, including ventricular, atrial, and Purkinje
fibers.

Although the specific membrane currents involved in
the Iti are controversial, three membrane currents exist
that might compose the Iti (Fig. 9b): the Naþ -Ca2þ

exchanger current (INaCa), the nonspecific Ca2þ -depen-
dent current (InsCa), and the Ca2þ -dependent chloride
current (IClCa) (31). In fact, different studies have sug-
gested that the contributions of mentioned currents on the

Iti and, in turn, on DADs, may depend on the species and
tissues (32).

The Naþ -Ca2þ exchanger current, INaCa, is the main
mechanism for the extrusion of Ca2þ ions out of the cell.
An elevation of intracellular Ca2þ concentration enhances
the capacity of the Naþ -Ca2þ exchanger and, in turn,
increases the inward INaCa current.

The nonspecific Ca2þ -dependent current, InsCa, is
transported equally by Naþ and Kþ ions and is almost
impermeable to Ca2þ ions. The current is almost negli-
gible under normal values of intracellular Ca2þ concen-
tration, but its amplitude becomes significant when the
intracellular Ca2þ concentration increases (Ca2þ over-
load conditions). The reversal potential of this current is
approximately 0 mV. Therefore, for positive values of
membrane potential (at the action potential plateau), the
current is outward, but it becomes inward when the
membrane potential is in the resting level (phase during
which a DAD may be induced). The real contribution of
InsCa to Iti is still controversial. Recent works suggest that
no relation exists between them (31).

The Ca2þ -dependent chloride current, IClCa, has been
recorded in some species as dog and rabbit, among others.
It is a component of the transient outward current (Ito)
transported by chloride ions, which presents a strong
dependency on intracellular Ca2þ concentration. Under
normal conditions, it is an outward current activated by
the transient increment of [Ca2þ ]i, which appears during
the plateau phase of the action potential (33). However, it
has been experimentally recorded that for negative mem-
brane potentials, the increase of [Ca2þ ]i, caused by the
spontaneous release of Ca2þ , may activate IClCa resulting
in an inward current to the cell. Regarding this fact,
different studies suggest that IClCa might contribute to Iti

(33).

Figure 8. The LMCG rabbit atrial cell model (28)
has been used to show the influence of the stimu-
lation frequency on the characteristics of DADs.
The cell model is paced ten times and then the
stimulation is stopped. Only the last two stimu-
lated action potentials and the subsequent trig-
gered activity (arrows) are shown. On the top-
right corner, the effect of stimulation frequency on
the coupling interval between the last paced ac-
tion potential and the first DAD is shown.
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In Fig. 10, the activation of the transient inward
current Iti is shown for a rabbit atrial cell model under Ca2

þ overload conditions. It is known that, in this type of cell,
the Ca2þ -dependent chloride current, IClCa, is a compo-
nent of the Iti. Incrementing the extracellular Ca2þ con-
centration [Ca2þ ]o to 4 mM and pacing the cell by a train
of stimuli at a frequency of 180 beats/min (Fig. 10a),
elevations in the levels of Ca2þ concentration in both
cytoplasm, [Ca2þ ]i (Fig. 10d), and in the junctions of the
sarcoplasmic reticulum, [Ca2þ ]JSR (Fig. 10e), are ob-
tained. After ten beats, the pacing is terminated and, as
a consequence of the high resting levels of Ca2þ concen-
tration, spontaneous releases of Ca2þ from the sarcoplas-
mic reticulum produce a transient nonstimulated
increment of Ca2þ concentration in cytoplasm [Ca2þ ]i
(dashed lines in Figs. 10d and 10e). The increase of [Ca2

þ ]i causes the activation of the Naþ -Ca2þ exchanger and
of Ca2þ -dependent chloride channels provoking an in-
ward current [see panels (b) and (c) in Fig. 10]. The
increment of positive ions in the cell is clearly responsible
for the DADs in membrane potential (Fig. 10a).

3. ECTOPIC ACTIVITY AND CARDIAC ARRHYTHMIAS

3.1. Cardiac Arrhythmias

Cardiac arrhythmias can be classified according to differ-
ent criteria, such as the mechanisms responsible for their
generation or the involved cardiac structures. The differ-
ent mechanisms that result in cardiac rhythm distur-
bances include the abnormal generation of impulses and
alterations in the impulse conduction. Impulses can be
abnormally generated by enhanced normal automaticity,
abnormal automaticity, and triggered activity because of
EADS or DADs; abnormal impulse conduction may result
from different forms of re-entry. From an anatomical point
of view, arrhythmias can be classified as supraventricular,
when the involved cardiac areas are above the bundle of
His branches, and as ventricular, when the involved areas
are below the bundle of His. Among supraventricular
arrhythmias, atrial tachycardias, in their turn, may be
classified as focal (the rhythm originates from a focus and
spreads centrifugally) and macrore-entrant tachycardias,
as the atrial flutter or the incisional re-entry tachycardias
around scars in the atrium (34). On some occasions, atrial

(a)

(b)

Figure 9. Diagram of Ca2þ dynamics and the currents
associated with DADs in both normal situations (a) and
under Ca2þ overload conditions (b).
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fibrillation, whose mechanism has not been completely
clarified yet, is focally triggered and, in these cases, the
most common anatomical source are the pulmonary veins
and, much less frequently, the coronary sinus or the
superior vena cava (35,36). The exact mechanism of this
focal activity remains to be elucidated (depolarizations
because of abnormal automaticity, triggered activity, or
microre-entry). Ventricular tachycardias can also origi-
nate from re-entry (for instance, the monomorphic tachy-
cardias that occur in the chronic phase after a myocardial
infarction), but forms also exist, such as the polymorphic
tachycardias like ‘‘torsades de pointes’’, that originate
from different mechanisms that involve the development
of after-depolarizations.

3.1.1. Mechanisms of Cardiac Arrhythmias. Certain ar-
rhythmias are the result of an enhancement of normal
automaticity, for instance, the sinus tachycardia that
appears during exercise or fever, or the substitution of
the sinus pacemaker for the automatic activity of nodal or
His–Purkinje cells. This activity is reduced in response to
overdrive stimulation. Abnormal automaticity causes ar-
rhythmias because of the spontaneous depolarization of
cardiac cells resulting from the activation of ionic currents
that do not usually contribute to cellular depolarization.
This kind of arrhythmia appears in situations in which an
elevated extracellular concentration of potassium or low
intracellular pH exists, as occurs during myocardial ische-
mia. Their response to overdrive stimulation is very
limited. Triggered activity is another mechanism involved
in the appearance of cardiac arrhythmias and consists of
the generation of impulses that depend on EADs or DADs.
Some examples of arrhythmias caused by DADs are the
right ventricular outflow tract ventricular tachycardias,
the catecholaminergic polymorphic tachycardia, and other
exercise-induced ventricular tachycardias or the acceler-
ated ventricular rhythms in patients with myocardial
infarction. The monomorphic tachycardias originated
from the right ventricular outflow tract seem to be gener-
ated by triggered activity mediated by catecholamine-
induced DADs because of the oscillatory release of Ca2þ

from the sarcoplasmic reticulum.
On the other hand, EADs are present in long QT

syndromes (LQTS) (in both congenital and acquired
forms) (37,38) in which polymorphic ventricular tachycar-
dias like ‘‘torsades de pointes’’ are responsible for the
appearance of syncopes and cardiac sudden death. In
congenital LQTS, malfunctioning ion channels caused by
mutations in the genes that encode these channels have
been identified. These alterations prolong the repolariza-
tion phase of the action potential and favor the develop-
ment of EADs predominantly in Purkinje fibers. In
acquired forms, different drugs and alterations that pro-
long the QT interval are involved, especially in the pre-
sence of bradycardia, among them, class I and III
antiarrhythmic drugs, hypokalemia, erythromicine, or
cisapride. Drugs and substances that interfere with the
cytochrome P450 can alter the removal of drugs that
prolong the QT interval, and so favor the lengthening of
repolarization and the generation of EADs. The appear-
ance of these after-depolarizations and the spatial disper-
sion of repolarization, which favors the development of re-
entry, initiate polymorphic ventricular tachycardias like
‘‘torsades de pointes’’ (39) (ventricular tachycardias with a
continuously changing morphology of the QRS complexes
that seem to twist around the baseline—see Fig. 11).
These tachycardias produce syncopal attacks and can
degenerate into ventricular fibrillation and the cardiac
sudden death of the patient.

3.1.2. Genetics and Molecular Basis. The congenital
forms of LQTS are caused by mutations in potassium
and sodium cardiac ion channel genes (37,38,40). Several
involved genes have been identified and different forms of
the syndrome exist. Type 1 (LQT1) is the most frequent
form and is caused by a IKs potassium channel gene

(a)

(b)

(c)

(d)

(e)

Figure 10. Ca2þ overload conditions were applied to a rabbit
atrial cell and ten stimuli were applied (only the last seven are
represented). (a) Membrane potential, V. (b) Current through the
Naþ -Ca2þ exchanger, INaCa. (c) Current through Ca2þ -depen-
dent chloride channels, IClCa. (d) Intracellular Ca2þ concentra-
tion, [Ca2þ ]i. (e) Ca2þ concentration in the junctions of the
sarcoplasmic reticulum, [Ca2þ ]JSR. Results have been obtained
with computer simulation using the LMCG model (28).
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mutation (a gene that encodes the alpha subunit for the
slow activating potassium current). Type 2 (LQT2) is
much less frequent and is related to a HERG IKr potas-
sium channel gene mutation (a gene that encodes the
alpha subunit for the rapidly activating potassium cur-
rent). Type 3 (LQT3), less frequent than the others, is
related to a mutation in the cardiac sodium channel gene.
More mutations have been identified and forms exist in
which the genetic alteration responsible for the syndrome
has not been established yet.

In patients with catecholaminergic polymorphic ven-
tricular tachycardias, several mutations affecting the
ryanodine receptor gene have been detected and autoso-
mal dominant and autosomal recessive hereditary pat-
terns have been described (41). The cardiac ryanodine
receptor takes part in the regulation of the intracellular
calcium flux and mutant channels are hypersensitive to
the effects of beta-adrenergic stimulation, provoking an
excessive liberation of Ca2þ from the sarcoplasmic reti-
culum and intracellular Ca2þ overload. In these patients,
it is suggested that DADs and triggered activity may be
involved in the appearance of ventricular arrhythmias. In
recessive forms, mutations in the gene that encodes
calsequestrin, a protein that takes part in the Ca2þ

storage, have been identified.
In the Brugada syndrome (42,43), patients with a

structurally normal heart and a characteristic electrocar-
diographic pattern with right bundle branch block and ST
segment elevation in V1 to V3 develop syncopal attacks
and sudden death because of the development of fast
polymorphic tachycardias or ventricular fibrillation. Sev-
eral mutations in the ion-channel gene SCN5A that en-
codes the cardiac sodium channel have been identified. In
these patients, the myocardial electrical heterogeneity
favors the development of re-entry.

The right ventricle arrhythmogenic dysplasia is a
genetically determined maldevelopment with autosomal
dominant transmission and mutation in genes that encode
proteins that control the development of the right ven-
tricle. These patients present infiltration of the myocar-
dium by fat and a large spectrum of ventricular
arrhythmias originating in the right ventricle and sudden
death (44).

3.2. Recording and Study Methods

3.2.1. Experimental Models. In Purkinje fibers experi-
mental models of LQTS, transmembrane action potential
recordings using microelectrodes have demonstrated the
bradycardia-prolongation of action potential duration and
the presence of oscillations of the membrane potential in
the early and the delayed phase of repolarization. The
great complexity of the mechanisms involved in the in-
itiation and termination of arrhythmias makes it neces-
sary to use high spatial and temporal resolution mapping
techniques for a correct interpretation. The mapping
techniques in the experimental setting may be based on
recordings obtained with multiple extracellular electrodes
or with optical techniques (45,46). The use of tri-dimen-
sional mapping techniques using multiple intramural
electrodes has shown a focal origin of polymorphic ven-
tricular tachycardias and also the re-entrant excitation in
the subsequent beats of these tachycardias in LQTS
experimental models (47). The initial beat of the poly-
morphic ventricular tachycardia occurs as a focal activity
from a subendocardial site, and subsequent beats are
because of successive subendocardial focal activity, re-
entrant excitation, or a combination of both mechanisms.

On the other hand, electroanatomical mapping in the
experimental and clinical settings has shown propagation
maps that help to differentiate macrore-entry tachycar-
dias from focal atrial or ventricular tachycardias,
although extensive mapping is necessary to localize the
source, and, on the other hand, the existence of microre-
entries limits data interpretation. Programmed cardiac
electrical stimulation is used to study the ability to initiate
and terminate the arrhythmias by premature stimuli or
pacing at increasing frequencies. These techniques facil-
itate the characterization of arrhythmias based on re-
entrant mechanisms, because they show specific re-
sponses to extrastimuli as resetting or the entrainment
of a tachycardia. However, some forms of arrhythmias
produced by after-depolarizations present responses to the
premature stimulation that may be similar to those ob-
served in arrhythmias originating from re-entrant me-
chanisms.

3.2.2. Clinical Setting. The assessment of patients with
cardiac arrhythmias is complex. Symptomatic patients

Figure 11. Electrocardiogram showing a poly-
morphic ventricular tachycardia (‘‘torsades de
pointes’’).
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(for instance, patients with palpitations, dizziness, syn-
copes, or resuscitated sudden death) present the problem
of finding the relation between the symptom and certain
cardiac arrhythmias, if these arrhythmias have not been
identified coinciding with the clinical episode. In the case
of having detected a cardiac arrhythmia in asymptomatic
patients during an ordinary check, its clinical significance
has to be clarified. In asymptomatic people that have a
family history of syncopes or sudden death, which may
indicate hereditary disorders as the LQTS, the presence of
the disease has to be discarded or confirmed and the risk
of cardiac sudden death must be established in order to
plan the suitable preventive and therapeutic measures.
The patient history brings valuable information to detect
the presence of structural heart diseases such as the heart
valve diseases, ischemic heart disease, or myocardial
diseases with very frequent arrhythmic episodes. Symp-
toms such as palpitations, dizziness, or syncopes are
relevant and the analysis of the precipitating factors
may provide valuable information. Exercise and physical
stress start the symptoms in the most frequent form of
LQTS (LQT1) (37,40,48) and also in patients with mono-
morphic tachycardias originated from the right ventricu-
lar outflow tract or with catecholaminergic polimorphic
ventricular tachycardia (41). In LQT2, the symptoms are
frequently started by emotional stress and auditory sti-
mulation and can occur during sleep or at rest with LQT3.

Diagnostic tests make it possible to confirm or exclude
the presence of structural heart diseases such as ischemic
heart disease and cardiomyopathies. Besides, their use is
directed to the obtaining of recordings of the cardiac
arrhythmia, the analysis and identification of the involved
mechanisms, and the evaluation of the risk of these
patients. The basal ECG can show the existence of dis-
orders related to the appearance of cardiac arrhythmias.
In the Brugada syndrome, a pattern of right bundle
branch block and persistent ST elevation in leads V1 to
V3 (42) is characteristic. In the LQTS, a lengthening of QT
interval is usual and several electrocardiographic pat-
terns that are more frequent in the different mutations
responsible for the syndrome have been described (37,48).
In LQT1, peaked, broad-based, and asymmetrical T waves
are usual; in LQT2, notched or bifid T waves are more
frequent; and late-onset peaked or biphasic T waves are
characteristic of LQT3. Patients with LQTS develop poly-
morphic ventricular tachycardias like ‘‘torsades de
pointes’’ (see Fig. 12a and b) characterized by twisting of
the QRS axis around the baseline, and in the acquired
forms, the appearance of the arrhythmia is associated
with bradycardia, prominent U waves, and ventricular
ectopic beats.

The ECG during the arrhythmia is characteristic in the
monomorphic tachycardia originated from the right ven-
tricular outflow tract with a left bundle branch block
pattern and a right inferior axis (see Fig. 13). In the
catecholaminergic polymorphic tachycardia, the typical
pattern is a bidirectional tachycardia with 180 degree
alternating QRS axis.

In order to obtain recordings of the arrhythmia and
establish its correlation with the symptoms, it is useful to
make Holter ECG or long-term event recordings that may

also bring information about its relation with the activity
of the autonomic nervous system through the analysis of
heart rate variability. The ambulatory monitoring of the
electrocardiogram reveals useful information on the char-
acteristics of arrhythmias, such as how they initiate or
terminate. In the case of LQTS, it facilitates the identifi-
cation of both the bradycardia, or pause-dependent ‘‘tor-
sades de pointes,’’ and the tachycardia, or adrenergic-
dependent episodes. In the first case, the polymorphic
tachycardias appear in the presence of bradycardia and
in a characteristic way after a ‘‘long-short’’ series of RR

Figure 12. Electrocardiograms showing the lengthening of QT
interval (a) and the repetitive polymorphic tachycardias such as
‘‘torsades de pointes’’ (b) in a patient with acquired long QT
syndrome.

Figure 13. Right ventricular outflow tract ventricular tachycar-
dia showing the left bundle branch block pattern and the right
inferior QRS axis.
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intervals. This sequence is usually composed of a ventri-
cular premature beat that is followed by a pause (long
cycle), and afterwards a ventricular beat (short cycle)
initiating the arrhythmia. In the second case, before the
tachycardia, an acceleration in the cardiac frequency
without the presence of pauses or ‘‘long-short’’ series of
RR is observed.

The exercise stress testing brings information about
the existence of associated pathologies such as ischemic
heart disease, which may be responsible for the develop-
ment of different forms of arrhythmias; but it is also a
useful method to provoke some specific types of arrhyth-
mias clearly related to exercise and physical stress, for
instance, in LQT1, in the catecholaminergic polimorphic
ventricular tachycardia, or in the monomorphic tachycar-
dia originated from the right ventricular outflow tract.

Invasive tests as electrophysiologic studies with pro-
grammed cardiac electric stimulation facilitate the study
of the inducibility of arrhythmias and of the responsible
mechanisms. Patients with right ventricular outflow tract
tachycardias present inducible arrhythmias, whereas the
catecholaminergic polymorphic tachycardias are hardly
induced, although they can be enhanced by the simulta-
neous administration of isoproterenol. Recordings of
monophasic action potentials using special catheter elec-
trodes have also provided useful information to study the
pathogenesis of the arrhythmias in the LQTS, showing the
presence of after-depolarizations and triggered activity.
The use of mapping techniques and special catheters as
circumferential mapping catheters results in a better
delineation of the arrhythmogenic structures, as occurs
with the pulmonary veins in focal atrial fibrillation.

3.3. Management

The management of patients with cardiac arrhythmias
includes behavioral recommendations and the use of
drugs and sophisticated devices as the implantable cardi-
overter-defibrillator (ICD), which is indicated for patients
with high risk of cardiac sudden death. This group in-
cludes those patients successfully resuscitated and those
with a poor control of malignant arrhythmias caused by
genetically determined arrhythmic disorders, but also
(more frequently) by other causes such as ischemic heart
diseases.

The management of arrhythmias originating from
EADs and DADS is difficult and complex because of the
existence of multiple factors that influence the appearance
of after-depolarizations. LQTS treatment is based on, (1)
the use of beta-blockers, (2) pacemakers for prevention of
pauses and bradycardia that are arrhythmogenic, (3) left
cardiac sympathetic denervation if repeated syncopal
attacks are not controlled, and (4) implantable cardiover-
ter-defibrillators to prevent malignant ventricular ta-
chyarrhythmias and sudden death (38,48–50).
Behavioral recommendations in LQTS patients include
the avoidance of competitive sports, especially swimming
and diving in LQT1, and also of drugs that lengthen the
QT interval and hypokalemia.

The beta-blockers are the pharmacologic agents of first
choice in LQT1, although these agents are less useful in

other forms of LQTS. The ICD is clearly indicated in
patients with greater risk of sudden death as patients
resuscitated after cardiac arrest or with frequent syn-
copes, although risk stratification is difficult because
sudden death can occur as a first manifestation (48,50).
In acquired LQTS, treatment is based on the discontinua-
tion of the drug that prolongs the QT, correction of
electrolyte abnormalities and increase of the heart rate
by isoproterenol, atropine, or pacemarkers. The adminis-
tration of intravenous magnesium sulfate can help to
eliminate the tachyarrhythmias.

Response to adenosine of atrial tachycardias secondary
to triggered mechanisms has been described. These tachy-
cardias are transiently suppressed or terminated by this
drug. The right ventricular outflow tract ventricular
tachycardias occur in patients without structural altera-
tions and are inhibited by adenosine, vagal stimulation,
beta-blockers, and calcium channel blockers such as ver-
apamil and diltiazem. Beta-adrenoceptor blocking agents
are also recommended in catecholamine polymorphic ven-
tricular tachycardias (41) and patients with exercise-in-
duced cardiac arrhythmias.

Catheter ablation with radio-frequency currents has
become the treatment of choice for patients with focal
atrial tachycardias, atrial flutter, AV nodal re-entrant
tachycardias, and AV reciprocating tachycardias. Ablation
of focal triggers of atrial fibrillation, once identified (fre-
quently, they are located in pulmonary veins), is a ther-
apeutic choice for this kind of patients (51). The electrical
or anatomical isolation of the pulmonary veins avoids the
induction of new episodes of atrial fibrillation, although
recurrences may occur. The identification of local sources
of ventricular tachycardias makes possible the use of
radio-frequency ablation in selected patients.
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1. INTRODUCTION TO BIOMEDICAL ENGINEERING
EDUCATION

Biomedical Engineering (BME) education is unique; it is
not a traditional education field yet. BME is an interdis-
ciplinary field. BME is the application of engineering and
physical sciences into medicine to understand the medical
problems and to develop new medical technologies. In de-
tail, BME consists of the basic and clinical applications of
biology, chemistry, physics, and mathematics and engi-
neering in medical sciences and life sciences to under-
stand living systems and to provide diagnoses and
treatment methods for medical problems.

BME education and training opportunities exist in ac-
ademia, industry, and government. A formal BME educa-
tion can be obtained in engineering medical schools or
medical schools. The education can be at the undergrad-
uate level (BS), graduate level (MS, PhD, MD), and post-
doctoral level. The degrees granted in BME are Bachelor
of Science (BS), Master of Science (MS), PhD, and medical
doctor (MD). Some academic programs can offer dual doc-
torate (MD/PhD) degrees.

BME departments or programs are housed in engineer-
ing schools, medical schools, graduate schools of health
sciences institutes or centers. BME faculty, administrative
faculty, and researchers mostly have PhD degrees in elec-
tronics and electrical engineering, mechanical engineer-
ing, chemical engineering, material science, physics,
mathematics, chemistry, biology, and computer science.
Currently, a minority of the BME faculty and administra-
tive faculty have their PhD degrees in biomedical engi-
neering, as less formal BME degree programs existed in
the past. Currently, universities granting BME degrees
are increasing. BME is becoming one of the most popular
undergraduate degree programs in the United States.

BME education is a life-long learning experience. For-
mal BME educations at universities are still going
through reforms. The educational delivery methods are
being updated and the international recognition of BME
qualifications and education are still being discussed in
different conferences and meetings.

Based the Engineering Workforce Commission (EWC)
and American Associations for Engineering Societies
(AAES) 5-Year Trend Analysis (1995–2000), although
BME undergraduate enrollment was only 1.6% of the
overall undergraduate engineering enrollment, the under-
graduate BME enrollment in the United States increased
by 37.4% while a 6.4% decrease in overall undergraduate
engineering enrollment occurred.

Table 1 presents the undergraduate enrollment with
the percentages of women, international, and underrep-
resented student in BME and overall engineering.

During 1995–2000, graduate BME enrollment was
2.7% of overall graduate engineering enrollment and

graduate BME enrollment increased by 7.8%, whereas
overall graduate engineering enrollment decreased by
2.0%.

Table 2 presents the graduate enrollment with the per-
centages of women, international and underrepresented
student in BME and overall engineering.

BME attracts female students and the students of the
underrepresented groups for undergraduate and graduate
studies. Based on the American Society of Engineering
Education (ASEE) Profiles of Engineering and Engineer-
ing Technology Colleges (1,2), the percentages of BME
bachelor’s, master’s, and doctoral degrees awarded to
women are among the highest. The bachelor’s degrees
awarded to women in engineering was 19.9% (2001) and
20.4% (2003). Female bachelor’s degree recipients in BME
were 40% in 2001 followed by chemical engineering (35%)
and 40.4% in 2003 following environmental engineering
(42.1%). The master’s degrees awarded to women in engi-
neering was 22.1% in 2001 and 22.3% in 2003. Female
master’s degree recipients in BME were 38% in 2001 fol-
lowed by agricultural engineering (35%) and chemical en-
gineering (28%). In 2003, female master’s degree
recipients in BME were 38.3% following environmental
engineering (42.2%) and agricultural engineering (40.9%).
The doctoral degrees awarded to women in engineering
was 16.9% in 2001 and 17.4% in 2003. The female doctoral
recipients in BME were 30% in 2001 followed by chemical
engineering (24%) and industrial engineering (23%). In
2003, the female doctoral recipients in BME were 31.6%
following engineering management (33.3%) and computer
science (32.7%).

Women tenure/tenure-track faculty members in engi-
neering was 8.9% in 2001 and 9.9% in 2003: 4.4% (2001)
and 5.2% (2003) at the full professor level, 11.1% (2001)
and 12.3% (2003) at the associate professor level, and
17.5% (2001) and 17.4 (2003) at assistant professor levels.
The highest percentage of women tenure/tenure-track
teaching faculty were in BME (15.8% in 2001 and 16.6%
in 2003).

BME is the engineering discipline that has the highest
percentage of female tenure/tenure-track teaching faculty
and a high percentage of female degree recipients. Great
potential for role models and for a mentoring environment
exists for women during their BME studies.

2. CHALLENGES IN ENGINEERING EDUCATION AND BME
EDUCATION

It is a challenging job to prepare curriculum, courses, and
training programs for BME because BME evolves as an
educational multidisciplinary area. Even the overall en-
gineering degrees are evolving.

For sure, BME education evolves quickly. Thus, teach-
ing methods have to be updated frequently. In 2004, the
3rd American Society for Engineering Education (ASEE)
International Colloquium on Engineering Education had
the following three main educational themes:

1. Continuing education and its delivery

2. Engineering education reform
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3. International recognition of qualifications

The topics that were emphasized and discussed at the col-
loquium were:

1. Communication skills—hard and soft skills that the
engineers must develop

2. Global and local accreditations of engineering edu-
cation and degrees; assessment methods

3. How to teach engineering

4. Partnerships for education

5. Service and experimental learning and education

6. Ethics programs/courses and social dynamics

7. Reverse brain drain to other countries

8. Importance of service providing industries in coun-
tries

9. Publishing engineering education research

10. Establishment of new departments of engineering
education

11. Minorities and women in engineering education

12. The increasing need for more partnerships between
universities, academe-industry, and academe-gov-
ernment

13. Nature of students; nature of engineers; attitudes of
engineers

14. Macroengineer and systematic engineer

15. Practical experiences for engineering students; vo-
cational training

16. Distance teaching

17. Continuing engineering education

The 2004 American Society for Engineering Education
Annual Conference also focused on topics similar to the
3rd American Society for Engineering Education (ASEE)
International Colloquium on Engineering Education.

The 2005 American Society for Engineering Education
Annual Conference & Exposition emphasized the follow-
ing:

1. ABET 2001

2. Assessment

3. Communications

4. Curriculum

5. Distance education

6. Diversity

7. Educational methods

8. Industrial partnerships

9. K–12

10. Professional development

11. Retention

12. Web technology

In 2005, more discussions have occurred and emphasis
has been placed on the issues of K–12 education and the
pipeline of engineering students.

These issues, topics, and themes show that the overall
engineering and BME education and curriculum evolve.

BME teaching and learning methods can focus on tra-
ditional in-class lectures, Oxford-style classes, case stud-
ies, guided-design, problem-based learning, hands-on
experience, interactions with industry and current events
in industry, simulation-based teaching and learning meth-
ods, and simulators.

3. BME COURSES: TECHNICAL AND PROFESSIONAL
DEVELOPMENT

Educational BME efforts can be initially grouped as basic
science and applied science and engineering. The educa-
tion in the basic BME provides the understanding and
knowledge of living systems and how normal and disease
conditions get generated. Education in applied BME stud-
ies the development of methods and methodologies to di-
agnose and treat diseases and disabilities.

Educational BME disciplines and programs can be cat-
egorized as: (1) traditional areas, (2) emerging areas, (3)
priority areas, and (4) interdisciplinary areas. The emerg-
ing and priority areas are time-sensitive, after some time
they will become traditional areas.

BME education is multidisciplinary and BME educa-
tion and research requires collaborations and partner-
ships. BME education has many open-ended problems.
These open-ended problems can be solved better with
groups of people from different disciplines who have dif-
ferent perspectives.

BME education must provide technical knowledge and
skills as well as soft or personal skills to the students.
BME education should be based on strong technical de-
velopment and allow the students to integrate knowledge
at different levels and be interdisciplinary, to think criti-
cally and question, and to become excellent designers.

BME coursework has to allow the students to custom-
ize for their interests and qualifications. First, the student

Table 1. Undergraduate BME and Engineering
Enrollment 1995–2000

Undergraduate BME
Students (increased by
37.4%, 1995–2000)

Undergraduate Engineering
Students (decreased by
6.4%, 1995–2000)

* Women 37%
* International 4%
* Underrepresented 30%

* Women 19%
* International 6.1%
* Underrepresented 26%

Table 2. Graduate BME and Engineering Enrollment
1995–2000

Graduate BME Students
(increased by 7.8%,
1995–2000)

Graduate Engineering Students
(decreased by 2.0%, 1995–
2000)

* Women 29%
* International 29%
* Underrepresented 15%

* Women 18%
* International 45%
* Underrepresented 12%
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should take core courses to receive basic knowledge that is
required and, later, based on the student’s interests and
qualifications, the course work should emphasize some
BME themes and courses as electives.

The core education should provide fundamental knowl-
edge of physics, mathematics, chemistry, biology, instru-
mentation, signal analysis, processing, and recording.
BME curriculum may allow a distribution of 25% mathe-
matics, 25% life sciences, and 50% biomedical engineering
and engineering-related courses. Traditionally, major con-
centrations in BME courses have been in the following:

1. Biomechanics and rehabilitation engineering

2. Cell and tissue engineering

3. Bioinstrumentation and electrophysiology

4. Medical imaging

5. Biocomputing

The students can take core, traditional, and elective
courses in the following topics:

* Accessibility, assistive technology, and rehabilitation
engineering

* Advanced mathematics for biomedical engineers
* Advanced instrumentation and measurements in
medicine

* Artificial devices, biomaterials, implants, and tissue
engineering

* Artificial organs
* Biochemical and optical devices
* Bioinformatics and computational biology
* Biomechanics, orthopedic engineering, and neuro-
muscular systems

* Biomedical information technology
* Biomedical measurements and instrumentation
* Biosignal processing
* Biostatistics
* Bioelectricity
* Biosensors
* Biocontrols
* Biochemical engineering
* Biomechanics
* Bioinformatics
* BioMems
* Biomaterials
* Biotechnology
* Cardiovascular systems and devices
* Clinical engineering and health care delivery
* Cardiovascular fluid dynamics
* Computational neuroscience
* Chemical sensors
* Cellular engineering
* Clinical engineering
* Electrophysiology and bioelectricity
* Information technology in medicine

* Mathematical modeling in biology
* Medical imaging and image processing
* Medical imaging instrumentation
* Medical imaging techniques
* Medical instrumentation, biosensors, and measure-
ments

* Microtechnologies and nanotechnologies in medicine
* Molecular and cellular engineering
* Movement, joint, and implant mechanics
* Nanobiotechnology
* Neuroengineering, neuroscience, brain and neural
networks

* Neural systems and engineering
* Orthopedic biomechanics
* Physiological control systems
* Physiological systems modeling
* Principles of biomechanics and rehabilitation engi-
neering

* Proteomics
* Skeletal tissue mechanics
* Radiology
* Robotics and microrobotics in surgery
* Respiratory systems
* Rehabilitation engineering
* Telemedicine
* Tissue engineering
* Virtual reality

In addition to providing strong technical knowledge, BME
education should also provide a basic understanding of
human and social dynamics with issues that focus on di-
versity, adaptability and flexibility, and strengths, weak-
ness, opportunities, and threats of situations.

BME should also provide the students with profes-
sional development and interpersonal ‘‘soft’’ skill develop-
ment and should emphasize

* Teamwork, conflict resolution, and negotiation tech-
niques

* Written and oral communication and presentation
skills

* Ethics and understanding of conflicts of interest
* Fundamental knowledge of economy and business
* Engineering business etiquette
* Public policy making
* Leadership

The curriculum should allow the students to be aware of
the BME industry and recent technologies. The students
should obtain some ‘‘real world’’ knowledge from the
courses they take, thus they can be ready for the ‘‘com-
plex new world’’ after they graduate.

BME education should motivate the students to be life-
long learners, to integrate technical knowledge of different
disciplines, to explore and challenge their potential, and to
be entrepreneurs.
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The Bureau of Labor Statistics (BLS) Occupation Out-
look Handbook 2004–2005 presents that, by 2012, the fu-
ture job growth will be in (1) health care and social
assistance (increase by 32.4%) and in (2) biomedical, bio-
technology, and bioengineering (increase by 21–35%).
Thus, promising career opportunities exist for BME stu-
dents after they graduate.
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ABSTRACT

Biomedical Engineering (BME) education is unique; it
is not a traditional education field yet. BME is an inter-
disciplinary field. BME is the application of engineering
and physical sciences into medicine to understand the
medical problems and to develop new medical technolo-
gies. In detail, BME consists of the basic and clinical ap-
plications of biology, chemistry, physics, and mathematics
and engineering in medical sciences and life sciences to
understand living systems and to provide diagnoses and
treatment methods for medical problems.

BME education and training opportunities exist in ac-
ademia, industry, and government. A formal BME educa-
tion can be obtained in engineering schools or medical
schools. The education can be at the undergraduate level
(BS), graduate level (MS, PhD, MD), and post-doctoral
level. The degrees granted in BME are Bachelor of Science
(BS), Master of Science (MS), PhD, and medical doctor
(MD). Some academic programs can offer dual doctorate
(MD/PhD) degrees.
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1. INTRODUCTION

A technical system that allows direct communication be-
tween brain and computer is known as a brain-computer
interface (BCI) (1,2). In this case, rather than using nor-
mal communication channels such as those used for
speech and movement, brain activity is directly recorded
and transformed into a control signal. Therefore, a BCI
provides a new communication channel that can be used
to convey messages and commands directly from the brain
to the external world. The use of a BCI depends on the
interaction of two adaptive controllers: the user’s brain
and a computer that has to produce an action that accom-
plishes the user’s intention.

Over the past 20 years, the interest in BCI technology
has grown rapidly, and its use for alternative communi-
cation and control has provided a promising option for pa-
tients with severe motor disabilities (3). The most
important applications of a BCI are the restoration of a
communication channel for completely paralyzed or
‘‘locked-in’’ patients (e.g., because of late-stage amyotro-
phic lateral sclerosis (ALS), brainstem stroke, or severe
cerebral palsy) and the control of neuroprosthetics in pa-
tients with high-level spinal cord injuries. When no vol-
untary movement is possible, a BCI may provide the only
viable method of communication.

Aside from these classic BCI applications, the impor-
tant and established field of neurofeedback therapy and
the upcoming field of multimedia and virtual reality ap-
plications exist. In this context, a BCI could be used for
such diverse tasks as playing games or providing multi-
dimensional feedback in virtual reality. Therefore, BCIs
add a new dimension in man-machine interaction and
may attain great importance in multimedia applications
(4).

2. STATE-OF-THE-ART OF BCI RESEARCH

2.1. Structural Components and Features of a BCI

A BCI transforms electrophysiological signals originating
from the human brain into commands that control devices
or applications according to a specific protocol. This pro-
tocol determines how this transformation has to be per-
formed. Most of the BCIs available today consist of five
components: signal acquisition, preprocessing, feature ex-
traction, classification, and application interface (Fig. 1).
A more detailed description of the signal processing block
and its connection to the other components of the BCI

system is given in the EEG Signal Processing section of
this chapter.

When designing a BCI, many design issues must be
considered (Fig. 2). From the engineering perspective, the
mode of operation and the type of input signal are of par-
ticular interest. Two different operating modes are possi-
ble, cued (synchronous) and noncued (asynchronous). In
the case of a synchronous BCI, the mental task must be
performed in predefined time windows following a visual
or auditory cue stimulus. The time periods during which
the user can effect control (e.g., by ‘‘producing’’ a specific
mental state) are determined by the system, and the pro-
cessing of the data is limited to these fixed periods. An
asynchronous BCI, by contrast, allows the user to deter-
mine when an operation should occur independently of
any external cue stimulus, which implies that the time
windows of the intended mental activities are unknown,
and therefore, the signal must be analyzed continuously
(5–8). The majority of work on current BCIs is based on
the synchronous mode [for a review, see (3)].

The brain signals used for BCI control may be recorded
either noninvasively from the scalp (i.e., EEG) or inva-
sively from the cortical surface (i.e., ECoG) or from intra-
cortical electrodes. When EEG is used as input signal,
elaborate methods of signal processing are necessary be-
cause of the small signal-to-noise ratio (SNR) resulting
from the low magnitude of the signals coupled with large
disturbing influences such as physical artifacts and noise.
On one hand, changes in oscillatory activity, such as mu or
beta rhythms (2,9), must be analyzed and classified,
whereas various types of event-related potentials, such

Brain-Computer Interface

Signal Processing

Signal
Acquisition

Preprocessing Feature
Extraction

Classification
(Detection)

Application
Interface

Applications

Spelling Device
Neuroprosthetics

Virtual Reality
etc.

Feedback

Figure 1. Structural components of a BCI system: Signals from
the user’s brain are acquired and processed to extract specific
features used for classification. The classifier output is trans-
formed into a device command, which simultaneously provides
feedback to the user.
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as the visual P300 potential (10) and slow cortical poten-
tials (SCP) (11) must be processed.

The immediate feedback of performance is an impor-
tant feature of BCI systems, because the users observe the
executed commands (i.e., cursor movement or selected let-
ters) almost simultaneously with the brain response they
produce. The use of evoked potentials is based on direct
recognition of a specific electrocortical response and, in
general, does not require initial training. The P300, for
example, is elicited by rare events in the ‘‘oddball’’ para-
digm without training. The use of slow cortical potentials
and changes of oscillatory activity, by contrast, require
that the user acquire voluntary control of these specific
electrophysiological signals. In these BCI systems, neuro-
feedback training is essential and the presentation of an
appropriate feedback signal becomes critical for effective
learning.

2.2. Overview of Current BCI Systems

Farwell and Donchin made use of the so-called P300, as
usually obtained in the oddball paradigm, to develop a
communication system (12). This BCI is based on the pre-
sentation of a 6 � 6 letter matrix in which, in short inter-
vals (125 ms), one of the rows or one of the columns
flashes. The users are asked to focus their attention on
the cell containing the character of their choice. Focusing
on a particular item produces a larger P300 amplitude for
the chosen letter compared with the other letters. With
this system, a communication rate of approximately
7 items/min can be attained (10).

Birbaumer’s group in Tübingen investigated the use of
SCPs to operate the so-called ‘‘Thought-Translation De-
vice’’ (TTD) (11,13) in which subjects learn to produce
negative or positive SCP shifts by means of biofeedback.
SCPs are typically measured in a 2-second window and
referenced to a 2-second baseline to control the movement
of a cursor onto a target. The TTD was set up in order to
enable subjects to select letters on a computer screen and
to write words and sentences. The main emphasis of this
BCI system has focused on clinical application, especially
on patients with late-stage ALS, to provide them with ba-
sic communication functions (14).

Wolpaw et al. began work on EEG-based cursor control
in normal adults using band power centered at 9 Hz (3). In
the so-called Wadsworth BCI, visual targets are presented
on a computer screen signaling the subjects to move the
cursor in one or two dimensions to the targets. With this
BCI system, people with or without motor disabilities
learn to control oscillatory activity such as mu or beta
rhythm amplitude. This system uses an autoregressive
(AR) model applied to short overlapped EEG segments in
which the cursor moves (upward or downward) as a linear
function of the EEG amplitude in a specific frequency
band (15). In a recent study applying one-dimensional
control to select from among as many as eight different
targets, users were able to reach information transfer
rates of up to 20–25 bits/min (16).

In the Graz-BCI, a visually presented cue stimulus in
the form of an arrow pointing in a predetermined direction
is used to initiate a mental task (9). This system is based
on quantification of event-related (de-)synchronization
(ERD/ERS) [see (17)] of mu and central beta rhythms as
the result of imagined limb movement. This motor imag-
ery-based BCI requires the user to imagine predefined
movements, for instance, left-hand and right-hand move-
ments to move the cursor to the right or left, respectively.
Detection of ERD/ERS in ongoing (not averaged) EEG re-
cordings requires pattern recognition techniques to clas-
sify the data. Up to the present, research has focused on
distinguishing between the EEG associated with imagi-
nation of different motor activities and using the classifier
output to control a cursor on a computer screen (2), a
spelling device (6,18), or a neuroprosthetic (19).

3. EEG SIGNAL PROCESSING

Signal processing is necessary in any BCI to overcome
problems caused by poor SNRs. In this context, the term
‘‘noise’’ circumscribes all components of the recorded sig-
nal that can deteriorate the performance of the BCI sys-
tem. Noise refers to bioelectrical signal patterns that are
not used for communication in a BCI such as eye move-
ments, 50/60 Hz line noise, and electromyographic activ-
ity. The SNR can be easily improved if the noise and signal
patterns do not overlap in the frequency or time domain,

BCI

Mode of
Operation

Feedback
Experimental

Strategy

synchronous vs. asynchronous

Brain
Signal

Type of
Recording 

oscillations (ERD, ERS)
slow cortical potentials

(SCP)
VEP (P300)

multiunit activity
steady state EP 

noninvasive (EEG) vs.
invasive (ECoG, multiunit activity)

motor imagery
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Figure 2. Features and categories of BCIs (as
described in the text).
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which, however, is seldom the case for all possible noise
sources. Therefore, advanced signal processing techniques
must be applied to overcome the problem.

The signal processing block of present day BCIs con-
sists typically of three components: preprocessing, feature
extraction, and detection or classification (see Fig. 1). The
conceptual boundary between these blocks is somewhat
arbitrary. So, for example, an omnipotent classifier would
not need the help of sophisticated preprocessing and fea-
ture extraction methods. Furthermore, preprocessing and
feature extraction are often considered as one block in
pattern recognition. The distinction between the two, how-
ever, is useful—not for theoretical, but for practical rea-
sons.

Preprocessing is the first component of the signal pro-
cessing block. The task of preprocessing is to improve the
electrophysiological signals used for control, which can
include artifact reduction methods and advanced signal
processing methods that can be used to enhance the over-
all SNR of the signals. After preprocessing, the signal is
subjected to the feature extraction block. The goal of this
component is to find a suitable representation (signal fea-
tures) of the preprocessed data that simplifies the subse-
quent classification or detection of brain patterns. That is,
the signal features should encode the intended electrical
brain pattern changes, but should not contain noise or
other patterns that can impede the classification process,
which is performed in the last component of the signal
processing block of a BCI. The classifier assigns the fea-
tures provided by the feature extractor to a previously de-
fined category of brain patterns. The abstraction provided
by the feature extraction procedure enables the develop-
ment of a largely domain-independent classification. The
following section gives an overview of the most important
signal processing methods used in present day BCIs.

3.1. Preprocessing

Simple digital filtering in the time domain or simple spa-
tial filtering, such as common average reference or surface
Laplacian (20–23), are relatively elementary methods of-
ten employed in preprocessing. However, more sophisti-
cated algorithms also exist based on multivariate
statistical methods to build spatial filters for signal en-
hancement. In the linear case, such filters are basically
matrices that transform the multivariate bioelectrical sig-
nal into a subspace where the SNR is improved or where
subsequent signal processing tasks are more easily
achieved, which can be described mathematically by a
simple matrix equation

P¼W � X; ð1Þ

where X is an m � n matrix representing the bioelectrical
signal recorded from m electrodes, W is the k � m trans-
formation matrix, and P is a k � n matrix representing
the transformed signal. According to the constraints that
are imposed on the transformation, various linear trans-
formations are used in BCI preprocessing. The following
subsections provide a brief introduction to principal com-
ponent analysis, independent component analysis, and

common-spatial patterns. Although the derivation of the
spatial filters required by these methods may be compu-
tationally intensive, it is not really an issue for the online
applicability of these methods for BCI purposes, because
the derivations are constructed offline. The online appli-
cation then becomes a simple matrix multiplication, as
indicated by Equation 1, and the typical real-time require-
ments of present day BCIs are easily satisfied.

3.1.1. Principal Component Analysis. Principal compo-
nent analysis (PCA) transforms the data into decorrelated
components that are aligned with the directions of max-
imal variance of the input data. The transformation ma-
trix is composed of the eigenvectors of covariance matrix
Cx arranged in rows and ordered according to the eigen-
values (i.e., the first eigenvector corresponds to the largest
eigenvalue, the second eigenvector corresponds to the sec-
ond largest eigenvalue, and so on). Consequently, the pro-
jection of the data onto the first row accounts for most of
the variance of the data, which makes PCA ideal for re-
ducing the dimension of the data, and it can be shown that
PCA performs this task optimally in the mean-square
sense (24). In this way, PCA reduces the computational
complexity of subsequent feature extraction, and can also
reduce noise that would appear most likely in minor com-
ponents and reduces the impact of artifacts (25). A nu-
merically stable and efficient way to calculate PCA is by
means of singular value decomposition (SVD) (25). Exam-
ples of studies that investigated PCA and related second-
order methods, such as canonical correlation analysis
(CCA), as preprocessing methods for BCIs can be found
in Anderson et al. and Ramoser (26,27).

3.1.2. Independent Component Analysis. Independent
component analysis (ICA) decomposes the data into sta-
tistically independent components1. Statistical indepen-
dence is a much stronger constraint than decorrelation
(28). Thus, in contrast to PCA, basic second-order statis-
tics are generally not sufficient to perform ICA (29). Var-
ious algorithms based on different principles such as
mutual information or higher order statistics have been
proposed. The following property of ICA makes it an ap-
pealing method for BCI preprocessing: ICA separates mul-
tichannel EEG data into spatially static and temporally
independent components, whereas artifactual activity and
brain activity are decomposed in different components and
can thus be used to effectively detect and remove a wide
variety of EEG artifacts in EEG recordings (30–32). It has
also been shown that ICA is able to separate event-related
potentials and alpha and mu rhythms from neural EEG
sources (33,34). ICA has further been used to construct
spatial filters as preprocessing for BCI offline studies (35).

3.1.3. Common Spatial Patterns. The method of common
spatial patterns (CSP) is based on the decomposition of
multivariate data into spatial patterns, which are calcu-
lated from two populations of brain patterns. The result-

1Two stochastic signals are said to be statistically independent if
their joint probability densitiy functions (PDFs) is equal to the
product of their individual PDFs.
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ing linear transformation maximizes the difference be-
tween the populations. In contrast to the aforementioned
methods, CSP is not an unsupervised method. It requires
that the data used for calculating the spatial patterns is
divided into two groups from which each belongs to one of
the two brain states (mental tasks A and B) that are to be
discriminated. This calculation is based on the simulta-
neous diagonalization of the two covariance matrices de-
rived from the two groups of data (35–38). The resulting
spatial filter W is constructed in a way that the projection
onto the first row contains most of the variance of task A
while containing least of the variance of the other task B.
The opposite is true for the projection onto the last row of
W. In this case, the projection contains most of the vari-
ance of the mental task B and the least of task A. This
property makes CSP useful in preprocessing for the clas-
sification of two mental tasks. The projection of the bio-
electrical multivariate data onto the first and last rows of
the spatial filter yields preprocessed data optimal for dis-
criminating two populations of EEG in the least squares
sense. The usefulness of CSPs has been proven in a num-
ber of online and offline BCI studies (23,39–41).

3.2. Feature Extraction

Feature extraction is the process of obtaining the numer-
ical or nominal values of the brain patterns used for com-
munication in a BCI. The reasons for doing this may
include easier subsequent analysis as well as improved
classification performance through a more stable repre-
sentation or the removal of redundant or irrelevant infor-
mation. Closely related to feature extraction is feature
selection, which is the process of choosing some features
out of a given set of features to optimize the quality of a
classification system. Feature selection is often necessary
because irrelevant or redundant features can lead to poor
generalization of the classifier, increase the computational
complexity, and require many training samples that are
often not available in practical BCI applications (42,43).
Another reason for feature extraction is that the complex-
ity of temporal and spatial distribution of brain patterns
can vary between individuals. Although this variation
makes the manual selection of features difficult, this heu-
ristic approach is by far the most frequently used tech-
nique. Various more sophisticated algorithms have been
proposed as well. Distinction sensitive learning vector
quantization (DSLVQ), an extension of Kohonen’s learn-
ing vector quantization (LVQ), weights features according
to their relevance for classification (44). A similar ap-
proach, but one that suggests a genetic algorithm for fea-
ture weighting, was introduced more recently (8). Another
feature selection method, also based on a genetic algo-
rithm, has been proposed that is capable of finding an op-
timized feature subset from a very large feature set of
more than 1000 features (42).

The feature extraction method depends on the brain
pattern that is to be extracted from the bioelectrical sig-
nal. Simple methods include the extraction of the power of
certain frequency bands (45–48), the amplitude of ERPs
(10) or SCPs (11,13), the calculation of Hjorth parameters
(49,50), or cross-correlation values between the signal and

an ERP template (5). Most of these feature extraction
methods can be calculated either in the time domain or in
the frequency domain. The calculation of the power of
specific frequency bands, for instance, can be accom-
plished by filtering in the time or frequency domain with
equivalent results. A BCI could conceivably use both time-
domain and frequency-domain signal features, and might
thereby improve performance (51). Two more sophisti-
cated methods are explained in further detail below.

3.2.1. Autoregressive Parameters. In the basic autore-
gressive (AR) framework, the bioelectrical signal at time k
is modeled by a linear combination of the p past signal
samples at times k� 1; k� 2; . . . ; k� p, plus a random
component xk (driving noise or ‘‘innovation’’). Mathemat-
ically, the model can be described as

yk¼a1yk�1þa2yk�2þ � � � þapyk�pþ xk: ð2Þ

Such a parametric model has been proven to be a useful
method for describing bioelectrical brain activity
(22,26,46,47). The basic AR model assumes stationary sig-
nals; however, it is well known that EEG is nonstationary
and has highly complex time-frequency characteristics.
Therefore, the classic approach for estimating time-vary-
ing AR parameters (AR features) is to segment the signal;
that is, the signal is divided into short, often overlapping
segments from which the AR parameters are estimated.
The segmentation length together with the model order
used determines the accuracy of the estimated features
and defines the resolution in time. A shorter segment
length increases the time resolution at the expense of in-
creasing the error of the AR estimates. In addition to the
segmentation, the selection of the model order is crucial
for an accurate estimation of the AR features. Various cri-
teria such as the Akaike information criterion (AIC) or the
final prediction error (FPE) have been used to find the
optimal model order (26,52). However, it has been shown
(53) that these criteria do not always yield appropriate
model orders. Present day BCIs typically use model orders
between three and six (26,52). Feature extraction by AR
parameters for brain-computer communication has been
reported in a number of publications (22,42,47,54,55).
Furthermore, an extension of the univariate AR model
to a multivariate AR model has been suggested (4,26).

An alternative to the basic AR model is an adaptive
autoregressive (AAR) model (52,56). It does not require
stationary signals because the AAR parameters are up-
dated for every signal sample. Equation 2 can be extended
for the adaptive approach as follows:

yk¼a1;kyk�1þa2;kyk�2þ � � � þap;kyk�pþ xk; ð3Þ

with am,k the time-dependent AAR parameters, which is in
contrast to the basic AR model where the parameters are
not time-dependent. A number of different algorithms ex-
ist that can be used for estimating the AAR parameters,
for instance, the least mean squares (LMS) approach (56),
the recursive least mean squares (RLS) approach (52,56),
or a Kalman filtering approach (52,57). This calculation
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requires low computational effort and no buffer memory.
For this reason, these adaptive algorithms are well-suited
for online BCI implementations. The AAR method was
applied successfully in the Graz-BCI, which is docu-
mented in a number of publications (19,46,52,57,58).

3.2.2. Wavelet Coefficients. Bioelectrical signals can be
represented in different ways. The representation in the
frequency domain has proven to be extremely useful,
which makes the Fast Fourier transform (FFT) one of
the most important algorithms in signal processing. How-
ever, the Fourier transform has two main disadvantages
that are caused by the fact that it is based on comparing
the signal with basis functions (complex sinusoids) that
extend over the whole time domain. First, the Fourier
transform requires stationary signals, that is, the statis-
tical characteristics do not change with time. Second, the
Fourier transform provides only a global view of the sig-
nal. The time evolution of the frequency patterns is lost.
As mentioned in the previous section on AR models, one
way to deal with nonstationary signals is to divide the
signal into small segments in which the signal can be con-
sidered to be stationary. This approach is called short-time
Fourier transform (STFT). One critical limitation of the
STFT is caused by the uncertainty principle (59). If the
extracted segment is too short, the frequency resolution is
poor, and if the window is too long, the time localization
decreases and, moreover, the signal within the window
may become nonstationary again. The wavelet transform
addresses this problem by using varying window sizes:
longer windows for low frequencies and shorter windows
for higher ones. The wavelet coefficients XWT are obtained
by the convolution of the EEG time series x(t) with the
mother wavelet ca,b(t):

XWTða;bÞ¼

Z

t

xðtÞc�a;bðtÞdt¼hxðtÞ;ca;bðtÞi

ca;bðtÞ¼ jaj
�1=2c

t� b

a

� �

a; b 2 R; aO0;

where the parameters a and b are the scale and transla-
tion, respectively. As a increases, the wavelet becomes
more narrow, and by varying b, the mother wavelet is dis-
placed in time. Depending on the properties of the mother
wavelet, very fast algorithms such as the lifting scheme
(60,61) are available that are able to transform the signal
with linear complexity. The main advantage of the wavelet
transform is the fact that it automatically provides an op-
timal time-frequency representation of the signal. Exam-
ples of BCI studies using wavelet coefficients as features
can be found in Graimann et al. and Hinterberger et al.
(8,35,62).

3.3. Classification

Basically, a BCI can be considered to be a pattern recog-
nition system because it aims at recognizing and classify-
ing bioelectrical brain patterns. Obviously, the classifier is
an essential part of the whole system. The best classifier,
however, will not be able to yield satisfactory results if the

features that are to be classified are not appropriate for
the classifier. Feature extractor and classifier must be
carefully tuned to each other to give optimal results.
Most classifiers used in present day BCI systems are of
the supervised type, that is, they require a training phase
with training patterns (example patterns of a training set)
and their class labeling. The class information is known a
priori, and the aim is to formulate rules that can be used
to assign new patterns to their appropriate classes. As-
sessing the performance of a BCI classifier is an important
step in its development. The usual way to do this in offline
studies is to use cross-validation. Depending on the com-
putational demands of the classifier training, 5-fold cross-
validation or 10 � 10 cross-validation are typically used
(23,39,48,55,57,63,64). It is typical to use a previously de-
termined classifier set up with offline data for online ex-
periments. For subsequent experiments (new sessions),
the classifier is updated according to the new available
offline data (last session) (39). Such updates are necessary
because EEG and other electrophysiological signals dis-
play short-term and long-term variations that can depend
on hormonal level, fatigue, illness, and other factors.
Thus, effective BCIs need periodic online adjustments to
reduce the impact of such spontaneous variations (3,9). An
ideal BCI classifier should automatically adapt online to
possible variations in the subject’s bioelectrical activity.
However, such an adaptive classifier is difficult to realize,
especially when the subject is provided with classification
feedback (for more details, see the System-User Interac-
tion and Rapid Prototyping section of this chapter).

A large number of different classification methods have
been proposed for BCI operation: decision trees (43), Bays-
ian networks (65), local neural networks in Millan et al.
(66), multilayer perceptrons (26), and time-dependent
neural networks (67). In addition, Learning Vector Quan-
tization (LVQ) (7,68,69) and Hidden Markov Models
(HMM) (48,50) are used. Two other methods are explained
in additional detail below.

3.3.1. Linear Discriminant Analysis. Linear discrimin-
ant analysis (LDA) is a statistical method used to inves-
tigate differences among multivariate classes, to
determine which attributes discriminate between the
classes, and to determine an optimal way to distinguish
among classes in the linear sense. The classic method of
linear discrimination is the so-called Fisher’s linear disc-
riminant. It seeks a linear combination of the signal fea-
tures that maximizes the linear class separability.
Mathematically, the discriminant function can be de-
scribed as

dðxÞ¼wTxþw0: ð4Þ

The first part, wTx, is the inner product of a feature
vector x and a weight vector w, and, in general, it trans-
forms a feature vector from a high-dimensional feature
space to a 1-dimensional feature space. This transforma-
tion maximizes the distance between the means of the two
classes and simultaneously minimizes the variance within
each class (70). The second part, w0, is the threshold or
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bias. In a two-class discrimination problem, it can be used
to assign features to classes. For instance, if the trans-
formed feature vector is greater than the threshold, the
feature is assigned to class 1, otherwise it is assigned to
class 0. Furthermore, the distance between the value ob-
tained from the linear combination of the feature vector
with the weight vector and the threshold can be employed
as a measure of classification performance. This time-
varying distance can be used to provide continuous feed-
back in a BCI system.

LDA can be used as a supervised linear statistical clas-
sifier. As a linear method, it gives the advantage that over-
fitting to the training data is unlikely, which is in contrast
to nonlinear classifiers like neural networks that have a
tendency to fit the training data very well, but have poor
generalization abilities. Another advantage of LDA is its
simplicity and computational efficiency. For that reason,
LDA has been used in a number of online and offline BCI
studies. So, for example, LDA was used to classify AAR
parameters in a two-class discrimination task (left- and
right-hand imaginary) with continuous feedback (58). Pre-
processed data by the CSP method, from which band-
power features were derived, were classified with LDA
(23,39). Other examples where LDA was used as classifier
in brain-computer communication can be found elsewhere
(57,62,71).

3.3.2. Support Vector Machines. Support Vector Ma-
chines (SVMs) (72) have recently been introduced as a
new approach to solve a variety of learning and function
estimation problems. Based on statistical learning theory,
SVM possesses prominent advantages compared with tra-
ditional classification methods such as neural networks:
(1) Strong theoretical background provides SVM with high
generalization capability. (2) No need exists determine the
network topology in advance. (3) SVM can solve high–di-
mensional problems and therefore avoid the difficulty
known as the ‘‘curse of dimensionality.’’

SVM adopts the structural risk minimization principle
(SRM), which minimizes an upper bound of the general-
ization error on Vapnik–Chervonenkis (VC) dimension
(72), and not the traditional empirical risk minimization
(EMR) principle, which is employed by conventional neu-
ral networks and minimizes the training error. It has been
shown that SRM is superior to EMR (72,73), and it is this
difference that equips SVM with good generalization per-
formance. Algorithmically, the main idea of SVMs is to
map a nonlinear problem in an input space to a linear
problem in a higher dimensional feature space by a non-
linear mapping using a kernel function, that is, SVM finds
the hyperplane in the higher dimensional feature space
leaving the largest possible fraction of points of the same
class on the same side, while maximizing the distance of
either class from the hyperplane. Although selection of
kernel functions and their parameters is still an impor-
tant research field in the area of SVM, the Gaussian ker-
nel is often used in real applications because of its good
practical and theoretical features. It should be noted that
the main drawback of SVM classifiers is the fact that it is
difficult to find the kernel parameters that give optimal
performance. In the case of the Gaussian kernel, only one

parameter exists—the spread parameter, which is, how-
ever, essential for generalization performance. Usually,
the best kernel and its parameters are determined by
methods such as bootstrapping and cross-validation.

In an offline BCI study, an SVM with Gaussian kernel
was used to classify movement-related patterns (55). The
Gaussian kernel was found superior over other linear and
polynomial kernels. The spread parameter was heuristi-
cally determined. Another study classifying movement-re-
lated patterns in an offline BCI simulation was reported
by Blankertz et al. (63). In this case, a linear SVM (linear
kernel) was used and the results were compared with
other classifiers such as LDA and k-NN. The results dem-
onstrated that SVM yielded better results than the two
other classifiers.

4. SYSTEM-USER INTERACTION AND RAPID
PROTOTYPING

Classifier-based BCI systems typically involve two types of
experimental sessions: (1) training sessions where data
are collected to set up a subject-specific classifier and
where no feedback is provided and (2) test sessions where
the classifier is used to classify the EEG online and to
provide the user with feedback.

The starting point is the training of the classifier to
recognize certain EEG patterns of a subject. During this
phase, no feedback is given. As soon as feedback is pro-
vided, it is expected to facilitate the adaptation of the user
to the BCI system (feedback-based learning). On the other
hand, the system (the classifier) will try to adapt to the
user as well, that is, user and BCI system are strongly
interdependent, but have to be adapted independently
(Fig. 3). This difficulty, also known as the man-machine
learning dilemma (9), is probably the reason why the clas-
sification accuracy does not always improve with an in-
creasing number of sessions. For instance, incorrect
feedback can elicit frustration, a response likely to be as-
sociated with a widespread EEG desynchronization,
whereas a correct feedback might lead to a reinforcement
of the specific EEG patterns. In both cases, the feedback
could introduce noise and deteriorate the classification
performance. Besides the direct effect of feedback, the vi-
sually presented feedback stimulus itself (bar, cursor, let-
ter, etc.) can also modify the EEG (74). Changing
distributions of EEG patterns require adaptation of pat-
tern recognition methods, which influences the system’s
performance and, via direct feedback, influences the EEG
patterns of the user.

In short, repeated adaptation of the machine (com-
puter) to the man (brain) is necessary. One solution is to
update the classifier after one or multiple sessions. For
this purpose, a protocol for Rapid Prototyping (RP) was
developed. ‘‘Rapid Prototyping’’ means that not only var-
ious types of parameter estimation methods and classifi-
cation algorithms can be implemented very fast (58), but
also a classifier can be updated within minutes after each
session with or without feedback. An example of such a
procedure used for the Graz-BCI is illustrated in Fig. 4.
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In more detail, a protocol for RP was introduced con-
sisting of several steps (58):

Step 1: Selection and implementation of parameter es-
timation and classification algorithm. Algorithms
can be programmed in Matlab and a block diagram
can be developed using Simulink. Simulink’s graph-
ical user interface enables the user to build block

diagrams using drag-and-drop techniques and pro-
vides the possibility to write special blocks for online
analysis, called S-functions (system-functions).

Step 2: Offline simulations and connection of the Simu-
link model to the real world.

Step 3: Real-time code generation.

Step 4: Communication with the real-time program.
Simulink in the external mode can be used as a
graphical front-end to the corresponding model.
When the model is downloaded to the kernel, it
can be started from Simulink and runs in real-time
under Windows. An Interprocess Communication
Channel connects the real-time process to the Simu-
link block diagram. With the Matlab Application
Program Interface (Matlab API) and the Simulink
External Interface, it is possible to interact with the
real-time program without stopping the execution.

Step 5: Real-time tests. It might be necessary to go back
to Step 1 to adjust the algorithm.

It was shown that this procedure of Rapid Prototyping
helps to adjust the BCI training immediately to the user’s
current EEG patterns and classification performance.
Continuous adaptation of the BCI training is not only es-
sential when able-bodied subjects (58) learn to operate a
BCI, but also when patients suffering from neurological
diseases are trained (19,75).

5. APPLICATIONS

Many issues develop in the practical use of EEG signals in
a control or communication system. Most of the currently
available BCIs have been developed and tested in able-
bodied users in the laboratory (26,39,66,76), whereas only
a few research groups reported experiences in applying
and adapting a BCI in severely paralyzed patients suffer-
ing from neurological diseases (11,75). As BCI technology
is now moving beyond demonstration (3) and BCI systems
are on the market, it is important to explore their practical
usefulness and to investigate how long-term BCI training
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affects the EEG signals used. Also, the question of how the
performance is related to the cognitive, emotional, and
motivational status of the patient is a matter of current
research (14).

In the following, two examples of BCI applications in
patients are briefly reported, (1) training a completely
paralyzed patient to use a ‘‘virtual keyboard’’ (VK), and (2)
the BCI-based control of electrically stimulated hand
grasp in a tetraplegic patient.

5.1. EEG-Based Spelling—Training of Completely Paralyzed
Patients by Use of Telesupport

It was demonstrated previously that patients suffering
from advanced ALS can acquire the ability to operate a
spelling device by regulating their SCPs (13,14). More re-
cently, it was also shown that a BCI based on oscillatory
EEG changes induced by motor imagery can be used to
restore communication in severely disabled people (75).
The novel aspect was that a patient diagnosed with cere-
bral palsy, who had lost all voluntary muscle control,
learned to control specific frequency components of the
sensorimotor EEG with a motor imagery strategy. BCI
training sessions were conducted two times a week over a
time period of 22 weeks with the help of a remote-con-
trolled BCI system (Fig. 5). The use of a ‘‘telemonitoring’’
system allowed for online supervising and adapting the
training from the lab, whereas the actual training was
carried out by the patient’s attendant at a rehabilitation
center (77). This system provided direct access to the pa-
tient’s computer (BCI system) enabling, for example, ob-
servation of EEG online data, as well as a video conference
connection allowing direct interaction with the patient
and caregiver.

After the patient had achieved a high performance
level (470% accuracy) in 1-dimensional cursor control,
he was presented with the so-called virtual keyboard [for
details, see (18)]. His task was to copy words presented by
the experimenter (‘‘copy spelling’’). The spelling involved
the selection of a letter using successive steps of separa-
tion. Starting with a predefined set of letters, split into two
equal-sized subsets, the patient’s task was to select the
subset that contained the target character. This process
was repeated until the patient selected the desired letter
and, in a further step, confirmed this selection. At the end
of the reported training procedure, this patient was able to
voluntarily produce two distinct EEG patterns, which
were associated with defined mental states. Of special in-
terest is that the patient was further able to use this im-
agery strategy to control the spelling device, which
allowed him to write with a rate of approximately one let-
ter per minute.

5.2. BCI-Based Control of Electrically Stimulated Hand
Grasp in a Tetraplegic

In a pilot project with a tetraplegic patient, functional
electrical stimulation (FES) resulting in hand grasp was
controlled by ongoing EEG activity based on an asynchro-
nous BCI, which was the result of a large number of train-
ing sessions with varying types of motor imagery over a
period of several months (19). Also in this case, regular
BCI training was performed at the patient’s home with the
help of a telemonitoring system. The inspection of the
EEG signals revealed that foot motor imagery induced
long trains of 17 Hz beta oscillations focused on the elec-
trode position near the vertex (Cz). Further on, these
mentally induced 17 Hz oscillations were used as a sim-
ple brain switch to generate a control signal for the oper-
ation of the FES using surface electrodes (Fig. 6). With
this method, the patient was able to perform hand grasp
actions in an asynchronous mode [for a detailed descrip-
tion of the procedure, see (78)].

6. PERSPECTIVES FOR THE FUTURE

To increase user acceptance, it is important to improve the
information transfer rate. This rate is currently limited to
only a few bits/min. Research papers report on 20–25 bits/
min (16) and 17 bits/min in single cases (79). For an in-
crease of the information transfer rate, it is important, on
the one hand, to enhance the classification accuracy for
the detection of specific bioelectrical brain patterns and,
on the other hand, to discriminate between three or more
different patterns. From the engineering point of view,
this means that advanced signal processing methods and
multivariate measures, like phase-coupling or instanta-
neous coherence, must be used (80).

More extensive research is also needed in the training
period to set up a classifier. The issues that need to be ad-
dressed here include the use of more powerful subject-
specific cognitive tasks, movement rehearsal strategies,
and new ways of presenting feedback. The importance of
visual feedback and its impact on premotor areas was ad-
dressed by Rizzolatti et al. (81).

Figure 5. Concept of the ‘‘telemonitoring’’ system connecting the
monitor PC of the supervisor in the lab (I) and the BCI system at
the remote place (II) (e.g., the patient’s home). The connection
between these places (III) includes a remote control (indicated by
black arrow) and a video conference function (indicated by gray
arrow) [modified from (77)].
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Most of the currently available BCI systems operate in
a cued or synchronous mode optimal to discriminate, for
example, between two brain states (9,13). In the future,
more research should be focused on the development of
noncued or asynchronous BCI systems. These systems al-
low for continuous analysis and classification of brain ac-
tivity, where the main problem is to minimize the ‘‘false
positive’’ classifications during the resting or idling state.
Preliminary prototype systems have already been intro-
duced (7,8,63).

For patient-oriented applications (spelling device, ne-
uroprosthesis), an improvement of the SNR is possible by
the use of invasive recording techniques. On the one hand,
subdural electrodes can be used to record the electrocor-
ticogram (ECoG) (5), on the other hand, intracortical re-
cordings are possible. First results on patients with an
implanted neurotropic cortical electrode have been re-
ported by Kennedy et al. (82). Studies on monkeys have
shown that 3-D cursor control by mental activity can be
achieved when multiunit activity is recorded in different
cortical areas (83,84). A vision of the future is, therefore,
that by arrays of electrodes in the motor cortex, a para-
lyzed patient can control, for example, a robotic arm in
three dimensions or a wheelchair (85,86).
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ELASTICITY IMAGING
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University of Illinois at Urbana-
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1. INTRODUCTION

Elasticity imaging refers to a broad range of imaging and
signal processing techniques for the purpose of displaying
mechanical properties of tissue (1,2). A common feature of
each technique is the application of a mechanical force
stimulus and the use of a medical imaging device to track
the resulting tissue deformation. The applied forces can be
naturally occurring, e.g., pulsatile blood flow, or externally
applied. The role of the imaging device is to provide a time
series of images (or pre-image data) that track the move-
ments of tissue microstructures. Time series data are
combined to map the spatial and temporal distributions
of the deformation. Material properties of tissue are found
from relationships between forces and deformations.
Phase-sensitive imaging modalities—ultrasound, mag-
netic resonance (MR), and optical—are most sensitive to
motion; they can track submicron-scale displacements
with sub-millimeter-scale spatial resolution. A simple
view of elasticity imaging is tissue palpation by remote
sensing.

Physicians have known for thousands of years that
tissues frequently stiffen as diseases appear and progress,
e.g., liver cirrhosis, myocardial infarction, inflammation,
atherosclerotic plaques, and cancer. Consequently, man-
ual palpation will always be part of the physical examina-
tion. When a cancerous tumor forms, for example, edema
(excessive intracellular fluid) accumulates from early in-
flammatory responses and as lymphatic drainage is lost
with increasing hyperplasia (abnormal cell density and
structure). In addition, collagen production is upregulated
as mutated epithelial cells signal the surrounding con-
nective tissues to prepare for neo-angiogenesis (new
growth of blood vessels). Edema, hyperplasia, and desmo-
plasia (active fibrotic formation) can stiffen the affected
tissues 50 times more than the surrounding regions (3)
often before other symptoms appear. Compared with x-ray
imaging, tissue stiffness provides much higher object
contrast for diagnosis.

Manual palpation is such a simple procedure that it is
recommended that women examine themselves routinely
for the first signs of breast cancer. Currently most cancers
found in patients younger than 45 years, a group that is
traditionally one of the hardest to diagnose, is through
breast self-examinations (4). During lumpectomies, sur-
geons will feel the tissues surrounding the surgical site to
search for smaller undetected lesions in the area. Lesions
that vary only in stiffness are undetected by traditional
imaging methods because imaging is generally insensitive
to mechanical stiffness unless elasticity imaging techni-
ques are first applied to the signals. Researchers studying
elasticity imaging methods are hoping to tap into a vast

underdeveloped potential of mechanical properties for
diagnosis.

This article reviews basic approaches to elasticity
imaging. An exhaustive list could be categorized based
on the imaging modality employed, the mechanical prop-
erty that is mapped into the image, the type of mechanical
stimulus applied, or the organ system and disease process
under investigation. Despite its brief two-decade history, a
concise and comprehensive review would be difficult to
complete and is perhaps premature. So we concentrate on
our experience applying ultrasonic strain imaging of
quasi-static external deformations for breast cancer detec-
tion. The next section begins with a specific example and
finishes with a brief overview of the broader literature.
Later sections describe the physics of tissue deformation
and the fundamentals of static ultrasonic elasticity image
reconstruction. The breadth of approaches to elasticity
imaging is an indication of the broad range of opportu-
nities for new insights into biological mechanisms and
medical diagnosis.

2. BACKGROUND

The physical principles of manual palpation (Fig. 1) are
reviewed to compare and contrast with those of static
ultrasonic elasticity imaging (Fig. 2). First, we define some
terminology. Stress is the force per area (1Pa¼ 1N/m2); it
can be positive (compression) or negative (tension). Strain
is a unitless quantity of deformation; it is defined as the
relative change in length and is positive under compres-
sion and negative under tension (although the sign con-
vention is arbitrary). Stresses and strains are properties
of the tissue and the experiment. Elastic moduli (there are
many) strive to describe material properties independent
of the experiment. Young’s modulus E, for example, is the
ratio of uniaxial stress to corresponding uniaxial strain. It
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Figure 1. Manual palpation of a stiff circular inclusion is illu-
strated. Part (c) is a diagram of the displacement d and strain e
profiles as a function of depth along the x-axis through the center
of the inclusion.
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has the units of stress. From the definition, materials with
large E values deform relatively little when subjected to
large compressive or tensile forces—they are stiff.

2.1. Palpation and Static Strain Imaging Examples

Lesions are palpated by gently pressing fingertips into the
skin surface to deform the tissues below (Fig. 1a). Because
tissues are elastic, a restoring force develops that pushes
back against the fingers roughly in proportion to the
deformation applied. This is Hooke’s law for elastic media,
which states that the stress s and strain e are linearly
related through Young’s modulus (5)

s¼Ee: ð1Þ

As we will see, Equation 1 is a gross simplification of the
more complicated analysis required to accurately describe
this seemingly simple deformation experiment. Yet the
complexity is a rich source of information about tissues.

The induced stress at the skin surface is sensed by the
fingertips (Fig. 1b).1 Stiff regions that lie below the fingers
will deform very little, so the surface stress increases as
the tissues above and below the stiffness compensate by
deforming more. Unfortunately the magnitude of the
stress decays quickly with depth, so superficial lesions
are more readily detected with palpation. Also palpation
provides no depth resolution for locating the position of
lesions.

Elasticity imaging can improve on manual palpation by
combining the naturally high contrast for stiffness pro-

vided by the body with the high sensitivity, depth of
penetration, and spatial resolution for motion detection
provided by imaging modalities. Figure 2a illustrates a
simple ultrasound phantom elasticity experiment analo-
gous to the example in Fig. 1. An 8-mm-diameter circular
inclusion is embedded in a uniform gelatin block.
Although it has about twice the stiffness of the tissue-
like gelatin, the inclusion cannot be palpated from the top
surface. A linear array transducer is positioned at the top
to record an ultrasound frame of echo data. The transdu-
cer is pressed into the top surface a distance of about 1–2%
of the total height of the block with the bottom surface
held fixed and the sides free to move, and then a second
echo frame is recorded. We track the movement of echoes
to measure the displacement field. Of course, the gelatin
block moves in three dimensions, so we try to control
object boundaries to keep as much of the motion as
possible in the imaging plane.

If successful, then the movement of ultrasonic echoes
can faithfully represent that of the tissue scatterers. The
displacements depicted by arrows in Fig. 2b were found
using finite element simulation software on a coarse grid.
The vertical component of displacement, which is also
along the axis of the ultrasound beam, is obtained from a
finely sampled grid and converted into grayscale to give
the vertical (axial) displacement image in Fig. 2c. The
derivative of displacement gives the strain image in Fig.
2d. Strain is preferred over displacement for imaging
because of higher image contrast (compare Fig. 2c and
Fig. 2d). We built this phantom and performed the ima-
ging experiment described over a subregion surrounding
the stiff inclusion (6). The result is shown in Fig. 2e.

The central dark region in strain indicates a region of
low deformation and high stiffness. However, regions at
the top and bottom appear dark because we did not let
those surfaces slip during compression to show the effects

predicted vertical 
displacement

predicted  strain measured strain

Linear array 
transducer

Applied 
stress, �xx

images of…

(a) (b)

(c) (d) (e)

total 
displacement

field

gelatin phantom 
w/ stiff inclusion

x
y

Figure 2. Illustration of an ultrasonic elasticity
imaging experiment for the situation in Fig. 1.
Downward compression of the top surface in (a)
generates the displacement field in (b). Images
(c)–(e) are examples of predicted and measured
displacements and strains.

1Fingers sense stress more acutely than net force. For example, a
sharpened pencil pressed into your fingertip with a force of 1 N
will raise your attention much faster than an unsharpened pencil
at a force of 10 N because the smaller area contacting the skin
generates high surface stress.
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of boundaries. In clinical imaging, the skin surface is often
lubricated to allow the transducer to slip over the surface
during compression. Strain images can be interpreted as
the inverse of Young’s modulus (stiffness) via Equation 1,
only when the applied stress is constant throughout,
which it was not in Fig. 2.

Figure 1c illustrates how displacement dx(x) and strain
exx(x) develop along the x axis (the notation is described
below). The surface near the fingertips is displaced down-
ward by the amount d0. If the stiffness of the elastic tissue
was constant, we would observe a linear displacement
curve (dotted line) and the associated strain, given by the
derivative exxðxÞ¼ddx=dx, would be constant e0. However,
this medium is heterogeneous. Because stiff objects de-
form less than their surroundings, regions above and
below deform more to keep the total deformation at d0.
Taking the derivative, we find lower strain in the inclusion
and enhanced strain immediately surrounding the inclu-
sion. Contrast enhancement is also seen in the modeled
and measured strain images of Fig. 2 as a bright region
surrounding the stiff inclusion.

3. CHOOSING FORCE STIMULUS AND IMAGING
MODALITY

The nature of the stimulating mechanical force deter-
mines which mechanical and geometrical properties of
the tissue contribute to image contrast. Stimuli may be
generalized as static (the example above) or dynamic.
Static methods employ forces that are suddenly applied
and held constant during imaging or allowed to slowly
vary in time with respect to the temporal sampling of the
imaging system, e.g., the frame rate. We imaged strain in
the example above; however, strain may also be combined
with stress estimates through constitutive equations (5) to
display a modulus (7) and thereby minimize boundary
effects. The advantages of modulus imaging must be
compared with the extra computation time and any
change in image quality or interpretation that affects
diagnosis.

The first studies to include elasticity imaging involved
measurements of deformations from slowly moving endo-
genous sources, like pulsatile blood flow (8,9). Later
methods measured deformations from exogenous sources
such as compression plates for in vivo breast imaging (10)
and balloons for in vivo vascular (11) and prostate (12)
imaging. These methods are examples of static (or some-
times quasi-static) elasticity imaging. The principal lim-
itation of static strain imaging is the strong influence of
boundaries on image contrast (e.g., Fig. 2d). Advantages
include the use of current image systems and the simpli-
city of the calculation that allows high frame rates (com-
mensurate with color-flow imaging) with spatial
resolution approaching the intrinsic resolution of the
host imaging modality.

In dynamic methods, tissues are stimulated with low-
frequency (100Hz) shear-wave vibrations. As surface vi-
brations travel into the body, ultrasound pulses are intro-
duced and echoes are recorded. The first methods
measured the amplitude (13) and phase (14) of the low-

frequency vibrations from the Doppler modulation fre-
quency of the ultrasound pulses to estimate viscoelastic
parameters of muscle and other soft tissues. The approach
became more practical for clinical investigations of tumor
imaging when color-Doppler systems were adapted to
image vibrations (15). Shear waves are attenuated in
tissues much more than compressional waves (ultrasound
pulses), so it can be difficult to mechanically stimulate
tissues deep in the body. Continuous-wave (CW) shear
vibrations allow repeated measurements and temporal
averaging when the imaging signals are weak; yet some
of the CW vibrational energy can be reflected from bound-
aries and form standing waves that interfere with image
clarity.

Magnetic resonance elastography (MRE) can provide
distinct advantages over current ultrasonic imaging tech-
niques (16). As in dynamic ultrasound approaches, an
applicator is coupled to the skin surface to introduce
low-frequency shear waves into the body. MR signals are
used to measure displacement distributions from travel-
ing shear waves in the tissue volume. Displacement waves
describe the wave speed from which shear modulus
images are quickly computed. (For example, see text below
Equation 10.) MR methods have also been proposed to
image strain from static deformations (17). The principal
advantage over ultrasound is that MR provides finely
sampled image data from a tissue volume. Volume acqui-
sition reduces signal loss from tissues moving out of the
field, and it allows for a more complete estimation of the
strain tensor (18). Current disadvantages (compared with
ultrasound) include lower temporal resolution and higher
imaging costs. The future commercialization of two-di-
mensional ultrasound arrays suggests the acquisition of
volumetric ultrasound data may not be far away. Also,
phase array MR techniques are promising to improve MR
temporal resolution. So the advantages and disadvantages
of each modality vary as technology develops.

Very high frame rate ultrasound techniques (41000 f/s)
have been shown capable of imaging shear wave propaga-
tion in real time (19). The advantage of this approach is
the possibility of using shear-wave pulses that locally
stimulate tissues. Localization of the stimulus eliminates
boundary effects and makes it possible to separate the
influence of material elastic anisotropy from object shape,
thus increasing the feature space for diagnosis. Acoustic
radiation force impulse (ARFI) methods (20,21) use the
radiation force generated by a high-intensity compres-
sional wave pulse at its focus to stimulate tissues with a
force ‘‘impulse’’ in both time and space. Then conventional
broadband imaging pulses scan the medium to record the
movement. Like static methods for mechanical stimula-
tion, the elastic modulus of the medium contributes to the
object contrast. Unlike static methods, viscous effects also
play a major role in contrast, and the isolated ‘‘push’’ from
the radiation force of the high-intensity pulse reduces
boundary effects significantly. The downside of very high
frame rate and ARFI approaches is that specialized equip-
ment is needed, and in the ARFI approach, the use of high
intensity pulses raises concerns about risks to the trans-
ducer and patient.
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Vibro-acoustic imaging (22) is another promising ap-
proach, particularly for locating calcified tissues in vas-
cular plaques and tumors. Two co-axial CW ultrasound
beams tuned to slightly different transmission frequencies
generate a harmonic radiation force that oscillates tissue
at the difference frequency near the focus. If stiff tissues,
like calcifications, are in the stimulated region, they
radiate sound energy at the difference frequency, which
is in the audible frequency range. Spatial resolution
depends on the co-axial pulse volume stimulating the
tissue, and image contrast depends on the mechanical
properties of the tissue. Sensitivity and noise are affected
by the ability of audible sound to travel out of the body to
be detected by a microphone with a high signal to ambient
noise ratio. Because low-intensity beams stimulate the
tissues, bioeffects are not a major concern. However, it is
challenging to design transducers that deliver a highly
local radiation force that can be scanned electronically at
real-time frame rates.

There are many other exciting and promising ap-
proaches. For example, MR spin tagging methods are
applied to evaluate the dynamics of the heart motion
(23), and ultrasonic strain rate imaging (sometimes called
tissue Doppler imaging) has been used for functional
myocardial assessment (24). Optical coherence tomogra-
phy can be applied like ultrasound to image displacement
and strain in atherosclerotic tissues but with much
greater motion sensitivity and spatial resolution (25).
Others have used optical tweezers to stress individual
DNA (deoxyribo nucleic acid) molecules and optical micro-
scopy to image the displacement (26). The goal was to
discover how molecular stiffness affects transcription and
replication. An excellent source of information about
many elasticity imaging approaches can be found in a
special issue in Physics in Medicine and Biology, vol. 45,
June 2000. It offers 300 pages of detailed descriptions.
Recent reviews of the physics (1) and engineering (2) of
elasticity imaging are also available.

4. FUNDAMENTAL EQUATIONS

Other aspects shared by all elasticity imaging methods are
the basic equations that describe (1) the displacement of
tissues by a mechanical stimulus and (2) the constitutive
equations that relate stress to strain. The underlying
assumptions are that tissues are a deformable continuum2

and that local displacements are small; e.g., ð@dx=@xÞ
n is

negligible for n41. The last assumption may seem difficult
to achieve considering that strain contrast increases with
the amount of applied deformation. However, if the image
data are acquired at a high frame rate while the forces are
applied, the instantaneous displacements between frames
can be accumulated (27), thus satisfying the assumption

for estimation purposes while still enhancing image con-
trast.

4.1. Constitutive Equations

To design elasticity imaging experiments and correctly
interpret the results, it is critically important to under-
stand how the stress loading of tissues and the measure-
ment of displacement or strain determine which material
properties influence the elasticity image. Equation 1 is a
very simple constitutive equation that applies to infinite-
simal deformations of one-dimensional, elastic, isotropic
media where the strains vary linearly with stress.
Although none of these assumptions are strictly true in
practice (5), they may be reasonable to assume for some
experimental conditions.

Let’s extend the medium to three dimensions leaving
other assumptions in place. To do this we must recognize
that the elements of Equation 1 are tensors, and the
general linear relation is (28)

sij¼Cijklekl: ð2Þ

The stress s and strain e tensors are second order (3 � 3
matrices) and symmetric if we avoid translation and
rotation of the tissues from the applied forces. Indices
ijkl are variables for the coordinate labels (xyz). For
example, sxy refers to the stress on a Cartesian surface
with unit normal given by the x-axis where the force is
oriented along the y-axis, i.e., a shear stress. Cauchy’s
infinitesimal strain tensors (5) are found from derivatives
of the displacement vector, exy¼ 1

2
@dy
@x þ

@dx
@y

� �

. The fourth-
order modulus tensor C contains elastic material con-
stants that characterize the medium. As s and e are
symmetric, it can be shown that C has at most 21 unique
components even if the medium is fully anisotropic. Using
directional cosines to define the isotropic axes of symmetry
for all three tensors in Equation 2, we find there are only
two unique terms: Cxxxx¼ lþ 2G and Cxxyy¼ l, where l
and G are Lamé constants described below. (Interested
readers are referred to Chapter 1 of Ref. 28 for detailed
derivations of modulus tensors given various material
property symmetries.)

The three-dimensional version of Hooke’s law in Equa-
tion 2 simplifies for isotropic media:

sij¼ l trðeÞdijþ 2Geij; ð3Þ

where tr(e)¼ exxþ eyyþ ezz is the trace of the strain matrix
that quantifies how much the volume of the medium
changes due to the applied stress and dij is the Kronecker
delta. Equation 3 is Navier’s equation for an isotropic
Hookean elastic solid (29). Strain may be separated into
two parts, eij¼ e0ijþ e00ij, where e0ij¼

1
3 trðeÞdij is the mean

dilation or contraction of the volume and e00ij the deviation
of the deformation about the mean value. This decomposi-
tion allows the diagonal stresses of Equation 3 to be
written as

sij¼ 3Ke0ijþ 2Ge00ij; for i¼ j; ð4Þ

2Tissues are a volume of interconnected particles. Define a sur-
face area element DS somewhere in the volume where DF is the
force due to particles on one side of the surface that act on
particles located on the other side. If the medium has mass
density r and stress s that can be defined as
s¼ limDS small DF=DS, then the medium is a material continuum
(5).
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where K ¼ lþ 2G=3. K is the bulk modulus that describes
how the medium volume changes under stress. G is the
shear modulus that quantifies how the medium shape
changes under the same stress. K and G are fundamental
properties of the medium, although the convenient se-
paration of strain into volumetric and shape components
in Equation 4 is only valid for infinitesimal deformations.
The numerical constants in Equations 3 and 4 develop
because of traditional definitions relating the bulk mod-
ulus to isotropic pressure, p¼ � K trðeÞ, and the shear
modulus to the amount of shear deformation g¼ 2exy, viz.,
sxy¼Gg.

It is often more convenient to propose derived moduli
for the experimental geometry that are combinations of
fundamental moduli. With all of the elastic moduli in the
literature, it can be confusing to tell which are funda-
mental and derived. To illustrate a common derived
modulus, we return to the static strain experiment of
Fig. 2 where a compressional stress is applied to the top
surface of a gelatin phantom along the x-axis, i.e., sxx. The
stress and strain matrices for this experiment are

s¼

sxx 0 0

0 0 0

0 0 0

2

6

6

4

3

7

7

5

and e¼

exx 0 0

0 eyy 0

0 0 eyy

2

6

6

4

3

7

7

5

: ð5Þ

Notice that strain components in the yz-plane are equal.
The convenient derived quantities are Young’s modulus,
E¼ sxx=exx and Poisson’s ratio m¼ � eyy=exx. Isotropic
media have two independent fundamental moduli, and
so two derived quantities are needed to characterize the
medium for this experiment. Substituting Equation 5 into
Equation 3,

sxx¼ lðexxþ 2eyyÞþ 2Gexx

0¼ lðexxþ 2eyyÞþ 2Geyy:
ð6Þ

Solving for sxx and exx, we can relate Young’s modulus and
Poisson’s ratio to the fundamental moduli E¼ 9KG

3K þG and
m¼ 3K�2G

6K þ 2G. It turns out that the bulk modulus is orders of
magnitude larger than the shear modulus in biological
tissues, KcG, so we can approximate Effi 3G and
mffi 0:5. Tissues are said to be ‘‘nearly incompressible,’’
meaning the volume change when you squeeze them is not
measurable. Lower G values mean that tissues do change
shape. Now we know that the strain images in Fig. 2
reflect shape deformations caused by spatial variations in
shear modulus (and, unfortunately, boundary effects).

The effects of boundaries are very important for static
deformations because they modify Equation 5. The fact
that we did not let the top and bottom surfaces in Fig. 2b
slide during compression or restrict movement of the
lateral boundaries had major influences on the stresses
and strains near the periphery. If we could measure the
full stress and strain tensors for each location, we could
propose convenient derived quantities for imaging that
could be directly related to K and G. Insofar as tissues are
incompressible and isotropic, exx measurements may be
used to infer the value of other strain components via m,

but tell us nothing about stress. As described, the strength
of MRE is its ability to measure displacements in three
dimensions (17), so at least the full strain tensor can be
measured.

Material properties that affect compressional (ultraso-
nic imaging) wave propagation can also be identified with
these equations. As compressional3 plane waves propa-
gate along the x-axis, tissues compress and stretch in
high- and low-pressure regions along the x-axis. The
stress and strain matrices for these conditions are

s¼

sxx 0 0

0 syy 0

0 0 syy

2

6

6

4

3

7

7

5

and e¼

exx 0 0

0 0 0

0 0 0

2

6

6

4

3

7

7

5

: ð7Þ

Derived quantities for this experiment are the wave
modulus M¼ sxx=exx¼K þ 4G=3 and stress ratio
syy=sxx¼ ðK � 2G=3Þ=ðK þ 4G=3Þ (28). Because KcG,
M ffi K, and the stress is isotropic, syy=sxx ffi 1, which is
an important result for ultrasound-based elasticity ima-
ging. It tells us that sound propagation and tissue defor-
mation depend on different material properties of the
tissue. Although sound propagation depends on the bulk
modulus, deformations depend on the shear modulus. If
they were not independent, then deformations would alter
the echo signals and ultrasound would not be able to
accurately track tissue motion.

4.2. Equations of Motion

Equation 3 is often the launching point for the develop-
ment of elasticity imaging. For linear, elastic, isotropic
solids, K, G, and mass density r completely characterize
the mechanical properties. In regions where these values
are spatially homogeneous and the effects of gravity can be
ignored, the displacement vector d may be expressed as
(1,2)

Gr2dþ K þ
G

3

� �

rðr � dÞ¼ r
@2d

@t2
: ð8Þ

The dynamic response of the medium to the various
mechanical stress and strain stimuli described in previous
sections can be found by considering the special cases of
Equation 8.

4.3. Compressional Wave Propagation

As we saw in the previous section, local pressures in
compressional waves are given by a symmetric stress
tensor. Consequently, the curl of the displacement vector,
r� d, is zero (30) so that r2d¼rðr � dÞ. Substituting this

3Particle motion is parallel to wave motion for compressional
waves. Particle motion is perpendicular to wave motion for shear
waves.
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identity into Equation 8

K þ
4G

3

� �

rðr � dÞ¼ r
@2d

@t2

r2d¼
1

c2
@2d

@t2
;

ð9Þ

where c¼ ððK þ 4G=3Þ=rÞ1=2 is the speed of a compressional
displacement wave. The response of the medium to a
stimulus may also be written as density waves but most
often appears in the literature as pressure waves (30).

4.4. Shear Wave Propagation

Shear waves are central to dynamic elasticity imaging
methods. They produce no dilation or contraction of the
medium, so the divergence of displacement, r � d, is zero
and Equation 8 reduces to

r2d¼
1

c2s

@2d

@t2
; ð10Þ

where cs¼ ðG=rÞ1=2 is the speed of the shear wave. Again
we notice that KcG so that cccs. The large speed
difference allows use of ultrasonic imaging to observe
traveling shear waves in dynamic elasticity imaging (19–
21).

4.5. Step Compression

If we apply and hold a step compression, then in steady
state, the time derivatives and divergence of displacement
are both zero. Equation 8 reduces simply to Laplace’s
equation (1), r2d¼ 0. This tells us that displacements in
homogeneous media are linear functions of position, of the
form dxðxÞ¼ e0xþ d0 in one dimension (see Fig. 1c), and
thus strains are constant. If we examine Fig. 2d, we see
that compressed heterogeneous media do not give even
piece-wise linear displacements or constant regional
strains regardless of the boundary effects. The dark (stiff)
region in the center of the strain image is surrounded by a
bright enhancement. When material properties r, K, G
vary spatially, Equation 8 must be generalized to more
accurately predict displacement and strain patterns. Spe-
cifically, terms are added to Equation 8 that account for
the heterogeneities. Closed-form expressions to more ac-
curately predict the situations depicted in Figs. 1c and 2d
are available (31).

5. IMAGE FORMATION

The previous section outlined the physics of elastic defor-
mation to help readers understand the advantages and
limitations of different approaches to elasticity imaging.
This section discusses the basics of image formation
specifically for static ultrasonic strain imaging. Recon-
struction of elasticity images from dynamic stimuli and
modulus images from static stimuli is discussed elsewhere
(2,7,18).

Imaging strategies are based on models of signal for-
mation, which requires an understanding of how tissue
properties create the imaging signals (see ultrasonic
imaging) and how stress stimuli deform the tissue proper-
ties (previous section). Common features of imaging algo-
rithms are described below.

5.1. Modeling Object Structures and Their Echo Signals (32)

Let fjðxÞ be the scattering function that describes the
spatial distribution of structures interacting with an
ultrasound pulse to produce detectable scattered waves
during acquisition of the jth ultrasonic echo frame. This is
a natural representation because tissue scattering is a
continuous function of three-dimensional position x. For
computer modeling purposes, however, it is convenient to
sample fjðxÞ and rearrange the values into a column vector
f j by lexicographical reordering.

Scatterer movement is observed by examining the
same tissue region during two or more instances in time.
Object functions present during the sequential acquisition
of echo frames are related by displacement vectors djðxÞ
that describe the movement of scatterers at each location.
In the continuous representation, we have
f jþ 1ðxÞ¼ f jðxþ djþ 1ðxÞÞ, and in the discrete representa-
tion, f jþ1¼Qjþ 1f jþ erjþ 1, where Q is a square matrix of
displacements in the tissue region occurring between
frames. The vector erjþ 1 represents registration errors
caused by sampling the continuous function.

Scanning the object with a linear imaging system
represented by the operator matrix H, we acquire the
following radio-frequency (RF) echo signals gj:

gj¼Hf jþ ej and gjþ 1¼HQjþ 1f jþ ejþ 1; ð11Þ

where ej¼Herj þ eaj and eaj is a vector of acquisition errors,
e.g., quantization and amplifier noises. The imaging sys-
tem does not depend on when the data are acquired or the
amount of deformation and therefore has no subscript.
The vectors g are the RF echo signals recorded by the
ultrasound scanner, not the B-mode image data. The
objective in elasticity imaging is to estimate Q, which
contains the spatial distribution of displacements djþ 1ðxÞ;
essentially the map of arrows seen in Fig. 2b.

5.2. Estimating Displacements

To estimateQ, we seek a transformation of gj, given by the
operator matrix D, that makes the following statement
true:

gjþ 1¼Djþ 1gj

¼Djþ 1Hf jþDjej¼HQjþ 1f jþ ejþ 1:
ð12Þ

The first line tells us to find a matrix D that displaces the
echoes of frame j so they match (are highly correlated
with) the echoes of frame jþ 1. The second line tells us this
will work perfectly (except for noise) only when the
deformation and imaging operators commute; i.e., we
can find a matrix D¼Q only when DH¼HQ. Unfortu-
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nately this statement is not true in general. To see this,
consider that H is a blurring matrix where the rows are
impulse responses (point spread functions) of the imaging
system. Deformed tissue structures of size below the
spatial resolution of the image system are not faithfully
represented in the echo signal, so there is no deformation
matrix D that can be applied to the echo signal gj that
allows the right-side equality in the second line of Equa-
tion 12 to be true. Equation 12 can be exact (except for
noise) only when H equals the identity matrix, i.e., when
we use a perfect ultrasonic imaging system where the
shift-invariant impulse response is a Dirac delta function.
As with all imaging techniques, we are most successful at
imaging displacements with the highest resolution ima-
ging systems.

Undeterred by this fundamental limitation, we press
on assuming Equation 12 is reasonably accurate. In those
situations, displacements are estimated from RF echo
frames using constrained optimization; specifically, we
seek to define a matrix D0 that minimizes the objective
function (30)

D̂jþ 1¼ argmin
D0

ðk gjþ 1 �D0gj k
2 þ a k r k2Þ: ð13Þ

k � k is the norm of the vector, a is a constant, and r is a
roughness penalty vector and a function of displacement
(33). The approach is simple to explain. Find a displace-
ment matrixD0 that minimizes the first terms on the right
side of Equation 13 and yet is subject to the constraint
that the solution must be spatially smooth, the second
term. When you find D0 that minimizes this objective
function, use it as the estimate D̂.

The simplest algorithm that follows this strategy is to
simply cross correlate subsections of gj and gjþ 1 to find
the average local displacements (6,10,20,21). For small
displacements that remain in the scan plane, numerous
correlation-based techniques can be unbiased, precise
(satisfying the maximum likelihood criterion), and com-
putationally efficient. Interested readers are referred to
the general literature on time delay estimation for details
on the estimation problem (34). It can be shown that
setting a to zero in Equation 13, completing the square,
and discarding all but the single remaining cross term is
equivalent to finding the displacement that maximizes the

cross-correlation function (32). (Terms in g2
j and g2

jþ 1

express the energy of the signals in the two frames.
They do not change with deformation provided all motion
is in the scan plane, and therefore they can be discarded
without affecting estimates.)

To demonstrate the merits of regularization, i.e., using
the smoothness penalty term in Equation 13 by setting
a > 0, consider the phantom images in Fig. 3. This is a flow
phantom that has a stiff, solid central region and a soft
flow channel that cuts diagonally across. The 7-MHz B-
mode image in Fig. 3a shows both structures as low
scattering (hypoechoic). The correlation-based strain im-
age in Fig. 3b from Ref. 6 shows the central region to be
stiff (low strain) and the flow channel to be soft (high
strain) as expected, although there is plenty of noise
particularly near the softer regions that deform to a
greater extent. This strain noise is caused by the low RF
echo signal-to-noise ratio in the flow channel, by echo
decorrelation from motion smaller than the imaging pulse
volume, and by some out-of-plane scatterer movement. We
increased a in Equation 13 as described in Ref. 33, which
constrained the space of possible displacement solutions to
those that were spatially smooth. The physics of tissue-
like material deformations told us that very rapid oscilla-
tions in displacement were nonphysical. The regulariza-
tion term excludes solutions to the objective function in
Equation 13 that are nonphysical. So the fast spatial
fluctuations in strain are treated as noise and eliminated.
Regularization is dangerous in imaging situations that
are not well understood, because prior knowledge is too
incomplete to restrict the solution space without incurring
bias errors. Regularization compromises the spatial reso-
lution of strain estimates to a degree (notice the flow
channel in Fig. 3c is wider than in Fig. 3a or b), but for
many situations, the noise improvement makes it worth
the effort.

6. SUMMARY

The objective of this article is to convince readers that
elasticity imaging has much to offer research in biological
sciences and medical diagnosis. Although current ap-
proaches impose stringent assumptions about the re-
sponse of tissues to mechanical stimuli and are forced to
create images with limited sensory information from the

(a) (b) (c)

B-mode Strain Strain

Figure 3. Images of an ultrasonic phantom with a
stiff circular inclusion and a soft flow channel. The
strain image in (b) was obtained from Equation 13
without regularization, i.e., a¼0, using the correla-
tion algorithm described in Ref. 6. The strain image
in (c) was also obtained from Equation 13 but with
regularization, a > 0, and using the optical flow
algorithm described in Ref. 33.
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imaging device, they nevertheless provide unique diag-
nostic information about structure and function. The
diversity of approaches to elasticity imaging is testament
to the richness and importance of the topic.

Today many researchers apply the methods outlined
above to biological tissues in the hope of discovering the
range of information available for describing detailed
biological processes. Eventually we may find that this
simple material science analysis is insufficient; specifi-
cally, imaging algorithms will need to be based on more
realistic (and complicated) constitutive equations than
Equation 3. Modifications might include use offinite stress
and strain tensors (29), quasi-linear or nonlinear viscoe-
lastic theory (5), and a fuller accounting of poroelastic and
viscoelastic effects (29,35). The natural analytical com-
plexity that adds to the feature space for diagnosis will
continue to be exploited as long as there is valuable new
information to be obtained.
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1. INTRODUCTION

The theory of elasticity deals with the systematic study of
the stress, strain, and displacement fields in an elastic
body under the influence of external forces. The problem
consists of a system of three partial differential equations,
which must be satisfied by an elastic body in equilibrium
under any external force system. We note that simplifying
assumptions are used in elasticity, taking into account the
consequence of the approximations involved. The response
of a solid body to external forces is influenced by the
geometric configuration of the body as well as by the
mechanical properties of the material. We deal with
elastic materials (i.e., materials in which the deformation
and stress disappear with the removal of the external
forces).

The elasticity of biological materials is also presented.
Although living tissues are not elastic in nature, in limited
ranges of stress, strain, and temperature they may follow
an elastic behavior. We must provide assumptions and
simplified models that are considerably useful in biome-
chanics for determining the elastic constants of selected
biological materials. A deeper understanding of the tissue
elastic properties can provide invaluable information
about the normal function of various organs, predict
changes because of pathophysiological alterations, and
help to propose methods of surgical treatment and artifi-
cial intervention. Examples of biomechanical testing
methods and imaging techniques that are used to provide
quantitative information and assist health-care profes-
sionals in diagnosis and treatment are also demonstrated.

We have organized this chapter as follows. Initially, we
describe the theory of elasticity giving definitions and the
most important equations. Next, we address biological
materials that follow elastic or nearly elastic behavior.
Finally, we present an approximate solution for the hu-
man skull.

2. INDEX NOTATION AND CARTESIAN TENSORS

The use of summation conventions and certain symbols
enables the equations of a continuum to be developed and
displayed with remarkable brevity. We first equip all
variables by numerical indices instead of by individual
letters or alphabetic subscripts. Thus, we use x1; x2; x3
instead of x; y; z.

Using index notation, we may write the equation

u¼a1x1þa2x2þa3x3: ð1Þ

Using a conventional summation symbol, Equation 1 may

be written as

u¼
X

3

i¼ 1

aixi: ð2Þ

Introducing the summation convention, Equation 2 re-
duces to:

u¼aixi; ði¼ 1; 2;3Þ: ð3Þ

A repeated index may be changed to a different repeating
index. Thus,

aixi¼ajxj¼ akxk ð4Þ

and

w¼a11x1x1þa12x1x2þa13x1x3

þa21x2x1þa22x2x2þa23x2x3

þa31x3x1þa32x3x2þa33x3x3

¼aijxixj¼ akmxkxm; ði; j; k;m¼ 1; 2; 3Þ:

ð5Þ

Two special symbols find wide use in indicial representa-
tion of equations.

The first is the Kronecker’s delta, defined as

dij¼
1; i¼ j

0; iOj:

(

ð6Þ

The second is the permutation symbol, defined as

eijk¼

þ 1; ijk even permutation of 1; 2; 3

�1 ijk odd permutation of 1;2; 3

0; any two indices equal:

8

>

>

<

>

>

:

ð7Þ

Thus, we have

d11¼ d22¼ d33¼ 1; dii¼ d11þ d22þ d33¼ 3;

d12¼ d23¼ 0; etc:;

and

e123¼ e231¼ e312¼ 1; e213¼ e321¼ e132¼ � 1

e112¼ 0; e223¼ 0; etc:

Finally, the derivative notation will be indicated by
comma followed by an index, that is

f ;j ¼
@f

@xj
; wi;j¼

@wi

@xj
: ð8Þ

A number of the common vector operations may be easily
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written in index notation:

a � b � aibi

a�b � eijkajbk

rf � f;i

r � b � Fi;i

r�F � eijkFk;j

r � rf � f;ii:

ð9Þ

We note that the permutation symbol and the Kronecker’s
delta are related by the e-d identity

eijkemnk¼ dimdjn � dindjm:

A tensor of order n, in 3D space, is a set of 3n quantities
that transform from one coordinate system xi by a speci-
fied law, as follows:

n order transformation law

0 zero ðscalarÞ f ¼ f 0

1 one ðvectorÞ f 0i ¼ lijfj

2 twoðdyadicÞ f 0ij¼ likljlfkl

3 three f 0ijk¼ lilljmlknflmn

4 four f 0ijkl¼ limljnlkpllqfmnpq

i; j; k; l;m;n;p; q¼ 1; 2; 3;

ð10Þ

where

lij¼ cosðx0i; xjÞ¼e0i � ej¼ cosðe0i;ejÞ

are known as direction cosines.

3. STRESSES

The stress is the central physical concept of continuum
mechanics and elasticity theory and explains the trans-
mission of force through a continuum medium.

3.1. The Stress Vector Concept

It will be convenient to separate the forces, acting on a
continuum, into two classes: (i) surface tractions and (ii)
body forces and moments. Surface tractions are force
distributions that are applied to the surface of the con-
tinuum, whereas body forces act on the internal matter of
the continuum. Body forces are the action of gravity,
magnetic attraction or repulsion, and so on.

Let us consider a subregion A of a continuum in a state
of static equilibrium subjected to surface tractions over its
hypothetical surface S and to body forces and moments
throughout A (Fig. 1).

The point P belongs on the surface of the subregion A
and on the complementary region B. We consider the
transmission of forces from B to A across the tangent p

in the neighborhood of P. We denote by DS a small
subregion of p containing P. The force resultant acting
on the area DS, caused by the action of B upon A, is
denoted by the symbol DF. We define the stress vector t
acting at P by

t¼ lim
DS!0

DF
DS
¼

dF

dS
: ð11Þ

It is important to note that, although P is held fixed, the
vector t will change for variations in the orientation of n,
t¼ tðnÞ. We note that in the framework of the elementary
theory of elasticity we adopt the assumption that the
couple-stress vector C¼CðnÞ¼0.

3.2. State of Stress at a Point

At a point P, Cauchy’s stress principle associates tðnÞ with
each normal vector n. The vector n represents the orien-
tation of an infinitesimal surface element having P as an
interior point. The totality of all possible pairs of tðnÞ and
n at P defines the stress state at that point. In order to
specify every pair ðt;nÞ, we only need the stress vector on
each of three mutually perpendicular planes at P.

We now study an infinitesimal rectangular parallele-
piped at the point P and erect a set of Cartesian coordi-
nates xi parallel to the sides, as shown in Fig. 2. Each
coordinate axis corresponds a unit vector ei; i¼ 1; 2; 3.

Each traction ti may be written in terms of its Carte-
sian components in the form

ti¼ sijej; ð12Þ

P

B

A

P

A

S

t
n

−n

�

�

Figure 1. Stress vector.
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which is expanded explicitly into three equations

t1¼s11e1þ s12e2þ s13e3

t2¼s21e1þ s22e2þ s23e3

t3¼s31e1þ s32e2þ s33e3:

ð13Þ

The coefficients s11; s12; . . . ; s33 are known as components
of stress or stresses. The entire array forms the stress
tensor. Its components follow the transformation rule

skl¼ lkilljsij; i; j; k; l¼ 1; 2; 3; ð14Þ

where lki are the direction cosines.
At every point P of a continuum medium, the stress

state is completely determined by knowing the stress
tensor sij,

sij¼

s11 s12 s13

s21 s22 s23

s31 s32 s33

0

B

B

@

1

C

C

A

; sij¼ sji: ð15Þ

The symmetry of sij will be proved.
The subscript and sign conventions for components or

stress sij are as follows:

i) The first subscript refers to the normal ei, which
denotes the face on which ti acts.

ii) The second subscript j corresponds to the director ej

in which the stress acts.
iii) The so-called normal components skk, perpendicu-

lar to the planes, are positive if they produce
tension and negative if they produce compression.

iv) The components sij, iOj, acting on the planes, are
called shearing stresses. The difference between the
positive and negative shear directions is quite
arbitrary for most materials.

The relationship between sij and ti on a plane of arbitrary
orientation n at P is given as (Cauchy’s principle)

tðnÞi ¼sijnj: ð16Þ

The stress vector t is usually decomposed into a normal

stress tn and a tangential stress tt, that is (Fig. 3)

t¼ tnþ tt; ð17Þ

where

tn¼ tnn; tn¼n � t; ð18Þ

ttj j ¼ ðtiti � t2nÞ
1=2: ð19Þ

3.3. Principal Directions and Stresses

As the stress tensor is a second-order tensor, at least one
basis exists, called the principal basis of the stress tensor,
in which the matrix representing this tensor is diagonal,
that is

sij¼

s1 0 0

0 s2 0

0 0 s3

0

B

B

@

1

C

C

A

: ð20Þ

The three components s1; s2; and s3 are called the princi-
pal stresses.

If the stress tensor is given in a nonprincipal basis, the
principal stresses are the roots of the equation

detðsij � sdijÞ¼ 0: ð21Þ

The principal stress direction nðkÞi are solutions of the

x1

x2

x3

σ21

σ11

σ12

σ13

σ22

σ23
σ31

σ33

σ32

e1 e2

e3

t3

t2

t1

Figure 2. Components of stress.

P

n

t

tt

tn

Figure 3. Normal and tangential components of the stress
vector.

ELASTICITY 3



equations

ðsij � sðkÞdijÞn
ðkÞ
j ¼ 0: ð22Þ

The principal vectors are mutually orthogonal to each
other.

In the case where the surface at a point P is normal to a
principal direction nðiÞ, we find

ðtnÞi¼ si

ðtiÞi¼ 0; i¼1; 2; 3:
ð23Þ

For a principal direction, the shear stress is zero; the
principal directions are such that t be collinear with n.

In a principal stress space, we have

tnð Þ1¼ s1n1; tnð Þ2¼ s2n2; tnð Þ3¼ s3n3; ð24Þ

and from Equation 19, we get

t2t ¼ s21n
2
1þ s22n2

2þ s23n
2
3 � ðs1n2

1þ s2n2
2þ s3n2

3Þ
2: ð25Þ

The maximum and minimum values of tt may be obtained
from Equation 25 by the method of Lagrange multipliers
by constructing the function.

F¼ t2t � lnini; ð26Þ

where nini¼ 1 and l is a scalar, which is called Lagrange
multiplier.

The relations between the stresses sij expressed in the
basis ek; k¼ 1; 2; 3ð Þ and the stresses s0kj in the basis
ek; k¼ 1; 2; 3ð Þ are obtained according to the rule in Equa-
tion 14.

In the case of a rotation about the direction e3, we have

s011¼ s11 cos2 yþ 2s12 sin y cos yþ s22 sin
2 y

s012¼ s22 � s11ð Þ sin y cos yþ s12ðcos2 y� sin2 yÞ

s013¼ s13 cos yþs23 sin y

s021¼ s012

s022¼ s11 sin
2 y� 2s12 sin y cos yþs22 cos2 y

s023¼ � s13 sin yþ s23 cos y

s31¼ s013; s032¼ s023; s033¼ s33:

ð27Þ

In the case where the initial basis is the principal one, the

preceding relations reduce to:

s011¼ s1 cos2 yþ s2 sin2 y

s012¼ s2 � s1ð Þ sin y cos y

s013¼ 0; s021¼ s012

s022¼ s1 sin2 yþ s2 cos2 y

s023¼ 0; s031¼ 0; s032¼ 0; s033¼ s3:

ð28Þ

3.4. Particular States of Stresses

It has been established that any number of tractions may
be calculated at P, each associated with a single plane
passing through P and identified by the corresponding
unit normal. According to the projection theorem, the
relationship between any two tractions at P, say tðaÞ and
tðbÞ, and their associated normals, say nðaÞ and nðbÞ, is
stated to be

tðaÞ � nðbÞ ¼ tðbÞ � nðaÞ: ð29Þ

The projection theorem may be used to define several
special cases of stress.

3.5. Plane Stress

Let us consider that, on one plane passing through P, no
stresses exist, that is t¼0. The projection theorem states
that the traction on any other plane passing through P
must be parallel to that plane. Conversely, if it is estab-
lished that the traction on any plane is parallel to another
plane, then the latter plane will also be stress-free, which
is known as a state of plane stress and is of practical use
because it allows the elasticity problem to be reduced from
three to two dimensions, which greatly facilitates the
mathematical solution. It is obvious that if one of the
principal stresses is zero, the state of stress is plane.

3.6. Linear Stress

If two nonparallel planes exist on which t¼0, the traction
on any other plane must be parallel to both of these planes
and also to their line of intersection, which is a state of
linear stress and is essentially a 1D problem. In this case,
two principal stresses vanish.

3.7. Hydrostatic Stress

If the principal stresses si; i¼ 1; 2; 3 are all equal, then the
stress state is hydrostatic and the shearing stresses
sij; iOj are zero.

3.8. Pure Shear

If, for any coordinate system,

sij¼ 0; i¼ j;
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then the state of stress is called pure shear because only
shear stresses sij with iOj exist.

4. DEFORMATION

A real continuum changes its shape when subjected to
surface tractions and body forces, in other words, it de-
forms under loads. One of the main problems of elasticity
theory is the determination of the deformation of a medium
from some reference configuration.

4.1. Strain

We consider the undeformed and deformed states of a
continuum (Fig. 4). It is convenient to designate two sets
of Cartesian coordinates xi (initial) and Xi (final),
i¼ 1; 2;3.

The neighboring points Q and q are separated from P
and p by the differential distances

dsð Þ2¼dxidxi

and

dSð Þ2¼dXidXi; ð30Þ

respectively.
In Fig. 4, u represents the displacement of P to p and

uþdu the displacement of Q to q. From the diagram, we
obtain

dsþ uþduð Þ¼uþ dSð Þ ð31Þ

or

du¼dS� ds; ð32Þ

and

dSð Þ2� dsð Þ2¼dXidXi � dxidxi: ð33Þ

Remark: We note that the functions Xi¼Xiðx1; x2; x3Þ
and xi¼ xiðX1;X2;X3Þ are taken to be single valued and
continuously differentiable with respect to each of their
independent variables as many times as may be required,
except possibly at singular points, curves, and surfaces. A
physically possible deformation of a real material requires
that

det
X1;X2;X3

x1; x2; x3

� �

> 0; ðJacobianÞ: ð34Þ

We may now select either the initial or the final coordi-
nates as the basis for further computations. We choose the
initial coordinates xi, so that

Xi¼Xi x1; x2; x3ð Þ

and

dXi¼
@Xi

@x1
dx1þ

@Xi

@x2
dx2þ

@Xi

@x3
dx3¼Xi;jdxj: ð35Þ

The displacement vector is expressed as

u¼u1e1þu2e2þu3e3¼uiei;

or

ui¼Xi � xi; ð35aÞ

in component form.
Substituting Equation 35 into Equation 33, and taking

into account that xi;j¼ dij, we obtain

dSð Þ2� dsð Þ2¼Xi;jdxjXi;kdxk � dxidxi

¼ ðXi;jXi;k � dijdikÞdxjdxk

¼f xiþuið Þ;j xiþuið Þ;k�djkgdxjdxk

¼fðdijþui;jÞðdikþui;kÞ � djkgdxjdxk

¼fdjkþuj;kþuk;jþui;jui;k � djkgdxjdxk

¼ ðuj;kþuk;jþui;jui;kÞdxjdxk;

or

dSð Þ2� dsð Þ2¼ 2eijdxidxj; ð36Þ

where

eij¼
1

2
ðui;jþuj;iþuk;iuk;jÞ¼ eji ð37Þ

are the components of the Lagrangian, material, strain
tensor.

For linear small deformation theory, the second-order
infinitesimal uk;iuk;j is neglected in comparison with those
of the first order. The components of the deformation

p

q

dS

ds

P

Q

ds

dS

Undeformed

Deformed

u

p(Xi)

P(Xi)

x3, X3

x2, X2

x1, X1

u + du

q(Xi + dxi)

Q(Xi + dxi)

Figure 4. Displacement vector.
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tensor are then reduced to:

eij¼
1

2
ðui;jþuj;iÞ¼ eji: ð38Þ

It may be written in matrix form as follows:

eij¼

e11 e12 e13

e21 e22 e23

e31 e32 e33

0

B

B

@

1

C

C

A

; ð39Þ

where

e11¼
@u1

@x1
; e12¼ e21¼

1

2

@u1

@x2
þ

@u2

@x1

� �

;

e13¼ e31¼
1

2

@u1

@x3
þ

@u3

@x1

� �

;

e22¼
@u2

@x2
; e23¼ e32¼

1

2

@u2

@x3
þ

@u3

@x2

� �

; e33¼
@u3

@x3
:

ð40Þ

4.2. Physical Interpretation of Strain Components

Let us consider two infinitesimal elements PP1 and PP2 at
the point P parallel to the axes 0x1 and 0x2, respectively,
that is

PP1¼e1dx1; PP2¼e2dx2:

In the deformed state, the points P, P1 and P2 are at P0, P01
and P02, respectively (Fig. 5). Thus, we have

P0P01¼u Pð Þþd1u Pð Þ;

where

d1uðPÞ¼e1
@u1

@x1
dx1þe2

@u2

@x1
dx1: ð41Þ

The term

@u1

@x1
dx1¼ e11dx1

represents the extension of the element PP1, in the direc-
tion e1. Thus, e11 represents the elongation per unit
length, called the normal strain at the point P in the
direction e1. Similarly, e22¼ @u2

@x2
represents the strain at the

point P in the direction e2.
From Fig. 5, we have

tan g1¼
@u2

@x1
dx1

dx1þ
@u1

@x1
dx1
�

@u2

@x1
;

because j@u1=@x1j{1. Finally, we can write

g1 �
@u2

@x1
:

Similarly, the angle g2 is

g2 �
@u1

@x2
:

From the previous analysis, we deduce that the angle
between the directions P0P01 and P0P02 originally equal to
p=2, at the point P before deformation, is decreased after
deformation by the angle g1þ g2¼ g12 with

g12¼ 2e12: ð42Þ

Thus, e12 represents half the angular deformation at the
point P between the directions PP1 and PP2. The deforma-
tion g12 is called shear strain at P between the directions
e1 and e2. Analogous interpretations are given to the
other component of strain tensor.

4.3. Compatibility Conditions

The linearized strain field is characterized by six scalar
functions eij, whereas the displacement field ui can be fully
specified by three scalar functions. The two fields are
related by the expression

2eij¼uijþuj;i: ð43Þ

It is clear that a sufficiently well-behaved displacement
field ui will generate an equally well-behaved strain field
by differentiation. The converse is not necessarily true.
For this reason, we need to find an integrability condition
for the set of six partial differential equations.

x1

x2

P P1

P2

P1
′

P2
′

P ′
( )Pu( )Pu

( )Pu

dx1

dx2

1γ

2γ

u1dx1x1

∂
∂

u2dx1x1

∂
∂

( )d1 Pu

u2dx2x2

∂
∂

u1dx2x2

∂
∂

( )d2 Pu

Figure 5. Deformation at a point P.
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The following equations,

e11;22þ e22;11¼ 2e12;12

e22;33þ e33;22¼ 2e23;23

e33;11þ e11;33¼ 2e31;31

�e23;1þ e31;2þ e12;3
� �

;1
¼ e11;23

e23;1 � e31;2þ e12;3
� �

;2
¼ e22;31

e23;1þ e31;2 � e12;3
� �

;3
¼ e33;12;

ð44Þ

called compatibility relations, are the necessary and suffi-
cient conditions that ensure the existence of a single-
valued continuous displacement field for a simply con-
nected region, resulting from the solution of Equation 43.
We note that the six compatibility equations are not
independent and are reduced to only three independent
conditions.

4.4. Principal Strains

As the strains have the same second-order tensor char-
acter as the stresses, the system of principal strains is the
eigenvalues determined from the characteristic equation

detðeij � edijÞ¼ 0; ð45Þ

which is analogous to Equation 21. The three roots
ek; k¼ 1; 2; 3 are the principal strains.

The corresponding eigenvectors designate the direc-
tions associated with each of the principal strains and
are determined from the algebraic system

ðeij � eðkÞdijÞn
kð Þ

j ¼ 0; nðkÞj nðkÞj ¼ 1: ð46Þ

These directions are mutually perpendicular and, for
isotropic elastic materials, coincide with the directions of
the principal stresses.

Of particular physical significance is

eii¼ui;i; ð47Þ

which is called dilatation and is related to the volume
change. For the shape change, the shear strains are
responsible.

Note, because the strain tensor has a table of compo-
nents similar to that of the stress tensor, the transforma-
tion equations are expressed in the same form as for the
stress tensor.

4.5. Particular States of Strains

i) A strain state at a point is a state of a uniform
dilatation if and only if

eij¼ edij; eO0:

The strains are equal whatever the direction.

ii) A strain state is uniaxial if and only if two principal
deformations are zero.

iii) A strain state at a point is a state of plane deforma-
tions if and only if one of the principal deformations
is zero.

iv) An arbitrary strain state can always be considered
as the superposition of states of particular deforma-
tions.

5. THE ELASTIC BEHAVIOR OF MATERIALS

The strain and stress fields in a medium are related by
laws called constitutive or material laws, characterizing
the mechanical behavior of the medium, which are de-
duced from experimental observations and allow us to
have the best description of the experimental results.
Experience shows that numerous deformable solids have,
at a given temperature, linear elastic behavior.

5.1. Uniaxial Behavior

The most elementary description of material behavior is
the well-known Hooke’s law, which refers to a 1D exten-
sional test:

s11¼Ee11; ð48Þ

where E is called the modulus of elasticity or Young’s
modulus. This test also reveals some additional bases of
material characterization, as shown in Fig. 6.

The material that is loaded only to a level below the
yield strain and unloads along the same path is called
elastic. If the path is linear as well, the material is said to
be linearly elastic. It is also possible to have nonlinear
elastic materials for which the coincident paths are
curved. Both of these possibilities are addressed by the
theory of elasticity. In what follows, only the former case is
considered in some details.

L

∆L

F

F

0
0

Slope = E

Yield Plateau

L

L

∆
�Y
�e

�P

�Y �

�Y : Yield Limit
�e : Elastic Limit
�P : Limit of Linear Elasticity

�11 =

�

Figure 6. Stress-strain curve for mild steel.
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5.2. Generalized Hooke’s Law

In order to postulate a linear relationship between each
component of stress and strain, it is necessary to establish
the existence of a strain energy density W that is a
homogeneous quadratic function of strain components,
WðeijÞ. A body that is slightly strained by gradual applica-
tion of the loading, while the temperature remains con-
stant, will produce stress components derivable as follows:

sij¼
@W

@eij
: ð49Þ

We note that the function should have coefficients such
that W � 0 in order to ensure the stability of the material,
with Wð0Þ¼ 0 W(0)¼ 0 corresponding to a natural or zero-
energy state.

The generalized Hooke’s law is written as

sij¼Cijklekl; ð50Þ

where Cijkl is a fourth-order tensor (34¼ 81 components).
As W is continuous, the order of differentiation in

Equation 49 is immaterial and Cijkl is symmetric. Thus,
the number of independent components (elastic constants)
is reduced to 21.

The corresponding strain energy function is (1)

2W¼C11e211þ2C12e11e22þ 2C13e11e33þ 2C14e11e12þ 2C15e11e23

þ 2C16e11e31þC22e222þ 2C23e22e33þ 2C24e22e12þ 2C25e22e23

þ 2C26e22e31þC33e233þ 2C34e33e12þ 2C35e33e23þ 2C36e33e31

þC44e212þ 2C45e12e23þ 2C46e12e31

þC55e223þ 2C56e23e31

C66e231;

ð51Þ

and the generalized Hooke’s law in matrix form is given as

s11

s22

s33

s12

s23

s31

2

6

6

6

6

6

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

7

7

7

7

7

5

¼

C11 C12 C13 C14 C15 C16

C21 C22 C23 C24 C25 C26

C13 C23 C33 C34 C35 C36

C41 C42 C43 C44 C45 C46

C51 C52 C53 C54 C55 C56

C61 C62 C63 C64 C65 C66

2

6

6

6

6

6

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

7

7

7

7

7

5

e11

e22

e33

e12

e23

e31

2

6

6

6

6

6

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

7

7

7

7

7

5

;

ð52Þ

where Cij¼Cji.
Equation 50 can be written in the inverse form as

follows

eij¼Sijklskl ð53Þ

or analogous to Equation 52 with

S¼C�1: ð54Þ

The coefficients Sij¼Sji are called the compliance con-
stants.

The transformation of Equations 50 and 53 follow the
rules of the Cartesian tensors (Equation 10).

5.3. Material Symmetries

The preceding characterization of a material is the most
general with which we need to be concerned. Such a
material is termed anisotropic. Fortunately, most engi-
neering materials possess properties of symmetry about
one or more of the planes or axes, which allow the number
of independent constants to be reduced. This reduction is a
function of the symmetry exhibited by the material under
consideration.

5.3.1. Monoclinic Material. A monoclinic material is
one that has a symmetry plane. The form of the matrix
C must be such that a change of reference system carried
out by a symmetry about this plane does not modify the
matrix. In the case in which the symmetry plane is the
ðx1; x2Þ-plane, the exploitation of the transformation rela-
tions leads to matrix C of the form:

C11 C12 C13 0 0 C16

C12 C22 C23 0 0 C26

C13 C23 C33 0 0 C36

0 0 0 C44 C45 0

0 0 0 C45 C55 0

C16 C26 C36 0 0 C66

2

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

5

: ð55Þ

The number of independent elastic constants Cij is re-
duced to thirteen.

5.3.2. Orthotropic Material. An orthotropic material
has three symmetry planes that are mutually orthogonal.
The existence of the two orthogonal symmetry planes
implies the existence of the third; therefore, C is obtained
by adding a symmetry plane orthogonal to the preceding
one of the monoclinic material. The invariance of C under
a change of reference system carried out by symmetry
about the second plane leads to C of the form:

C11 C12 C13 0 0 0

C12 C22 C23 0 0 0

C13 C23 C33 0 0 0

0 0 0 C44 0 0

0 0 0 0 C55 0

0 0 0 0 0 C66

2

6

6

6

6

6

6

6

6

6

6

6

4

3

7

7

7

7

7

7

7

7

7

7

7

5

: ð56Þ

The number of independent elastic constants Cij is re-
duced to nine.
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5.3.3. Unidirectional Material. A unidirectional (compo-
site) material can be considered as being made of a fiber
embedded in a cylinder of matrix (Fig. 7).

The material behaves as an orthotropic material hav-
ing one axis of revolution in addition. The material is then
called a transverse isotropic material. A change of refer-
ence system produced by an arbitrary rotation about this
axis must leave C unchanged. Using this property, we get:

C13¼C12; C33¼C22; C55¼C66

C44¼
1

2
C22 � C23ð Þ:

ð57Þ

Thus, the properties of a unidirectional material are
determined by five independent elastic constants. The
bone is usually modeled as a transverse isotropic material
(2,3).

5.3.4. Isotropic Material. A material is isotropic if its
properties are independent of a choice of its reference
axes. The usual materials, with the exception of wood,
typically satisfy this model at a macroscopic level. In this
case, C must be invariant under every change of ortho-
normal basis. The application of this property to a uni-
directional material leads to:

C22¼C11; C23¼C12; C66¼
1

2
C11 � C12ð Þ: ð58Þ

Thus, the number of independent constants is reduced to
two.

Introducing the Lamè coefficients l and m, we have

C12¼ l; m¼
1

2
C11 � C12ð Þ ð59Þ

and

C11¼ lþ 2m: ð60Þ

After Equations 59 and 60, Hooke’s law Equation 52 can

be written as

sij¼ ldijekkþ 2meij; ð61Þ

where ekk¼ e11þ e22þ e33 is the dilatation of the material.
The normal stresses (i¼ j) are written as

sii¼ ldkkþ 2meii; ð62Þ

and the shearing stresses ðiOjÞ as

sij¼ 2meij: ð63Þ

The deformations as functions of stresses are easily
obtained as

eij¼ �
l

2m 3lþ 2mð Þ
dijskkþ

1

2m
sij: ð64Þ

The elasticity equations are usually written as functions
of the engineering constants. For an isotropic material,
these constants are: (i) Young’s modulus, (ii) Poisson’s
ratio, and (iii) shear modulus. These engineering con-
stants are measured in simple mechanical tests.

In the case of uniaxial tension or compression, the only
nonvanishing stress is s11O0.

It follows that sij¼ 0 for iOj. The normal deformation
in the test direction is, by Equation 64,

e11¼ �
l

2m 3lþ 2mð Þ
s11þ

1

2m
s11 ð65Þ

and

s11¼Ee11; ð66Þ

where

E¼
m 3lþ 2mð Þ

lþ m
ð67Þ

is the Young’s modulus.
The transverse strains are

e22¼ e33¼ �
l

2m 3lþ 2mð Þ
s11¼ �

l
2 lþ mð Þ

e11

or

e22¼ e33¼ �
n
E
s11¼ � ne11; ð68Þ

where

n¼
l

2 lþ mð Þ
ð69Þ

is called the Poisson’s ratio.
In a simple shear test, the only nonvanishing stress is

s12¼ tO0.

Fiber

Matrix

x1

x2

x3

Figure 7. Unidirectional composite material.
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The stress-strain relations are then reduced to

s12¼ 2me12¼ mg12; ð70Þ

where g12 is the shear strains between the two orthogonal
directions x1 and x2. The coefficient m¼G is called the
shear modulus.

In the case of hydrostatic stress state, we have

sij¼pdij; ðpo0Þ ð71Þ

and the principal stresses are

s1¼ s2¼ s3¼p

and

sij¼ 0; iOj: ð72Þ

It follows that the strain state is spherical and

p¼ lþ
2

3
m

� �

ekk¼Kekk;

where K ¼ lþ 2
3 m is called the bulk modulus.

Although the engineering constants E, G, and n are
convenient, we realize that only two constants are inde-
pendent because G¼ m and E; n are defined in terms of l
and m. The Lamé coefficients in terms of E and n are given
as

m¼
E

2 1þ nð Þ
; l¼

nE
1þ nð Þ 1� 2nð Þ

: ð73Þ

In order for l to remain finite, we must have

�1ono0:5: ð74Þ

From Equation 68, it is difficult to visualize no0, because
it implies that an elongational strain in the direction e1

would result in an expansion in the direction e3 as well.
For n¼ 0:5, the material is said to be incompressible.
Rubber-like materials exhibit this type of behavior.

Remarks:

1. Temperature changes may be a source of important
stresses in elastic materials. The constitutive Equa-
tion 61, in the presence of the temperature differ-
ence T � T0, is given as

sij¼ 2meijþ ldijekk � adij 3lþ2mð Þ T � T0ð Þ; ð75Þ

where T0 is the reference temperature and a is the
coefficient of thermal expansion.

2. A substance called antirubber was developed by
Prof. R. Lakes (4), with an indication of negative
Poisson’s ratio.

3. A homogeneous material is characterized by proper-
ties that are identical at every point. At the engi-
neering level, the character of heterogeneity

appears whenever the physical or mechanical prop-
erties of a material are functions of a point. The
concept of rendering homogeneous a heterogeneous
material is called homogenization, and it is used to
describe the mechanical properties of the composite
materials (5).

6. MECHANICS OF DEFORMABLE BODIES

The description of the problem of continuum mechanics,
and elasticity as well, is obtained by applying to the
deformable body the basic principles of mechanics.

6.1. Principles of Linear and Angular Momentum

These principles are formulated as follows (Fig. 8):
Principle of linear momentum:

Z

V

f dV þ

Z

S

tðnÞdS ¼

Z

V

rüdV; ð76Þ

where r is the mass density, f denotes the body forces, and
ð
::
Þ¼ ð Þ:tt

Principle of angular momentum:

Z

V

r� fdV þ

Z

S

r� t nð ÞdS ¼

Z

V

r� rüdV : ð77Þ

Introducing the index notation

f ¼ fiei

r¼ xjej ð78Þ

t nð Þ ¼ t nð Þ
i ei¼ sjinjei;

x1

x2

x3

S

V

P

r

t

f

Figure 8. Body under traction and body forces.
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and the indicial representation

r� f�eijkxjfk

r� tðnÞ�eijkxjslknl ð79Þ

r� ü�eijkxjük:

The above-mentioned principles are expressed as follows:
Principle of linear momentum:

Z

V

fidVþ

Z

S

sjinjdS¼

Z

V

rüidV : ð80Þ

Principle of angular momentum:

Z

V

eijkxjfkdV þ

Z

S

eijkxjslknldS ¼

Z

V

eijkxjükdV : ð81Þ

Using the divergence theorem,

Z

V

wi;idV ¼

Z

S

niwidS;

Equation 80, assuming sij 2 C1, becomes

Z

V

ðsji;jþ fi � rüiÞdV¼ 0: ð82Þ

As the region of integration is arbitrary, Equation 82 is
satisfied if the integrand vanishes, that is

sji;jþ fi � rüi¼ 0: ð83Þ

Equation 83 represents the three equations of motion in
terms of the nine unknown components of sij.

Equation 81 is written as

Z

V

ðeijkxjfkþ ðeijkxjslkÞ;j � eijkxjükÞdV ¼ 0; ð84Þ

taking into account that

xi;j¼ dij; ð85Þ

and the equation of motion Equation 83, the expression of
the principle of angular momentum, reduces to:

Z

V

eijkdjlslkdV ¼

Z

V

eijksjkdV ¼ 0;

which is satisfied if

eijksjk¼ 0: ð86Þ

Equation 86 leads to

sij¼ sji; ð87Þ

which is the statement of the symmetry of the stress tensor
provided that the couple-stresses are absent (4).

The general problem of the mechanics of deformable
bodies is posed in the following way. Let B be a deformable
body bounded by a boundary S (Fig. 9).

The body subjects to body forces fi and to conditions at
S called boundary conditions. These conditions are

u¼us; 8P 2 Su

t¼ ts; 8P 2 St;
ð88Þ

where Su [ St¼S and Su \ St¼;.
The problem consists of determining ui and sij at every

point of B, under the action of the imposed fields satisfy-
ing:

(i) The equations of motion Equation 83

sij;jþ fi¼ rüi: ð89Þ

(ii) The strain-displacement relations Equation 38

eij¼
1

2
ðui;jþuj;iÞ: ð90Þ

(iii) The compatibility relations Equation 44

eij;klþ ekl;ij � eik;jl � eij;lk¼ 0: ð91Þ

(iv) The boundary conditions Equation 88,

Su

St

S

us

ts

(B)

Figure 9. Boundary conditions.
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and

(v) The constitutive law

sij¼ ~sij elkð Þ: ð92Þ

In the case of an isotropic material, Equation 92 is
expressed by Equation 61. The constitutive law in terms
of the displacements ui is given as

sij¼ ldijuk;kþ mðui;jþuj;iÞ: ð93Þ

Replacing Equation 93 into the equations of motion Equa-
tion 89, we obtain

muj;iiþ lþ mð Þui;ijþ fj¼ rüj: ð94Þ

Equation 94 are three equations of motion in terms of the
displacements and constitute a classic displacement for-
mulation (Navier–Cauchy equations). In the case where
the field ui is continuous and differentiable, the corre-
sponding field eij always satisfies the compatibility rela-
tions Equation 91. The solution of Equation 94 produces
functions ui¼uiðxk; tÞ and constants of integration that
are evaluated from boundary conditions Equation 88,
expressed in terms of the displacements, and the initial
condition.

ui¼ui xk; 0ð Þ;
.
ui¼

.
ui xk;0ð Þ: ð95Þ

The equations of motion, using the vector operator

r¼
@

@x1
e1þ

@

@x2
e2þ

@

@x3
e3¼

@

@xi
ei

are written as

mr2uþ lþ mð Þrr � uþ rf ¼ rü: ð96Þ

An alternate to the classic formulation is to synthesize the
equations of motion in terms of stresses sij (6).

Remarks:

i) As the equations of linear elasticity are linear, the
principle of superposition is valid. If, for example,
ðsð1Þij ;uð1Þi Þ represent a solution to the system, Equa-
tions 89, 90, and 93, with body forces f ð1Þi and
ðsð2Þij ;uð2Þi Þ represent a solution for body forces f ð2Þi ,
then

sij¼ s 1ð Þ
ij þ s 2ð Þ

ij ; ui¼u 1ð Þ
i þu 2ð Þ

i

represent a solution to the system for body forces

fi¼ f 1ð Þ
i þ f 2ð Þ

i :

ii) The proof of the existence of a solution of the above
problems involves great mathematical difficulties.
At present, however, the solvability of all boundary
value problems of the theory of elasticity is estab-
lished under rather general conditions. Assuming
the existence of solutions of the foregoing boundary
value problems, we proceed to the proof of their
uniqueness.

iii) When solving problems of the theory of elasticity,
reference is often made to Saint Venant’s principle.
If, in solving a problem, the boundary conditions
are prescribed in full accord with the actual dis-
tribution forces, the solution may be very compli-
cated. Based on Saint Venant’s principle, it is
possible, by softening the boundary conditions, to
obtain a solution that will give, for a major portion
of the body, a field of the stress tensor very close to
the actual one. Thus, the given force system applied
to a small part of an elastic body is replaced by any
convenient, simplifying the problem, statically
equivalent force system applied to the same part
of the surface of the body.

6.2. Elasticity Equations in Curvilinear Coordinates

The use of cylindrical (Fig. 10) as well as spherical
geometry (Fig. 11) are imposed on numerous problems,
in particular when the problem is one of a revolution.

6.2.1. Cylindrical Coordinates. In terms of cylindrical
coordinates ðr; y; x3Þ, the elasticity equations are given as

x1

x2

x3

er

e�

e3

x3

rθ

Figure 10. Cylindrical coordinate system.
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follows:

err¼ur;r; eyy¼
1

r
uy;yþ

1

r
ur;

e33¼u3;3; ery¼
1

2

1

r
ur;yþuy;r �

1

r
uy

� �

; ð97Þ

er3¼
1

2
ðu3;rþur;3Þ; ey3¼

1

2
uy;3þ

1

r
u3;y

� �

;

srr;rþ
1

r
sry;yþ sr3;3þ

1

2
srr � syyð Þþ rfr¼ rür;

sry;rþ
1

r
syy;yþsy3;3þ

2

r
sryþ rfy¼ rüy; ð98Þ

sr3;rþ
1

r
sy3;yþ s33;3þ

1

r
sr3þ rf3¼ rü3:

6.2.2. Spherical Coordinates. In terms of spherical co-
ordinates (r;f; y), the elasticity equations are given as

follows:

err¼ur;r; eyy¼
1

r
uy;yþ

1

r
ur;

eff¼
1

r sin y
uj;jþ

1

r
urþ

cot y
r

uy;

erf¼
1

2

1

r sin y
ur;f �

1

r
ufþuf;r

� �

; ð99Þ

ery¼
1

2

1

r
ur;y �

1

r
uyþuy;r

� �

;

efy¼
1

2

1

r
uf;y �

cot y
r

ufþ
1

r sin y
uy;f

� �

;

srr;rþ
1

r sin y
srf;fþ

1

r
sry;yþ

ð2srr � sff � syyþ sry cot yÞ
r

þ rfr¼ rür;

srfþ
1

r sin y
sff;fþ

1

r
sfy;yþ

ð3srfþ 2sfy cot yÞ
r

þ rff¼rüf;

ð100Þ

srf;rþ
1

r sin y
sfy;fþ

1

r
syy;yþ

ð3sryþ ðsyy � sffÞ cot yÞ
r

þ rfy

¼ rüy:

6.3. Energy Considerations

Let us consider a class of arbitrary displacements uiþ dui

consistent with the constraints imposed on the body. Thus,
dui must vanish over Su, but it is arbitrary over St. We
further assume that ui 2 C3 and to be such an order of
magnitude that the material remains elastic. The displa-
cements dui are called virtual displacements.

In static equilibrium, the virtual work done by the body
force fi per unit volume and the surface tractions
tðnÞi ¼ sijnj per unit area is given as

Z

V

fiduidV þ

Z

S

sijnjduidS : ð101Þ

The second integral can be transformed according to the
divergence theorem, and we have:

Z

S

sijduinjdS ¼

Z

V

ðsijduiÞ;jdV

¼

Z

V

sij;jduidV þ

Z

V

sijduij dV

¼

Z

V

sij;jduidV þ

Z

V

sij
1

2
ðdui;jþ duj;iÞdV :

ð102Þ

The last step is justified on account of the symmetry of sij.

x1

x2

x3

er

e�

e�

x3r

θ

φ

Figure 11. Spherical coordinate system.
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Taking into account that si;jjþ fi¼ 0, in equilibrium,
from Equation 102 we obtain

Z

V

fiduidV þ

Z

St

tðnÞi duidS¼

Z

V

sijdeijdV : ð103Þ

This equation expresses the principle of virtual work. We
note that the surface integral needs only be integrated
over St, because dui vanishes over the surface Su where
dui¼ 0.

If the function WðeijÞ exists, so that

sij¼
@W

@eij
; ð104Þ

then Equation 103 can be written as

d
Z

V

WdV�

Z

V

fiduidV�

Z

St

tðnÞi dui dS¼ 0: ð105Þ

Setting

U¼

Z

WdV; ð106Þ

where U is the total strain energy and

�dA¼

Z

V

fi duidV þ

Z

S

tðnÞi duidS; ð107Þ

where –A is the potential energy of the loading if such a
single function exists, the principle of virtual work is
written in the equivalent form

d UþAð Þ¼ dUT ¼ 0; ð108Þ

where UT ¼UþA is the total potential energy.
In the case of a deformable body in motion, Equation

105 is written as:

d
Z

V

WdV ¼

Z

V

fi � rüið ÞduidV þ

Z

S

tðnÞi duidS : ð109Þ

To bring in a functional, the preceding equation is inte-
grated between two instants t1 and t2, such that the
variations dui satisfy the boundary conditions:

dui¼ 0 on Su; for t¼ t1 and t2: ð110Þ

Integration by parts shows that

Z t2

t1

Z

V

rüidüidV ¼ � d
Z t2

t1

Tdt

� �

; ð111Þ

where

T¼
1

2

Z

V

r .
ui

.
uidV ð112Þ

is the kinetic energy of the body in motion.

Taking into account the results obtained, we finally
lead to:

d
Z t2

t1

U � TþAð Þdt¼ 0: ð113Þ

This equation constitutes the variational equation, in
its most general form, of the motion. The term

L¼U � TþA ð114Þ

is called the Lagrangian function, and Equation 113
represents Hamilton’s principle.

7. ELASTICITY OF BIOLOGICAL MATERIALS

The mechanical properties of most engineering materials
can be characterized quite precisely, but the mechanical
properties of biological materials have not been reduced to
precise tables. Unlike engineering materials, living mat-
ter is dynamic and its biomechanical properties are a
function of age, diet, disease, and heredity. Furthermore,
living tissues have material properties that vary with
respect to location (inhomogeneity), direction (anisotropy),
loading rate or time (viscoelasticity), and load magnitude
(nonlinearity).

Elastic biological materials are actin, elastin, and
collagen, which constitute structural elements of most of
the biological materials (7). Actin protein forms thin
filaments in muscles and is also present in red blood cells,
endothelial cells, and other cells. Elastin, the most ‘‘line-
arly’’ elastic biosolid, provides elasticity to connective
tissues and is found in the skin, walls of blood vessels,
lung tissue, and elastic ligaments. Collagen fibers are the
most common connective tissue fibers and give mechanical
integrity and strength to our bodies. Collagen is the main
load-bearing element in blood vessels, skin, tendon, liga-
ments, bone, cartilage, fascia, and so on. In the simplest
structural organization, tendons and ligaments consist of
parallel collagen fibers, whereas more complex fiber net-
works are found in the skin and blood vessels.

The mechanical properties of tissues vary depending on
how those elastic structural elements, together with
ground substance (a viscous biological fluid that fills the
intercellular space), are organized into a structure. For
instance, the fiber network of skin in the region of joints
provides considerable capability of flexing, whereas in
directions where no significant need for movement exists,
skin does not possess high flexibility.

7.1. Viscoelasticity

Biological tissues and other materials, such as polymer
plastics and rubbers, do not exhibit an elastic behavior
like metals, but their stress-strain relationship is time-
dependent. These materials also have a ‘‘memory’’ in the
sense that current strain or stress is always dependent on
the loading history, and when the load is removed, some
residual strain remains for a period of time. Such materi-
als are called viscoelastic. The term viscoelastic stems
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from viscosity, which is a fluid property demonstrating the
fluid’s resistance to flow, and from elasticity, which is a
solid material property.

When a viscoelastic material is suddenly subjected to
constant strain, the corresponding stresses in the material
gradually decrease with time. This property is known as
stress relaxation. If the material is suddenly stressed to a
constant stress level, the material keeps deforming, ex-
hibiting a property called creep. Finally, another feature of
viscoelasticity is the hysteresis of the stress-strain rela-
tionship in which a material undergoing cyclic loading
follows a different path in the loading process than in the
unloading.

Many mechanical models exist that are often used to
describe the viscoelastic behavior of materials, such as the
Maxwell model, the Voigt model, and the Kelvin model (7).
The simplest representation of viscoelasticity is the Max-
well model, in which this behavior is the combined effect of
a Hookean solid and a Newtonian liquid. The former
provides an elastic component and the latter a viscous
component. From the latter, stress is proportional to the
strain rate

.
e and the constant of proportionality is denoted

n, the coefficient of viscosity. According to the Maxwell
model, the relationship between stress s, strain e, and
time is

s¼Eeþn
.
e: ð115Þ

The Young’s modulus of a viscoelastic material is not a
constant as for metals, for example, but it depends on the
rate and history of the loading process.

7.2. Pseudo-Elasticity

A drastic simplification to reduce the quasi-linear viscoe-
lastic constitutive equation of a living tissue to a pseudo-
elastic constitutive equation can be used. This simplifica-
tion is possible only if a tissue can be preconditioned. To
test a tissue in any specific procedure of loading and
unloading, it is necessary to perform the loading cycle a

number of times before the stress-strain relationship is
repeatable. This process is called preconditioning. The
stress-strain relationship is then well defined, repeatable,
and predictable. For the loading curve and the unloading
curve separately, the stress-strain relationship becomes
unique. As stress and strain are uniquely related in each
branch of a specific cyclic process, the material can be
treated as one elastic material in loading and another
elastic material in unloading. Thus, the theory of elasticity
can be used to handle an inelastic material. However, it is
called pseudo-elasticity to denote that we actually deal
with an inelastic material.

7.3. Plasticity

Plasticity implies permanent (unrecoverable) deforma-
tions. Biological tissues may undergo plastic deformations
following elastic behavior when loaded beyond their elas-
tic limit. This limit is called the Yield limit (see also Fig. 6).

7.4. Examples of Elastic Properties of Biological Materials

No real material is known to behave exactly as a Hookean
elastic solid. However, in limited ranges of temperature,
stress, and strain, some materials may follow the Hookean
law (Equation 50) accurately. In Table 1, we depict the
Young’s Modulus, ultimate strength (the stress a material
can sustain before failure), and Poisson’s ratio of selected
living tissues and, for comparison purposes, of represen-
tative engineering materials. The values are only indica-
tive and attention should be paid when referring to them
because accurate determination of the elastic properties
depends on the measuring technique, type of loading
(compression, tension, etc.), condition (in vivo, in situ, in
vitro), specimen type (e.g., descending or ascending aorta),
temperature, and so on.

7.5. Biomechanics and Elasticity

Biomechanics, in a general sense, is the interdisciplinary
field that studies the mechanical properties of tissues, in

Table 1. Mechanical Properties of Selected Biological and Engineering Materials

Material Young’s Modulus (MPa) Ultimate Strength (MPa) Poisson’s ratio

Actin 2.2
Elastin 0.3–0.6
Collagen fibers 0.1–1�103

Skin 0.1–4 40.4
Fat 20�10� 3

Smooth muscle 10–100�10� 3

Blood vessels walls 0.2–0.9 40.4
Tendon, ligament 1–2�103 50–100
Cartilage 0.5–1 40.45
Cortical bone 10–20�103 100–150 0.37
Trabecular bone 1�103 8–50 0.33
Rubber 10 0.5
Stainless steel 2.2�105 850 0.3
Aluminum alloy 70�103 450 0.35
Titanium 1.1�105 900 0.32
Bone cement 2�103 20
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which the load actions and their effects on tissues are
investigated. A deeper understanding of the tissue proper-
ties can provide invaluable information about the normal
function of various organs in the body (e.g., function of
heart valves), predict changes caused by alterations (e.g.,
breast cancer, atherosclerosis, osteoporosis), and help to
propose methods of artificial intervention (e.g., orthopedic
prosthesis fixation). Thus, diagnosis, surgery and prosthe-
tics can be greatly benefited by such knowledge.

Changes in tissue elasticity, for example, are generally
associated with pathological phenomena. Tumors of the
breast, liver, and prostate appear as extremely hard
nodules (8), whereas diseases involving fatty or collage-
nous deposits increase or decrease tissue elasticity. Simi-
larly, in cardiology, when an atherosclerotic lesion in the
wall of a blood vessel calcifies, it becomes noticeably stiffer
in comparison with the surrounding tissue (9). Further-
more, when researchers or professionals investigate the
use of new biomaterials for tissue replacement (e.g.,
mechanical heart valve), one critical design consideration
is the accurate knowledge of the properties of the tissue to
replace. Also, the material properties are significantly
necessary in computational models, such as finite element
models and boundary elements models, for a realistic
description of the tissue under investigation and in order
for the results to have merit.

As tissue is inelastic, but exhibits viscoelastic proper-
ties, it becomes evident that the problem of how to
describe its mechanical properties requires a significant
degree of simplification. To a first approximation often
used in tissue characterization, tissue has been assumed
linear elastic. Such simplification models hold great va-
lidity under the influence of small strains (o1%), in which
case soft tissue can be considered to be a linearly elastic
biosolid (8); however, for larger strains (o10%), the elastic
modulus cannot be assumed constant for a tissue. Addi-
tionally, the elastic properties may be better defined if
they are specified at a given operating stress or strain. In
the following, we describe biomechanical methods for
evaluating the elastic coefficients of some representative
biological materials.

7.6. Biomechanical Methods for Measuring the Elastic
Constants of Living Tissues

Many research groups focus their work on the develop-
ment of sophisticated methods that explore various tech-
niques for quantitative measurement or imaging of the
mechanical properties of the tissues. The methods can be
noninvasive or invasive; nondestructive or destructive for
the material under examination; and can be performed in
vivo, ex vivo, in vitro, or in situ. Another categorization
refers to the type of tissue excitation and can be listed as
follows:

* Application of static or nearly static stress.
* Quasi-static tissue deformation based on very slow
vibrations (less than 10Hz).

* Application of low-frequency (up to 500Hz) vibra-
tions, by means of mechanical excitation. These
techniques are based on the measurement of the

amplitude, phase, or velocity of the induced tissue
motion, using imaging techniques, such as Magnetic
Resonance Imaging (MRI), Computer Tomography
(CT), ultrasound, or optical techniques.

* Ultrasonic testing, in which the propagation of ultra-
sound waves is used to measure the elastic constants
of the material.

7.6.1. Compressive Testing. Compressive testing is a
popular technique for evaluating in vitro the properties
of cancellous and, to a lesser extent, cortical bone (10), and
the mechanical properties of soft tissues in vivo (8).
Compressive testing of bone requires the specimens to
be cylinders or cubes, but parallel faces are critical. Three
(orthogonal) specimens are needed to measure three
orthogonal moduli of elasticity. For instance, the elastic
constants of bone are usually measured in the longitudi-
nal (along the long axis) direction and perpendicular
(transverse or radial) to the long axis.

7.6.2. Indentation Testing. Indentation is one common
modality of in vivo compressive testing of soft tissues.
Indentation devices are used to determine the biomecha-
nical behavior of the residual limb’s subcutaneous tissue
of persons with amputation in order to acquire the in-
formation to be incorporated into the computer-aided de-
sign and computer-aided manufacturing (CAD/CAM)
process of the prosthetic socket design. Other clinical
applications involve the in vivo evaluation of the breast
and prostatic carcinoma and liver and thyroid cancer.
Indentation testing can be characterized as mechanical
or ultrasonic depending on the means of ascertaining the
deflection/displacement of the tissue.

7.6.3. The Mechanical Indentation Device. Mechanical
indentation devices include a cylindrical sliding indenter
probe used to load the limb soft tissues in a controlled
deflection mode. The load information is obtained by a
sensor cell placed at the probe, as it makes contact with
the soft tissues. Data collected throughout the loading and
unloading cycles are used to plot the load-deflection curves
of the soft tissues. Assuming the application of small
strains and considering the soft tissues to be a homoge-
nous, isotropic, elastic continuum solid, we can calculate
the Young’s modulus E of the limb, for given displacement
(d) and measured load (P) using the formula (11):

E¼
Pð1� v2Þ

2ad
; ð116Þ

where v is the Poisson’s ratio (which can be set at 0.5 in
the case soft tissue and is regarded as an incompressible
material) and a is the radius of the indentor.

However, as the soft tissues are known to exhibit highly
nonlinear stress-strain characteristics, a single value for
the Young’s modulus is not representative of the tissue
properties. Based on this knowledge, an estimation of the
‘‘pseudo’’ Young’s modulus can be made by taking the
average of a number of values at specific points in the
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load-deflection curve for several cycles of loading-unload-
ing.

7.6.4. Ultrasound Indentation Systems. Ultrasound in-
dentation systems have been employed to monitor the
change in thickness of the limb’s soft tissues. A pen-sized
cylindrical ultrasound transducer (typically operating at
5MHz) placed at the tip of the indentor is used to
determine the deformation of the tissue from ultrasound
echo signals (11). A load cell is connected in series with the
ultrasound transducer to record the corresponding force
response. The tissue deformation as a function of time is
determined from the echo signals before and after tissue
deformation. The tissue/bone interface provides a good
reflector, which is used as a reference point for the
measurement of the time-of-flight of the echo signals.
The Young’s modulus of the limb’s soft tissues is derived
from Equation 116. Applications involving static or quasi-
static (below 10Hz) loadings of the region have been
reported. Ultrasound pen-sized indentation devices are
suitable for handheld solutions.

The major drawback of the above indentation methods
is that the soft tissues are assumed to be homogenous, and
the modulus extracted using Equation 116 can be re-
garded as an effective Young’s modulus for the full-thick-
ness bulk tissue. Current trends in this field involve the
measurement of the deformation of each of the inner
layers of the residual limb, such as skin, fascia, muscles,
tendons, ligaments, connective tissue, and bone.

7.6.5. Elastography. During an elastographic examina-
tion, the tissue is compressed by the application of a quasi-
static stress through a compressor (indenter), and the
resulting local axial (longitudinal) strains (in the order
of 1% or less) inside the tissue are measured from differ-
ential ultrasonic speckle displacement. If one or more
tissue elements have a different stiffness than the others,
the level of strain in that element will be higher or lower.
For instance, a cancerous lesion in the breast will experi-
ence less strain than the normal subcutaneous fat. The
longitudinal strain is estimated by acquiring a set of echo
lines from the tissue region before and after the compres-
sion. By using cross-correlation techniques, the change in
arrival time of the echoes before and after compression
can be estimated and is then converted to the actual
displacement of each of the small tissue elements. The
uniaxial compressive stress applied to the tissue is gen-
erally not constant along the axis of compression, but is a
function of depth. If the dimensions of the compressor,
however, are large compared with the investigated depth,
the stress field inside the medium can be assumed uni-
form. In this case, the elastic modulus Ei of each of the
tissue elements i is calculated from the ratio of the applied
stress to the measured local strain ei. When smaller
compressors are used, the assumption of uniform stress
is not valid, and therefore, theoretical models of the stress
distribution inside the tissue (assuming medium to be
elastic) can correct the method and provide a more accu-
rate value of the elastic modulus. Scanning the whole
tissue, a 2D image called the Elastogram can be obtained,
which maps the Young’s modulus distribution within the

tissue. The values of the elastic modulus are displayed as
gray levels in the image, or they can be pseudo-colored.
This method has been used in breast, liver, and prostate
cancer detection (8).

7.6.6. Vibration Sonoelastography. Vibration sonoelas-
tography is the imaging technique that detects a hard
lesion by looking at the disturbance in the amplitude or
the phase of low-frequency wave propagation (20–
1000Hz) inside tissue, using Doppler-based techniques
(8). From these maps, the wave propagation velocity and
dispersion properties are derived and the tissue hardness
is estimated through the relationship between the Young’s
modulus and the velocity of propagation, density, and
frequency of the mechanical wave. Therefore, an indirect
assessment of tissue elasticity is achieved. Current trends
of sonoelastography involve the use of viscoelastic models,
the presence of organ-organ or tissue-tissue boundary
conditions, and the employment of advanced signal and
image processing techniques.

7.6.7. Micro and Nano-Indentation. Micro- and nano-
indentation has been widely used in materials science
since mid-1980s for probing the mechanical properties of
materials in the microstructural level. In a typical experi-
ment, a diamond conical indenter applies small indenta-
tions at precise locations on a surface while continuously
monitoring load-displacement data. The properties com-
monly measured are the Young’s modulus and the hard-
ness (the resistance of a material to indentation) and can
be determined with a spatial resolution better than 1 mm.
Micro- and nano-indentation is useful in determining the
topographical variation of elastic constants of soft and
hard tissues. One example of micro-indentation testing
includes the in situ evaluation of articular cartilage with-
out the need for removing cartilage specimens from the
underlying bone and thus providing more realistic mea-
suring conditions and minimal specimen preparation.
Nano-indentation has also been performed on individual
trabeculae and single osteons and interstitial lamellae in
cortical bone. The necessity for a microscopic bone exam-
ination is based on recent findings suggesting that the
elastic moduli of bone’s microstructural components are
different than those of dense cortical bone. Therefore, the
effect of aging and of pathophysiological conditions can be
examined at both the macroscopic level and microscopic
level (12).

7.7. Tensile Testing

Uniaxial tension is the easiest test that can be performed
on a biosolid for the in vitro measurement of its elastic
constants. A specimen of usually cylindrical shape is
prepared and stretched in a testing machine; however,
specialized clamps/grips machining for mounting is
needed. The load and elongation (elongation is better
determined by means of extensometers) are recorded
and can then be converted to stress-strain curves, from
which the stiffness, Young’s modulus, ultimate tensile
strength, and other metrics can be easily derived, whereas
Poisson’s ratio measurements require biaxial extens-
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ometers. Three orthogonal specimens are needed for mea-
suring three orthogonal moduli of elasticity.

Tensile testing has extensively been performed on blood
vessels (9), tendons, ligaments (13), muscles, bones (10)
and so on. The tissue specimens are usually immersed in a
water (or physiological saline solution) bath or kept wet so
as to mimic in vivo conditions. Additionally, key design
considerations in the testing of excised arteries include
the simulation of blood flow and pressure, because the
induced error in the measuring of the elastic constants can
be up to 30% (9). Tensile testing of bone has shown that
bone is stronger in compression than tension (i.e., the
ultimate strength is lower when the bone is subjected to
tensile loading).

7.8. Bending Testing

Bending testing is used for measuring the properties of
bones during fracture healing and of small bones from
rodents. Typical modalities include three- and four-point
bending testing. In bending, a combination of compression
and tension about the neutral axis exist. The stiffness (or
flexural rigidity) is calculated from the slope of the load-
deflection curve, whereas Young’s modulus, stress, and
strain are usually derived from formulae developed for
isotropic beams with uniform cross section. For three-
point bending, the equations are (10):

E¼
F

d
�

L3

48I
; ð117Þ

s¼
FLc

4I
; ð118Þ

where c is the distance of the load from the center of the
mass, F is the applied load, d is the displacement, L is the
span length between the supporters, and I is the cross-
sectional moment of inertia. The ratio F/d in Equation
117 is often chosen as the slope of the load-deflection
curve. In bending testing, some deformation because of
induced shear stresses always exists (causing 10–15% of
the measured deformation), which causes an underesti-
mation of Young’s modulus. It has been reported that the
method error for long bones ranges from 7–15% (10). As in
compressive and tensile testing, three orthogonal speci-
mens are needed for three orthogonal moduli of elasticity.
Various techniques have also been developed to determine
in vivo the bending stiffness of healing bones by attaching
strain gauges to external fixation devices or to custom-
made frames. Clinical studies have shown that a bending
stiffness of 15 Nm/degree can be used as a safe criterion for
functional bony union.

7.9. Torsion and Pure Shear Testing

Torsion is commonly used for measuring the mechanical
properties of whole-bone specimens in shear. The shear
modulus of elasticity G can be calculated from the torsion-
twist curve according to (10):

G¼
T

y
�

L

K
; ð119Þ

where T is the applied torque, y is the induced twist, L is
the specimen length, and K is the torsional constant (for
the case of circular cross section, K is the polar moment of
inertia). The constants I and K in Equations 117–119 can
either be calculated for regular cross sections (e.g., circu-
lar or elliptical cross sections) or be better computed for
more realistic geometries using an image of the bone’s
cross section (e.g., slice form CT) and applying the paral-
lel-axis theorem.

Although torsional testing creates shear stresses, de-
termination of shear properties from torsion is quite
sensitive to measurement errors. Several other methods
have been developed for producing pure shear stresses in
bone, including tension-compression of notched specimens
and generation of shear (transverse) mechanical waves.
Bone is weaker in shear than in tension.

Shear testing has also been employed for the evalua-
tion of the material properties of soft tissues, such as skin,
myocardium, and articular cartilage. For instance, shear
loading of the skin is a significant factor in the formation
of pressure ulcers on hospitalized patients, and thus
measurement of skin’s shear properties may provide a
more critical determination of the preventive value of
surface supports or mattress overlays. Additionally, shear
deformation of myocardial layers is believed to play an
important role in the mechanical function of the heart. A
typical shearing testing configuration includes the attach-
ment of a small tissue specimen to an upper and lower
platen. Simple shear deformation is generated by the
relative quasi-static or oscillatory displacement of the
upper and lower platen, while the resultant forces are
simultaneously recorded (13).

7.10. Multiaxial and Combined Loading Testing

Biaxial and triaxial (usually tensile) tests have also been
employed to obtain the tensorial relationship of the speci-
men under interrogation. In this case, the testing devices
have to be more elaborate than uniaxial devices because of
the need to control more boundary conditions. Multiaxial
is usually performed on thin soft tissue specimens, with
the specimens mounted on the device in trampoline-like
fashion. Strain is usually measured with the use of optical
techniques. Applications to the testing of the skin and
lung tissue have been reported in the literature (14).

7.11. Ultrasonic Testing

The use of elastic waves, especially in the ultrasonic
frequency range, has been largely employed in the evalua-
tion of cancellous and cortical bone. Ultrasonic testing has
the advantage that the preparation and shape of the bone
specimens is less complicated than that required in me-
chanical testing, the testing procedure is nondestructive
for the material and thus allows for in vivo measurements
as well, anisotropic properties can be measured from one
sample, and the experimental design is relatively simple.

The propagation characteristics of elastic waves in
anisotropic media are determined by the elastic constants
of the material. Using the theory of small amplitude
elastic wave propagation in anisotropic solids, the rela-
tions between propagation velocity and elastic properties
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are obtained. Below an ultrasonic method for calculating
the elastic constants of bone is described, assuming the
bone to be linear elastic, homogeneous, and orthotropic, by
measuring the velocity of longitudinal (or compressional)
and transverse (or shear) waves propagating in particular
directions in the bone specimen. The method is often
referred to as a cube-cutting technique, because a cubic
bone specimen is used and the cube’s edges are cut at an
angle of 451, as shown in Fig. 12. Thus, the normal to each
cube’s face is in the principal direction, whereas the cut
edges are in the ðiþ jÞ=

ffiffiffi

2
p

direction, making up a total of
six pair of faces. Solving the governing equation for elastic
waves in homogeneous elastic media with unbounded
dimensions (the Christoffel equation) and orthotropic ma-
terial symmetry (15), the relation between velocities and
elastic constants (Cij from Equation 52) are as follows:

C11¼ rc21

C22¼ rc22

C33¼ rc23

C44¼ rc223¼ rc232

C55¼ rc213¼ rc231

C66¼ rc212¼ rc221

C12¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ðC11þC66 � 2rc212=12Þþ ðC22þC66 � 2rc212=12Þ
q

� c66

C13¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ðC11þC55 � 2rc213=13Þþ ðC33þC55 � 2rc213=13Þ
q

� c55

C23¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ðC22þC44 � 2rc223=23Þþ ðC33þC44 � 2rc223=23Þ
q

� c44;

ð120Þ

where ci is velocity of a longitudinal wave propagating in
direction i, cij is the velocity of a shear wave propagating
in direction i with particle motion in direction j, and cij/ij is
the velocity of a quasi-longitudinal or quasi-transverse
wave propagating in direction ðiþ jÞ=

ffiffiffi

2
p

with particle
motion in the i-j plane. Using the cube-cutting method,
18 measurements can be obtained, namely, one longitudi-
nal and two shear velocities for each of the six pair of faces,

which are enough to determine the nine independent
elastic constants of orthotropy.

The above relations are valid when the wavelength of
the propagating wave is (i) larger than or comparable with
the cross section of the specimen and (ii) larger than the
characteristic dimensions of the structure. In such a case,
the mode of wave propagation is called bar wave propaga-
tion, as opposed to bulk wave, guided wave propagation,
and so on. For cortical bone, the above requirements are
satisfied for ultrasound waves in the 0.2–10MHz fre-
quency range, whereas for cancellous bone in the 50–
100KHz range. Small cube specimens can be used with
dimensions as small as 5mm for cortical and 10mm for
cancellous bone.

Table 2 contains the elastic constants of cortical bone
determined from in vitro ultrasonic measurements (at
2.25MHz operating frequency) (2). The cortical cubic
specimens were taken from the midshaft of the tibia of a
human cadaver with no history of bone disease. The
density of the bone specimens was determined by the
Archimedes’ Principle and the ultrasound propagation
velocity by using the pulse-transmission technique. In
this technique, the velocity is determined by the sample
thickness and the time-of-flight (i.e., the transit time of
the first-arriving signal). From the calculated elastic con-
stants, it is observed that E3 > E2 > E1; G23 > G13 > G12,
and v12; v21; v31 > v32 > v23; v13 and that no significant var-
iation occurs around the circumference of the bone. These
findings have also been confirmed by other researchers
using mechanical testing and, generally in the literature,
the bone is considered an orthotropic material. It has to be
noted that the strain rate induced by ultrasound waves is
very low (2), and thus the elastic constants correspond to
quasi-static rates. Ultrasonic testing of bone has found
numerous applications to the evaluation of osteoporosis
and fracture healing (16).

8. APPROXIMATE SOLUTIONS OF THE ELASTICITY
EQUATIONS—THE PROBLEM OF FREE VIBRATIONS OF AN
ELASTIC CAVITY

Approximation methods are used when exact solutions of
a problem in the mechanics of deformable bodies cannot be
derived. We try to approximate the solution ukðxjÞ with
certain boundary conditions by an expression

~uk¼
X

n

i¼ 1

aikfiðxjÞ; k; j¼ 1; 2; 3; ð121Þ

where fi are known functions chosen a priori and the set
of which forms the functional basis. The coefficients aik

that are to the determined are called generalized coordi-
nates.

We may take one of the following approaches:

i) each fiðxjÞ satisfies the boundary conditions and
ii) each fiðxjÞ satisfies the differential equation.

Figure 12. (a) The cube-cutting method is presented, in which
three velocity measurements can be obtained for each pair of faces
and (b) the material to be cut away is illustrated so that the
velocity c12=12 can be measured.
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In either case, an error function can be defined, and it is
required to be as small as possible.

For example, consider the case (i). Let the differential
operation of the elasticity equation Lm, then we have

LmðukðxlÞÞ ¼0; k; l;m¼ 1; 2; 3: ð122Þ

A substitution of Equation 121 into Equation 122 gives the
error

em xið Þ¼Lm

X

n

i¼ 1

aikjiðxjÞ

 !

; ð123Þ

which must be minimized.
The definition of the best approximation can be varied.

For example, Galerkin’s ideas of minimization of errors is
based on orthogonalization of them with respect to the set
of the given functions jl, that is (3)

Z

V

emðxjÞflðxjÞdV ¼ 0; m; j¼ 1; 2; 3; l¼ 1;2; . . . ;n: ð124Þ

The generalized coordinates alk are determined from the
system of algebraic equations (Equation 124). In the
Rayleigh-Ritz method, the best approximation is one
that makes the approximate total potential energy extre-
mal. To ensure convergence of approximated solutions, as
n increases, the functional basis fi must be complete. A
functional basis is said to be complete if an arbitrary
function can be represented in its domain of definition
by increasing the number of generalized coordinates.

For the case (ii), we shall discuss the free vibrations
problem of a hollow sphere (17). We assume that the
material is homogeneous and isotropic. The displacement
field u satisfies the equation

mr2u r; tð Þþ lþ mð Þrr � u r; tð Þ¼ r
@2u r; tð Þ

@t2
; r 2 V: ð125Þ

For the problem under discussion, we assume that

u r; tð Þ¼Re½u0 rð Þeiot�; ð126Þ

where o denotes the angular frequency measured in
radians/sec and i¼

ffiffiffiffiffiffiffi

�1
p

.
Replacing Equation 126 into the equation of motion, we

obtain the well-known Navier frequency equation:

mr2u0 rð Þþ lþ mð Þrr � u0 rð Þþ ro2u0 rð Þ¼ 0;
r 2 V1:

ð127Þ

Introducing the dimensionless variables

r0 ¼
r

r1
; O¼

or1
cp

; ð128Þ

into Equation 127, we get

c
02
s r

02u0ðr
0Þ þ ð1� c

02
s Þr

0r0 � u0 r0ð Þ þO2u0 r0ð Þ ¼ 0; ð129Þ

where

r0 ¼ r1r; c0s¼
cs

cp
; cs

m
r

� �1=2

; cp¼
lþ 2m

r

� �1=2

:

The interaction of the system considered with its own
environment enters the mathematical formulation
through the boundary conditions on the surfaces S0 and
S1 (Fig. 13).

We assume that the surfaces Si; i¼ 0;1 are stress-free,
that is

Tu0 r0ð Þ ¼ 0; r0 ¼ r00; ð130aÞ

Tu0 r0ð Þ ¼ 0; r0 ¼ r01; ð130bÞ

where

T¼2m0er � r
0 þ l0err

0 � þ m0er�r
0 ð131Þ

Table 2. Elastic Constants (average 7 standard deviation of multiple measurements) of a Human Tibia Determined from
Ultrasonic Testing (2)

Elastic Constants Expressed in GPa

Anterior Lateral Posterior Medial

E1 10.9 (1.7) 11.5 (1.5) 12.3 (1.0) 12.6 (1.2)
E2 11.5 (1.7) 11.9 (1.6) 12.3 (1.4) 12.9 (1.2)
E3 20.9 (2.5) 20.6 (2.9) 21.1 (1.9) 21.2 (1.8)
G12 3.7 (0.7) 4.0 (0.5) 4.3 (0.5) 4.4 (0.5)
G13 5.1 (0.6) 5.0 (0.7) 5.3 (0.5) 5.5 (0.6)
G23 5.5 (0.6) 5.7 (0.6) 5.8 (0.4) 6.1 (0.6)
v12 0.423 (0.080) 0.420 (0.094) 0.433 (0.084) 0.419 (0.058)
v13 0.229 (0.048) 0.239 (0.052) 0.238 (0.045) 0.239 (0.029)
v23 0.219 (0.038) 0.234 (0.039) 0.238 (0.040) 0.236 (0.026)
v21 0.445 (0.061) 0.431 (0.062) 0.430 (0.071) 0.427 (0.047)
v31 0.437 (0.058) 0.425 (0.056) 0.403 (0.043) 0.400 (0.035)
v32 0.396 (0.016) 0.400 (0.026) 0.405 (0.025) 0.385 (0.017)

The values were derived from four cubic specimens of cortical bone, taken from the midshaft level, in the anterior, lateral, posterior, and medial aspect. The

direction 3 is in the direction of the long axis of the bone, the direction 1 is the radial and 2 is the circumferential directions.
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stands for the dimensionless surface traction operator in
V, er is the unit outward normal vector on Si; i¼0; 1, and
l0; m0
� �

¼ l=m; 1
� �

.
We note that the problem described by the equation of

motion, Equation 129, and the boundary conditions (Equa-
tion 130) is a well-posed mathematical problem. For the
solution of the problem under discussion, we adopted a
method based on the representation of the displacement
field u0ðrÞ in terms of the Navier eigenvectors (18). It is
well known that Navier eigenvectors are a result of the
Helmholtz decomposition and constitute a complete set of
vector functions in the space of solutions of time-indepen-
dent Navier Equation (19). The Navier eigenvectors have
the following form:

Lm;l
n ðr

0Þ ¼
.
gl

nðOr0ÞPn
nðerÞþ

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

nðnþ 1Þ
p gl

nðOr0Þ

Or0
Bm

n ðerÞ

Mm;l
n ðr

0Þ ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

nðnþ 1Þ
p

gl
nðk
0
sr
0ÞCm

n ðerÞ

Nm;1
n ðr

0Þ ¼nðnþ 1Þ
gl

nðk
0
sr
0Þ

k0sr
0

Pn
nðerÞ

þ
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

nðnþ 1Þ
p .

gl
nðk
0
sr
0Þ þ

gl
nðk
0
sr
0Þ

k0sr
0

� �

Bm
n ðerÞ

ð132Þ

n¼ 0; 1; 2; . . . ; l¼ 1; 2; m¼ � n;�nþ 1; . . . ;n� 1; n; r 2
V; where

k0s¼
O
c0s
;

.
gl

nðzÞ¼
d

dz
ðgl

nÞ; ð133Þ

and g1
n zð Þ and g2

n zð Þ represent the spherical Bessel func-
tions of the first kind, jn zð Þ, and the second kind, yn zð Þ,
respectively.

The functions Pm
n erð Þ;B

m
n erð Þ;C

m
n erð Þ, defined on the

unit sphere, are the vector spherical harmonics intro-
duced by Hansen in spherical polar coordinates ðr; y;fÞ
and are given as follows:

Pn
nðerÞ¼erY

m
n ðerÞ; ð134Þ

Bm
n erð Þ¼

1
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

n nþ 1ð Þ
p ey

@

@y
þef

1

sin y
@

@j

� �

Ym
n erð Þ; ð135Þ

Cm
n erð Þ¼

1
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

n nþ 1ð Þ
p ey

1

sin y
@

@j
� ef

@

@j

� �

Ym
n erð Þ; ð136Þ

where Ym
n erð Þ¼Pm

n cos yð Þeimj are the spherical harmonics
and Pm

n cos yð Þ are the well-known Legendre functions.
We assume that the displacement vector field u0ðrÞ has

the representation

u0 rð Þ¼
X

1

n¼ 0

X

n

m¼�n

X

2

l¼1

fam;l
n Lm;l

n rð Þþ bm;l
n Mm;l

n rð Þþ gm;l
n Nm;l

n rð Þg:

The spherical polar coordinates of the real part of u0ðrÞ are
given as

u0r¼
X

1

n¼ 0

X

n

m¼�n

X

2

l¼ 1

fal
n
.
gl

nðk
0
p; r
0Þ cosðmfÞPm
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ð137Þ

The problem now is reduced to the determination of the
coefficients am;l

n ; bm;l
n , and gm;l

n . As Equation 137 satisfies the
equation of motion (Equation 129), it remains to ask the
boundary conditions Equation 131 to be satisfied. We note
that the presence of the surface traction operator T in the
boundary conditions (Equation 131) requires us to know
how this operator acts on the Navier eigenvectors. After
tedious and extended manipulations, we obtain the follow-
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x

S1

S0

r1

r0

θ

ϕ

er

e�

e�

Figure 13. Spherical skull geometry.
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ing relations:

TLm;l
n ðerÞ¼ �

4m0

r0
.
gl

n Or0ð Þ þ 2m0O 1�
n nþ 1ð Þ

O2r02

� �
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n Or0ð Þ
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ð140Þ

Inserting Equation 137 into the expression for the bound-
ary conditions (Equation 123), and taking into account the
relations Equation 140 as well as the advantage of the
orthogonality arguments for the vector spherical harmo-
nic functions, we conclude that for every specific pair of
integers (n, m) (with mj j � n), the six coefficients involved
in Equation 137 satisfy a linear algebraic homogeneous
system with six equations.

This system in matrix form is given as

A1
nðr
0
1Þ A2

nðr
0
1Þ 0 0 D1

nðr
0
1Þ D2

nðr
0
1Þ

0 0 C1
nðr
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or in compact form,

D x¼0; ð142Þ

where
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In order for Equation 142 to have a nontrivial solution, the
following condition must be satisfied:

detðDÞ¼ 0: ð143Þ

This condition provides the characteristic (frequency)
equation, the roots of which are the eigenfrequency coeffi-
cients O of the system under discussion.

We note that the eigenvector solutions of the Navier
equation in cylindrical coordinates were presented in Ref.
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19, and applied in solving the free vibrations problem of a
double-layered elastic isotropic cylindrical rod (20).
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1. INTRODUCTION

The electrical properties of biological tissues and cell sus-
pensions have been of interest for over a century for many
reasons. They determine the pathways of current flow
through the body and, thus, are very important in the
analysis of a wide range of biomedical applications such as
functional electrical stimulation and the diagnosis and
treatment of various physiological conditions with weak
electric currents, radio-frequency hyperthermia, electro-
cardiography, and body composition. On a more funda-
mental level, knowledge of these electrical properties can
lead to an understanding of the underlying basic biological
processes. Indeed, biological impedance studies have long
been important in electrophysiology and biophysics; one of
the first demonstrations of the existence of the cell mem-
brane was based on dielectric studies on cell suspensions
(1).

To analyze the response of a tissue to electric stimula-
tion, we need data on the specific conductivities and rel-
ative permittivities of the tissues or organs. A microscopic
description of the response is complicated by the variety of
cell shapes and their distribution inside the tissue as well
as the different properties of the extracellular media.
Therefore, a macroscopic approach is most often used to
characterize field distributions in biological systems.
Moreover, even on a macroscopic level, the electrical prop-
erties are complicated. They can depend on the tissue ori-
entation relative to the applied field (directional
anisotropy), the frequency of the applied field (the tissue
is neither a perfect dielectric nor a perfect conductor), or
they can be time- and space-dependent (e.g., changes in
tissue conductivity during electropermeabilization).

2. BIOLOGICAL MATERIALS IN AN ELECTRIC FIELD

The electrical properties of any material, including bio-
logical tissue, can be broadly separated into two catego-
ries: conducting and insulating. In a conductor, the
electric charges move freely in response to the application
of an electric field, whereas in an insulator (dielectric), the
charges are fixed and not free to move. A more detailed
discussion of the fundamental processes underlying the
electrical properties of tissue can be found in Foster and
Schwan (2).

If a conductor is placed in an electric field, charges will
move within the conductor until the interior field is zero.
In the case of an insulator, no free charges exist, so net
migration of charge does not occur. In polar materials,

however, the positive and negative charge centers in the
molecules do not coincide. An electric dipole moment, p, is
said to exist. An applied field, E0, tends to orient the di-
poles and produces a field inside the dielectric, Ep, which
opposes the applied field. This process is called polariza-
tion. Most materials contain a combination of orientable
dipoles and relatively free charges so that the electric field
is reduced in any material relative to its free-space value.
The net field inside the material, E, is then

E¼E0 � Ep: ð1Þ

The net field is lowered by a significant amount relative to
the applied field if the material is an insulator and is es-
sentially zero for a good conductor. This reduction is char-
acterized by a factor er, which is called the relative
permittivity or dielectric constant, according to

E¼
E0

er
: ð2Þ

In practice, most materials, including biological tissue,
actually display some characteristics of both insulators
and conductors because they contain dipoles as well as
charges that can move, but in a restricted manner. For
materials that are heterogeneous in structure, charges
may become trapped at interfaces. As positive and nega-
tive ions move in opposite directions under the applied
field, internal charge separations can then result within
the material, producing an effective internal polarization
that acts like a very large dipole.

On a macroscopic level, we describe the material as
having a permittivity, e, and a conductivity, s. The per-
mittivity characterizes the material’s ability to trap or
store charge or to rotate molecular dipoles, whereas the
conductivity describes its ability to transport charge (3).
The permittivity also helps to determine the speed of light
in a material so that free space has a permittivity
e0¼8:85� 10�12 F=m. For other media,

e¼ ere0: ð3Þ

The energy stored per unit volume in a material, u, is

u¼
eE2

2
; ð4Þ

and the power dissipated per unit volume, p, is

p¼
sE2

2
: ð5Þ

We can represent these tendencies by using a circuit
model to describe the tissue (1,4). Consider a sample of
material that has a thickness, d, and cross-sectional area,
A. If the material is an insulator, then we treat the sample
as a capacitor with capacitance

C¼ e � A=d: ð6Þ

1
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If it is a conductor, then we treat it as a conductor with
conductance

G¼ s � A=d: ð7Þ

A simple model for a real material, such as tissue, would
be a parallel combination of the capacitor and conductor.
Such a model is referred to as ‘‘Debye-type.’’ Other, more
complicated models are sometimes used, as will be de-
scribed later. If a constant (DC) voltage V is applied across
this parallel combination, then a conduction current
IC¼GV will flow and an amount of charge Q¼CV will
be stored.

Suppose, instead, that an alternating (AC) voltage was
applied to the combination:

VðtÞ¼V0 cosðotÞ: ð8Þ

Here, V0 is the amplitude of the voltage and o¼ 2pf ,
where f is the frequency of the applied signal. The charge
on the capacitor plates now is changing with frequency f.
This change is associated with a flow of charge or current
in the circuit. We characterize this flow as a displacement
current:

Id¼dQ=dt¼ � oCV0 sinðotÞ: ð9Þ

The total current flowing through the material is the sum
of the conduction and displacement currents, which are 90
degrees apart in phase because of the difference in the
trigonometric functions. This phase difference can be ex-
pressed conveniently by writing

VðtÞ¼V0e
iot; where i¼

ffiffiffiffiffiffiffiffiffiffi

ð�1Þ
p

ð10Þ

and taking its real part for physical significance. The total
current is I¼ Icþ Id, hence

I¼GV þC � dV=dt¼ ðsþ ioeÞA � V=d: ð11Þ

The actual material, then, can be characterized as having
an admittance, Y�, given by

Y� ¼Gþ ioC¼ ðA=dÞðsþ ioeÞ; ð12Þ

where � indicates a complex-valued quantity. In terms of
material properties, we define a corresponding, complex-
valued conductivity

s� ¼ ðsþ ioeÞ: ð13Þ

Describing a material in terms of its admittance empha-
sizes its ability to transport current. Alternatively, we
could emphasize its ability to restrict the flow of current
by considering its impedance, Z� ¼ 1=Y�, or, for a pure
conductance, its resistance, R¼ 1=G.

Factoring ioe0 in Equation 11 yields

I¼ ðer � is=oe0Þioe0A=d¼C
dV

dt
: ð14Þ

We can define a complex-valued, relative permittivity

e� ¼ er �
is
oe0
¼ e0r � ie00r ; ð15Þ

with e0r¼ er and e00r ¼ s=ðoe0Þ. The complex conductivity and
complex permittivity are related by

s� ¼ ioe� ¼ ioe0e�r : ð16Þ

In physical terms, we can regard the conductivity of a
material as a measure of the ability of its charge to be
transported throughout its volume by an applied electric
field. Similarly, its permittivity is a measure of the ability
of its dipoles to rotate or its charge to be stored by an ap-
plied external field. Note that if the permittivity and con-
ductivity of the material are constant, the displacement
current will increase with frequency whereas the conduc-
tion current does not change. At low frequencies, the ma-
terial will behave like a conductor, but capacitive effects
will become more important at higher frequencies. For
most materials, however, these material properties are not
constant, but vary with the frequency of the applied sig-
nal. s� and e� are frequency-dependent. Such a variation is
called dispersion. Biological tissues exhibit several differ-
ent dispersions over a wide range of frequencies.

Dispersions can be understood in terms of the orienta-
tion of the dipoles and the motion of the charge carriers. At
relatively low frequencies, it is relatively easy for the di-
poles to orient in response to the change in the applied
field, whereas the charge carriers travel larger distances
over which a greater opportunity exists for trapping at a
defect or interface. The permittivity is relatively high and
the conductivity is relatively low. As the frequency in-
creases, the dipoles are less able to follow the changes in
the applied field, and the corresponding polarization dis-
appears. In contrast, the charge carriers sample shorter
distances during each half-cycle and are less likely to be
trapped. As frequency increases, the permittivity de-
creases and, because trapping becomes less important,
the conductivity increases (4,5). The dispersion can be
characterized by an angular relaxation frequency
or¼ 2pfr or, equivalently, by a relaxation time Tr¼ 1=fr.

In a heterogeneous material, such as biological tissue,
several dispersions are observed as illustrated in Fig. 1
(4), which shows the variation with frequency of the com-
plex permittivity of Equation 15. For frequencies below
about 10kHz, the a dispersion is caused by counterion po-
larization along cell membranes. The extremely high val-
ues of permittivity reflect the trapping of charges at
internal interfaces and are not related to dipole orienta-
tion. Note that even at the lowest frequencies a residual or
DC conductivity s0 exists. The dispersion in the MHz fre-
quency range originates in interfacial polarization of cell
membranes, which act as a barrier for passive ion trans-
port between the inner and the outer cell media. Basically,
the membrane can be modeled as a parallel combination of
a capacitor and a resistor. This so-called beta dispersion
occurs in the frequency range where the reactance of the
membrane capacitance short-circuits the membrane re-
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sistance, so that the external electric field begins to pen-
etrate into the cell interior. Additional contributions to
this b dispersion can develop because of the polarization of
proteins and other organic macromolecules. In the GHz
range (109Hz), g dispersion is caused by the polarization of
water molecules.

The relative importance of the permittivity and con-
ductivity in determining the electrical properties of the
tissue can be compared by taking the ratio of the displace-
ment and conduction currents; Id=Ic¼oe=s. For frequen-
cies below the MHz range, this ratio is very low, even with
the large increase in permittivity of a dispersion. Hence, at
low frequencies, biological tissue is essentially conductive
in nature.

For a Debye-type response, which corresponds to par-
allel RC elements, dispersion can be represented as

e�r ¼ e1þ
ðeS � e1Þ
ð1� iotÞ

� is0=oe0 ð17Þ

and

s� ¼ s1þ
ðs0 � s1Þ
ð1� iotÞ

; ð18Þ

where the time constant, t¼ 1=RC. e1 and eS refer, re-
spectively, to the relative permittivities at frequencies well
above and well below the dispersion. s1 and s0 refer, re-
spectively, to the conductivities at frequencies well above
and well below the dispersion.

The complexity of the dispersions illustrated in Fig. 1,
however, cannot be readily described by three successive,
simple Debye relaxations. The widths of the dispersions,
in particular, are greater than predicted for simple RC
parallel elements. A similar situation occurs for most ma-
terials. Therefore, in place of a simple RC element, a more
general, empirical relation, the Cole–Cole response, is
used in which

e�r ¼ e1þ
ðeS � e1Þ
ð1� ðiotÞaÞ

� is0=oe0 ð19Þ

and

s� ¼ s1 þ
ðs0 � s1Þ
ð1� ðiotÞaÞ

; ð20Þ

where a is a parameter that depends on the nature of the
material. a is equal to 1 for a Debye-type dispersion and
becomes smaller as the width of the dispersion increases.

Two physical interpretations exist for a factor. Some
researchers regard a wide dispersion as an indication of
numerous Debye-type dispersions with a distribution of
simple relaxation times. Other researchers regard the
spread as an indication that the fundamental charge-
transport and dipole-reorientation processes are essen-
tially cooperative in nature and that, as the degree of co-
operation increases, a becomes smaller than 1.

The representation of the dispersion in a circuit model
can then be achieved in two ways. First, several Debye-
type RC elements connected in series could be used to
represent the single, broad dispersion. This process is un-
wieldy. Second, and more commonly, the circuit model is
generalized by the introduction of a ‘‘Constant Phase El-
ement’’ (CPE) with a complex-valued impedance given by

Z�CPE¼AðioÞ�n; ð21Þ

where A is a parameter and n¼ a. This CPE impedance
reduces to a simple resistance for n¼ 0 and to a capacitive
reactance for n¼ 1. For a diffusive process, n¼0:5. The
Cole–Cole dispersion can be represented in circuit terms
as the parallel combination of a resistor and a CPE. Other
dispersions, such as Cole–Davidson and Havrilak–Ne-
gami, differ somewhat from Equations 19 and 20 and are
used for many materials. However, the Cole–Cole model is
generally used for biological materials.

3. COMPLICATIONS IN DIELECTRIC MEASUREMENTS OF
TISSUES

The measurement of tissue dielectric properties can be
complicated because of several factors, such as tissue in-
homogeneity, anisotropy, the physiological state of the tis-

Figure 1. Typical frequency dependence of the com-
plex permittivity of a heterogeneous material such
as biological tissues (4).
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sue, and electrode polarization. Therefore, caution must
be used in the design of the measurement procedure.

3.1. Inhomogeneity of Tissues

Tissue is a very inhomogeneous material. The cell itself is
comprised of an insulating membrane enclosing a conduc-
tive cytosol. A suspension of cells can be regarded at low
frequencies simply as insulating inclusions in a conduct-
ing fluid. The insulation is provided by the cell membrane.
At frequencies in the MHz range, capacitive coupling
across this membrane becomes more important. Begin-
ning in this range, the dispersive properties of the mem-
brane and ultimately the cytosol must also be considered.
For a thorough discussion of how the dielectric properties
of cell suspensions vary with frequency, see Kotnik and
Miklavcic (6,7) and Pavlin et al. (8).

In tissue, the cells are surrounded by an extracellular
matrix, which can be extensive, as in the case of bone, or
minimal, as in the case of epithelial tissue. Tissue does not
contain cells of a single size and function. For example,
bone contains osteoblasts, osteocytes, and osteoclasts em-
bedded in a collagen/hydroxyapatite matrix as well as
bone marrow with stroma cells (9). The tissue is perfused
with blood and linked to the central nervous system by
neurons. It is thus difficult to extrapolate from the dielec-
tric properties of a cell suspension to those of an intact
tissue.

A large discrepancy exists between various data on
electrical properties of biological materials found in the
literature. Why is there such a wide range of values ob-
tained by different researchers? Excised samples carry
along with them various amounts of body fluids, and the
lack of standardization of measurement techniques pre-
sents its own difficulties and probably widens the range of
resistivity values. Moreover, there are seasonal, age, and
disease-linked changes as well as those that accompany
the physiological function of various biologic materials
(10).

3.2. Anisotropy of Tissues

Some biological materials, such as bone and skeletal mus-
cle, are distinctly anisotropic. Therefore, when referring to
published conductivity and permittivity values, we need to
check the orientation of the electrodes relative to the ma-
jor axis of the tissue (e.g., longitudinal, transversal, or a
combination of both).

Electrical anisotropy is often related to the physiolog-
ical demands made on the tissue. Major bones and muscles
of limbs are designed to produce and support significant
longitudinal forces. For example, muscles are composed of
fibers that are very large individual cells and are aligned
in the direction of muscle contraction. Electrical conduc-
tion along the length of the fiber is thus significantly eas-
ier than conduction between the fibers in the extracellular
matrix because the extracellular matrix is less conductive
than the cell. Therefore, muscle tissue manifests typical
anisotropic electric properties (4). The longitudinal con-
ductivity is significantly higher than the transverse con-
ductivity even when path differences in the charge
transport are taken into account, especially in the low-

frequency range (11). A similar anisotropy exists in the
long bones of the body where charge transport is easier
along the longitudinal axis than transverse to it.

Moreover, tissue anisotropy is frequency-dependent.
Namely, if the frequency of the current is high enough,
the anisotropic properties disappear (specifically for mus-
cle tissue, that happens in the MHz frequency range). At
higher frequencies, charge movement takes place over
shorter distances so large-scale structures become less
important and capacitive coupling across membranes be-
comes more important.

A practical problem occurs when measuring the elec-
trical properties of anisotropic materials: how to accu-
rately align the applied electric field and tissue fibers (12).
Namely, it has been shown that perfect alignment is cru-
cial for obtaining accurate longitudinal and transverse
values. A study on skeletal muscle tissue shows (13) that a
5 degree misalignment from true perpendicular or parallel
orientations would result in an 18% overestimate in the
perpendicular direction and a 0.4% underestimate in the
parallel direction when measuring specific conductivity.

3.3. Physiological Factors and Changes of Tissue

Any changes in tissue physiology should produce changes
in the tissue electrical properties (14). This principle has
been used to identify or monitor the presence of various
illnesses or conditions such as body fluid shift, blood flow,
cardiac output, and muscular dystrophy (15) by various
impedance diagnostic techniques, such as impedance
plethysmography, rheoencephalography, and thoracic im-
pedance cardiograph. For a detailed discussion of the ap-
plications of bioimpedance methods in medicine and
biotechnology, see (16,17).

Tumors generally have higher water content than nor-
mal cells because of cellular necrosis but also irregular
and fenestrated vascularization. In addition, differences
may exist in the membrane structure. Although an in-
creased conductivity may be used to identify the presence
of tumors (18), parameters associated with the fitting of
the overall dielectric spectrum to a circuit model may be
more reliable (19). In clinical practice, the presence of skin
may complicate the interpretation of impedance changes
in tissue, such as the breast (20). The higher conductivity
of tumors in the MHz frequency range could lead to their
selective targeting by radio-frequency hyperthermia
treatment (21).

Fat is a poorer conductor of electricity than water.
Changes in the percentage of body fat or water are re-
flected in tissue impedance changes. For example, Biggs et
al. (22) estimated the whole-body fat percentage by mea-
surement of the resistivity of the upper arm and leg at
50kHz. Van Kreel et al. (23) determined the total body
water content by measurement of body impedance at sev-
eral frequencies. This method can even be applied to in-
dividual organs. For example, Schaefer et al. (24)
correlated the complex permittivity of heart tissue with
the level of ischemia.

In an extreme case, one can imagine that tissue death
or excision would result in significant changes in electrical
properties. Tissue metabolism decreases after the tissue
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has been excised and, often, the temperature falls. If the
tissue is supported by temperature maintenance and per-
fusion systems, the tissue may be stabilized for a limited
period of time in a living state in vitro (ex vivo). If the tis-
sue is not supported, however, irreversible changes will
occur, followed by cell and tissue death (3). If the blood
flow is interrupted, metabolism continues, but in an an-
aerobic way. Osmosis will cause cell swelling and tissue
damage. As a consequence, the extracellular pathways
narrow, which typically leads to an increase in the low-
frequency impedance (o10kHz). The time of occurrence of
these phenomena is different for different tissues. De-
creased blood flow also accounts for changes in tissue re-
sistivity, because blood is a good conductor (12).

Conductivity changes caused by cell and tissue death
have been studied by different researchers (10,12,25). The
results show that in the first hour after the tissue sample
has been excised, the specific conductivity is almost con-
stant, although the change depends on the tissue type.
Liver tissue shows changes after only 30minutes from ex-
cision, brain tissue after one hour, and the muscle tissue
two hours after excision. In all cases, the conductivity in-
creases with time (10). Changes in the frequency range
above 100Hz are lower and take a longer time to occur.
However, because tissue impedance at low frequencies is
almost entirely ohmic, permittivity errors do not play any
major role. For these reasons, considerable caution must
be taken in the interpretation of electrical measurements
that were performed on excised tissues.

The electrical properties of tissue also depend on its
temperature. The mobility of the ions that transport the
current increases with the temperature as the viscosity of
the extracellular fluid decreases. A general increase of
about 2%/1C occurs in the conductivity of tissue (2) in the
frequency range below 1GHz, up to a temperature of
about 401C. Above that point, the cell membrane begins
to deteriorate and allows the cytosol to leak into the ex-
tracellular space. The rapid increase of conductivity with
temperature was suggested to be used to monitor the pro-
gress of hyperthermia treatment (26).

3.4. Electrode Polarization

The measurement of tissue electrical properties, in vivo, is
complicated (12). Two main sources of systematic error
exist, electrode polarization and lead inductance, which
become apparent at the lower and higher ends of the fre-
quency range, respectively (27). Electrode polarization is a
manifestation of molecular charge organization that oc-
curs at the sample-electrode interface in the presence of
water molecules and hydrated ions. In its simplest form,
the phenomenon can be modeled as a frequency-depen-
dent capacitor in series with a resistor. The effect in-
creases with increasing sample conductivity, and its
consequences are more pronounced on the capacitance
than the conductance of ionic solutions as well as biolog-
ical samples.

In a cell suspension, a counterion layer can form at
each electrode. The potential drop in this layer reduces the
electric field available to drive charge transport in the
bulk suspension, resulting in apparently low suspension

conductivity. As the frequency increases, the counterion
layer is less able to follow the changes in the applied sig-
nal, the potential drop at the suspension/electrode inter-
face decreases, and the apparent conductivity of the
suspension increases. The nature of the ions in the layer
is determined by both the suspension and the material of
the electrode. Hence, changing either the electrode mate-
rial or the nature of the suspension will modify the mag-
nitude and frequency response of this electrode
polarization.

The process is more complicated in tissue. Insertion of
electrodes can first cause the release of electrolytes from
the surrounding tissue and, later, the development of a
poorly conductive wound region may occur. This region
can shield part of the electrode from the ionic current and
thus reduce the polarization effects compared with an
ionic solution equivalent in conductivity to the intracellu-
lar fluid. As with a cell suspension, the material of the
electrode plays an important part in determining its po-
larization impedance, the relative importance of which
decreases with increasing frequency. It is good practice to
measure tissue impedance in vivo after waiting a suffi-
cient time for the electrode polarization processes to sta-
bilize. The waiting time will depend, in general, on the
nature of the electrodes and the type of tissue. If possible,
one should perform a preliminary experiment in which
impedance spectra are taken every few minutes until no
further changes occur in order to determine the waiting
time. A typical time might be on the order of 30minutes.

Two different electrode setups are used to measure the
electric properties of biological materials; the two-elec-
trode method and the four-electrode method (28).

3.4.1. Two-electrode Method. This method is suitable
for alternating current measurements. We can not use it
as such for direct current measurements because of the
electrode polarization that consequently gives incorrect
results for the conductivity of the sample between the
electrodes. For alternating current measurements, the
frequency range over which electrode polarization is im-
portant depends to some extent on the system being mea-
sured and the electrode material. For cell suspensions, it is
important up to nearly 100 kHz, whereas for tissue mea-
sured in vivo, it is significant only up to about 1 kHz. By
varying the separation of the electrodes (29), the contri-
bution of the electrode polarization can be determined and
eliminated.

3.4.2. Four-electrode Method. This method can be used
for direct and alternating current measurements. Two
pairs of electrodes are used: the outer (current) electrodes
and the inner (voltage) electrodes. The current from the
source passes through the sample. Voltage electrodes of
known separation are placed in the sample between the
current electrodes. By measuring the current as the volt-
age drop across a resistor in series with the sample and
the voltage drop across the inner electrodes, one can de-
termine the specific conductance of the sample between
the inner electrodes. The advantage of this method is that
the polarization on the current electrodes has no influence
on the voltage difference between the voltage electrodes.
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Polarization at the voltage electrodes is negligible for di-
rect and alternating currents because of the high input
impedance of the measurement system. Some authors rec-
ommend the two-electrode system with a polarization er-
ror correction (12). They believe the four-electrode method
does not completely eliminate the polarization on voltage
electrodes. Some authors report 20% higher results when
measuring muscle resistance with the two-electrode tech-
nique without error correction (30).

With direct current measurements, care must be taken
to use small currents to avoid electrochemical injection of
ions at the electrodes and nerve stimulation if the mea-
surements are conducted in vivo.

In the MHz frequency range and higher, lead induc-
tance becomes an important factor as the inductive cou-
plings between the leads to each other, to the measuring
instruments, and to nearby metal surfaces produce extra-
neous voltage drops that increase with frequency. It is
good practice to identify and then reduce the effects of
electrode polarization at low frequencies and lead induc-
tance at high frequencies by replacing the sample to be
measured by a saline solution for which the electrical
properties should not vary with frequency until the GHz
frequency range.

4. DIELECTRIC PROPERTIES OF SOME TISSUES

Large differences exist in electric properties of biological
materials. These differences are determined, to a large
extent, by the fluid content of the material. For example,
blood and brain conduct electric current relatively well.
Lungs, skin, fat, and bone are relatively poor conductors.
Liver, spleen, and muscle are intermediate in their con-
ductivities. An excellent, detailed review of the electrical
properties of various tissues over a wide range of frequen-
cies can be found in the series of three articles by Gabriel
et al. (27,31,32). Of particular interest is their use of Cole–
Cole response function, given by Equations 19 and 20, to
parameterize the dielectric properties of tissue. Such pa-
rameterization allows one to calculate a reasonable esti-
mate for the conductivity and permittivity at any
frequency for different tissue types.

In the literature, we usually find data on specific con-
ductivity and relative permittivity only at frequencies
above 100Hz. For most tissues, data below that frequency
are very scarce or do not exist at all. The reason is not lack
of interest, but because electrode effects can produce sig-
nificant experimental errors for that frequency range. The
results that have been published indicate that the imped-
ance at frequencies under 100Hz is almost entirely resis-
tive and that the capacitive component accounts for only
around 10% in most tissues. Between 100Hz and 100kHz,
most tissues, with the exception of the anisotropic tissues,
show almost no frequency-dependence.

We will now briefly present the electric properties of
skeletal muscle, tumor, and skin and give the permittivity
and specific conductivity ranges of some other tissues. The
basic principles described earlier can be used to under-
stand the differences in the electrical properties of various
tissues.

4.1. Skeletal Muscle

Data on skeletal muscle are the most abundant in the lit-
erature. As a result of the anisotropy of this tissue, the
data are usually presented separately for the transverse
and longitudinal directions, although some results with
random orientation have been reported. In Figs. 2–5 we
have compiled some data from the literature (13,27,28,30–
34). The tissue samples were taken from different species
and the measurements were made at different times after
excision and with two different measurement methods
(two and four-electrode technique). Therefore, the scatter
of the data is rather high, especially in the low-frequency
range. The anisotropy is also more pronounced in the low-
frequency range. However, these differences are greater in
the conductivity data than in the permittivity data, where
fewer measurements are available.

4.2. Tumor

A tumor is an abnormal mass of tissue surrounded by one
or more normal body tissues. It has no useful function and
grows at the expense of healthy tissues. As noted previ-
ously, many tumors have a significantly different electrical
conductivity and permittivity from normal, surrounding
tissues. This fact was attempted to be used in diagnosing
tumors. For this reason, electrical impedance measuring
and imaging systems are being designed and tested to
screen for tumors. A study by Smith et al. (35) on tumors
in liver tissue showed a significant difference in electrical
properties between healthy liver tissue and tumors. Re-
sults show that tumor conductivity is 6–7.5 fold higher
than liver conductivity; the difference in permittivity val-
ues is 2–5 fold. However, the dielectric properties of tu-
mors cannot be generalized as large differences exist
between different tumor types and even between tumors
of the same type. Electrical properties also depend a great
deal on the size or the development stage of the tumor.
Namely, the tumor core can already exert tissue necrosis
(35,36).

4.3. Skin

Skin is a very interesting tissue because of its highly in-
homogeneous structure, which thus leads to inhomoge-
neous dielectric properties. Generally, skin has three
different layers: the epidermis, dermis, and subcutaneous
tissue. The epidermis is the outer layer of skin. The thick-
ness of the epidermis varies in different types of skin. It is
the thinnest on the eyelids at 0.05mm and the thickest on
the palms and soles at 1.5mm (3). The epidermis contains
different layers, but the one that defines its dielectric
properties the most is the outermost layer, the stratum
corneum. That layer is composed of dead, flat skin cells
that shed about every two weeks. Although it is very thin
(typically around 20 mm), it contributes a great deal to the
dielectric properties of the skin. Its high resistivity makes
skin one of the most resistive tissues in the human body.
Its main function is protection of the body from the exter-
nal environmental factors. The lower-lying layers, hence
the rest of the epidermis (important in the immune re-
sponse), the dermis (which gives firmness and elasticity),
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and the subcutaneous tissue (fat, connective tissue, larger
blood vessels, and nerves), all have much lower resistivi-
ties.

Especially in the low-frequency range (under 10kHz),
the impedance of skin is dominated by the stratum corn-
eum even though this layer is very thin. Studies show
that, for frequencies under 10kHz, the share of stratum
corneum in the total impedance of skin is around 50% (37),
but at 100kHz drops to around 10% (38).

In Figs. 6 and 7, we can see the specific conductivity
and relative permittivity, respectively, of intact skin whose
dielectric properties are dominated by stratum corneum
(diamonds) and lower-lying layers of skin (boxes) (39,40).
The measurements were made first on intact skin. The
stratum corneum was then removed by cellulose adhesive
tape stripping, and the measurements were repeated.

4.4. Dielectric Properties Data Ranges of Some Body Tissues

See Table 1 for data ranges of some body tissues
(10,12,13,27,28,30,32–36,39–44).

5. USES OF BIOIMPEDANCE MEASUREMENTS

Today, bioimpedance measurements provide an important
method for the noninvasive investigation of tissue struc-
ture and properties or for monitoring physiological change
(i.e., ‘‘static’’ or ‘‘dynamic’’ human organism properties).
One of the main problems one encounters using bioim-
pedance measurements is still the reliability of the re-

sults. The scatter of the data for the electrical parameters
of tissues in Figs. 2–7 illustrates the problem of measure-
ment reproducibility. Some of the scatter may result from
problems in measuring technique, such as electrode po-
larization, but some may simply be caused by the individ-
ual variability among samples. At present, the relative
importance of these two factors in determining the overall
scatter is not clear. This scatter makes it difficult to es-
tablish criteria of normality or reference value for partic-
ular measurement results. However, in spite of the large
differences between reported data on dielectric properties
of different tissues, we can still find some very useful ap-
plications based on the measurements of the differences or
changes in the specific conductivity or relative permit-
tivity.

As noted previously, tumor diagnosis is one of the im-
portant applications of the measurements of bulk electri-
cal properties of tumors and the surrounding tissues (35).
Comparing dielectric properties of tumor and healthy sur-
rounding tissues, one notices that a tumor has a much
higher specific conductivity. The tumor tissue is more con-
ductive at low frequencies because of its smaller volume
fraction of intact cells, and at high frequencies because of
its higher water content and its irregular and fenestrated
vascularization. As stated above, the dielectric properties
of the tumor and normal tissue appear to be distinctly
different, by factors of 6–7.5 in the conductivity and 2–5 in
the permittivity. Pronounced differences in the bulk elec-
trical properties of a tumor and the surrounding normal
tissue, if consistently present, could lead to a variety of
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Figure 2. Specific conductivity for skeletal muscle, longitudinal direction.
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clinical applications. Moreover, because we only need to
measure the dielectric properties of tumors relative to
normal surrounding tissue, the exact values for both are
not critical.

Another application is monitoring of the changes in
conductivity of the tissue during the process of the elect-
ropermeabilization (45–48). To effectively use electropora-
tion in clinical applications, we need to detect whether the
target tissue area has been permeabilized. This feedback
could then be used to adjust the electroporation parame-
ters during the treatment to make it more efficient. As the
specific conductivity of tissue increases when permeabili-
zed, its measurement can be used as an indicator of the
level of the electropermeabilization in the tissue. Again,
we are only dealing with relative changes in tissue dielec-
tric properties before and after tissue elect-
ropermeabilization and not the exact absolute values. A
feasibility study for electrical impedance tomography as a
means to monitor tissue electroporation has been made
(49). In this preliminary demonstration, the electroporat-
ed regions in liver were clearly distinguishable. However,
more work needs to be done to bring this technique to
clinical practice.

Electrical impedance tomography may also be used for
other in vivo applications such as cryosurgery (50). Cryo-
surgery is a surgical procedure that destroys tissue by
freezing it with a cryogen-cooled surgical probe that is in
contact with the targeted tissue. However, although the
extent of freezing can be monitored with an array of imag-
ing techniques, the effective application of cryosurgery is

still hampered by the fact that the extent of freezing does
not necessarily correspond to the extent of tissue destruc-
tion. Substantial changes in tissue electrical properties
caused by tissue destruction can be monitored by means of
electrical impedance tomography in order to evaluate the
effectiveness of the procedure.

A more commercially orientated application is mea-
surement of the dielectric properties of meat products that
could serve as a monitoring tool of their storage and prep-
aration history (34). Dielectric properties of beef and
chicken were measured on both commercially purchased
and fresh meat, as well as thawed and cooked meat. The
results show that the anisotropy of skeletal muscle is
lower in the commercially purchased samples. In addi-
tion, the conductivity values are much higher for the com-
mercial samples, particularly at low frequencies. Further
changes are produced by freezing and cooking, which in-
dicates that dielectric spectroscopy can be used to deter-
mine the storage/preparation history of meat products.

With bioimpedance measurements, it is also possible to
estimate the ratio of muscle to fat mass because fat has
lower conductivity than muscle tissue (3). The intention is
often to determine total body water, extracellular/intra-
cellular fluid balance, muscle mass, and fat mass. Appli-
cation areas are as diverse as sports medicine, nutritional
assessment, and fluid balance in renal dialysis and trans-
plantation. Other applications of the theories of measur-
ing electric properties of biomaterials, ranging from
diagnostic to therapeutic applications or laboratory pro-
cedures, can be found in the literature (3,16,17).
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ELECTRIC SHOCK
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1. INTRODUCTION

However human beings came to be designed, we are lucky
enough to have a design that protects the internal human
machine from the external electrical environment. Per-
haps it is this natural protection that has made it possible
for our society to so extensively use electricity in almost
every aspect of our daily lives. It is to our benefit that hu-
man skin has proven to be a naturally protective barrier to
the flow of electricity (1,2). Still, under the right condi-
tions, humans can become part of the electric circuits or
processes found within their environment. The resulting
injury can run the gamut from momentary pain to exten-
sive injuries impairing multiple-organ systems to electri-
cally initiated ventricular fibrillation (3–5). The nature of
human contact with electricity will be discussed herein.

Most important to understanding the risks associated
with any particular shock is to consider any electrical con-
tact in the context of other similar shocks. To do so re-
quires that electric shocks be delineated and compared
based on a set of descriptive parameters. To understand
electric shock, one needs to consider each of the following
(6–9):

1. Energy Source: AC, DC, or Impulse (static, light-
ning, capacitive)

2. Differential voltage

3. Entry and Exit Points

4. Theoretical Current Pathway

5. Pathway Resistance

6. Amount of Electrical Current

7. Shock Duration

8. Energy transferred into and dissipated by the body

Throughout this chapter, we will focus on a consideration
of the nature of electric shock and how these parameters
predict the risk of injury associated with electrical contact.

2. HUMAN RESPONSE TO ELECTRICITY

The scientific knowledge base for human contact with
electricity is ever-expanding. The traditional model of
electrical contact is based on the assumption that injury
must be linked to pathway, current level, and energy im-
parted during the shock. The modern model for electric
shock injury considers that electrical injury may also be
dependent on the electric field and also recognizes that
evidence exists of pathway-independent mechanisms. No
discussion of electrical injury is complete without also
considering secondary impact associated with electrical
contacts.

2.1. Response to Electrical Contact (Traditional Model)

Although a broad range of effects exist that electrical con-
tact can have on the human body, the parameters of the
shock help to characterize the risks associated with the
shock. These effects might be called primary effects, as
they occur as the direct result of current flow within the
body. Table 1 provides an overview of the primary effects of
electric shock based on the current level, assuming other
shock parameters (pathway, duration, energy source) are
fixed (6,8,10–12). As a result of human variability as well
as the variability associated with any given shock sce-
nario, the information in Table 1 should be viewed as a
good starting point for assessing shock risk rather than as
an absolute guideline.

1. Sensation: At a current of approximately 1mA, an
average human will begin to note a tingling sensa-
tion associated with current flow through their body
(6,8,10).

2. Let-go Current: Current flow through muscles will
cause those muscles to contract. When electrical
current traverses a motor nerve, the nerve will be
stimulated and the muscle fibers innervated by that
nerve will contract. The let-go current is reached
when the effects of the electric current exceed one’s
voluntary ability to counter those effects. In essence,
one cannot voluntarily let go of an energized current
source until that source is de-energized or the mus-
cles so fatigue that they fail to maintain the grasp.
For an average male, the let-go current is approxi-
mately 14mA. For an average female, it is 10mA
(6,8,10). A common misconception is that the force of
contraction is somehow superhuman. In fact, it is
just maximal muscle contraction, also known as
tetanic contraction attained when the current level

Table 1. Human Response to Electrical Contact

Response
Average Minimum AC

Current level

Sensation - tingling (first
perception)

1 Milliamp

Painful shock but no loss of
muscle control

9 milliamps

(Can’t) Let go 14 milliamps for males (10
milliamps for females)

Painful muscle contraction/
difficulty breathing

23 milliamps

Ventricular Fibrillation 50 milliamps (hand to hand
contact)

Myocardial sustained
contraction

Greater than 1 ampere
(41000 milliamps)

Burns (Thermal Injury) Greater than 1 ampere (4
1000 milliamps)

Typical Household Circuit
Breaker

20 Amperes

Note: These ‘‘average’’ values are broadly used and are based on well-es-

tablished research, but for the sake of creating this type of simple table,

human variability has largely been set aside. Individual human response

can vary considerably from these numbers. As such, these numbers should

be viewed as typical but certainly not definitive.
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and stimulation frequency cause all muscle fibers to
be maximally recruited to contract. Tetanic contrac-
tion can only be reached when the muscle stimula-
tion frequency is between 40 and 100 Hertz (2,13).
Beyond 100 Hertz, muscles will be overstimulated
and fatigue very rapidly. Early research demon-
strated that commercially generated AC electricity
at 60 Hertz caused maximal muscle impact (6).

3. Pain Threshold: The threshold of pain is felt when
sensory nerves are so electrically stimulated as to
cause pain. It is also caused by the direct mechanical
stimulation of pain sensors associated with substan-
tial contraction of muscles being electrically stimu-
lated.

4. Ventricular Fibrillation: Table 1 indicates that a
current of at least 50mA is necessary in a 3-second,
hand-to-hand contact (in which the heart is in the
theoretical current pathway) for ventricular fibrilla-
tion to occur. In practice, even at currents exceeding
50mA, fibrillation is frequently not triggered. Ven-
tricular fibrillation is a somewhat random process
linked to the parameters of the shock, including cur-
rent pathway and shock duration as well as to such
human-linked parameters as the phase of the shock
victim’s heart and the victim’s health. For brief
shocks, the probability of fibrillation is increased if
the shock coincides with the sensitive S-T and T
wave intervals of the electrocardiogram(EKG) (14).
The risk of ventricular fibrillation can be assessed in
any shock scenario but is never absolutely predict-
able. When fibrillation does occur, medical defibril-
lation is essential to save the shock victim’s life.
Based on animal studies, the minimal fibrillation
current (a 1 in 200 chance) can be predicted for elec-
tric shocks between one-half of a 60 Hertz electrical
cycle (8.3ms) and 5 seconds using the formula (6,15):

I¼K=T:5;

I¼ fibrillation current in milliamps

T¼ time in seconds

K ¼Constant ranging from 100 to 185

dependant on the victim’s weight

ðK ¼ 165 for a 70kg victim:Þ

Except in instances of head involvement in the
shock, individuals who suffer electrically induced
ventricular fibrillation most likely have an immedi-
ate cognizance of the shock, associated pain, and
perhaps even impending death for as long as 15 sec-
onds before they become hypoxic and lose conscious-
ness (16).

5. Respiratory Arrest: When the electrical current
pathway traverses the respiratory muscles (dia-
phragm and intercostals) or the nerves that inner-
vate those muscles, those muscles can be stimulated
to tetanic contraction such that voluntary respira-

tion ceases and death by asphyxiation will ensue
absent cessation of the electrical current. Electrical
current can also impact the respiratory center of the
brain, causing respiratory arrest. Medical triage for
electric shock requires immediately assessing if
there has been respiratory impact and providing
proper treatment until breathing can be restarted
(11,12,17).

6. Sustained Myocardial Contraction: As with all other
muscles stimulated by AC (in the frequency range of
40 to 100 Hertz), when sufficient electrical current
traverses the heart muscle, it will maximally con-
tract and stay contracted until the current ceases.
Per Table 1, to reach such a current level at the
heart requires a hand-to-hand contact current level
of 1 ampere or more. Upon release of the current, the
heart can, in some instances, return to normal pac-
ing and, in others, it may fibrillate.

7. Tissue Burns: Burning occurs because energy has
been imparted to the tissues. The amount of energy
is a function of electrical current level, tissue resis-
tance, and shock duration. The process is called ‘‘re-
sistive heating,’’ and the energy is imparted to
tissues along the current pathway. It is a localized
effect typically observed in areas where the current
density is highest (such as the current entry or exit
points) or areas of greater tissue resistance (such as
dry skin). If enough energy is imparted either by
way of current level or shock duration, any organ
system within the body can be impacted. Entry or
exit burns will tend to occur before internal burns.
Human tissue will experience first-degree burns
when raised to 501C for a period of 20 seconds (18).

2.2. Response to Electrical Contact (Modern Model)

In recent years, researchers have found many instances
where the symptomatology following electrical contact dif-
fers greatly from the anticipated response, as defined in
Table 1, or by the traditional model. These responses have
been attributed to other mechanisms of electrical injury,
which until recently, were unknown or have not yet been
explained:

1. Electroporation: Electroporation is a path-related
electrical phenomenon in which the injury is nei-
ther the product of the current level nor of the en-
ergy level of the shock. Frequently, electrical injury
is observed absent a contact capable of generating
enough tissue heating to cause damage. Lee and
Kolodney (19) reported an alternative to thermal
heating that explains how electrical injury occurs in
circumstances where the energy of the contact is less
than the injury would suggest. In the presence of a
significant enough electric field, cell membranes will
rupture. This rupturing or ‘‘electroporation’’ dis-
rupts the metabolic functioning of the cell and can
cause cell death. Per Lee and Kolodney, an electric
field of 200V/m in the direction of a 1-cm long skel-
etal muscle should be enough to rupture the mem-
brane (19). This theory recognizes that significant
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injury can occur in low-voltage contacts if the elec-
tric field is high enough. As an example, in a 120-volt
contact, where the entry and exit points are very
close, the electric field can be as high as 10,000 volts/
meter, many times the field strength necessary to
cause significant cellular injury (19). Electropora-
tion can cause slow cellular death that is consistent
with the often noted delayed onset of neurological
sequelae (20) following contact and might also serve
to explain the delayed onset of some neuropsycho-
logical symptomatology. Electroporation explains
how significant and apparently disproportionate re-
sponses can be observed following low-voltage con-
tacts, even when the contact is brief because the
injury is proportionate to the electric field and not
proportionate to the energy of the contact. As elect-
roporation can only occur along the current path
where an electric field gradient exists, electropora-
tion would not explain neurological injury that has
been observed remote to the theoretical path of the
current.

2. Diffuse Electrical Injury (DEI): One of the rarest re-
sponses to electrical contact is ‘‘Diffuse Electrical
Injury.’’ Multiple researchers have reported similar
symptomatologies found in individuals who have
suffered electric shock. The symptoms include an
array of neurological, physical, and neuropsychiat-
ric symptoms that occur with statistical significance
but are not explained by the energy, current, electric
field, or theoretical pathway of the electrical cur-
rent. DEI is best defined as being a statistically
grouped set of symptoms that are chronologically
linked to an electric shock but may be remote to the
theoretical current path and disproportionate with
the shock parameters. The traditional view held
that only organ systems in the path or proximity
to the path of the current could be impacted during
an electrical injury. Such phenomena, where the re-
sponse is not proportional to the known parameters
of the contact but where the response is repeated
among a large sample of shock victims, has come to
suggest that mechanisms of injury associated with
electrical contact still exist that are as of yet not ex-
plained and that fly below the diagnostic radar de-
fined by our societal level of technology (21–25).

2.3. Secondary Responses to Electric Shock

Secondary effects from electrical contacts are those that
happen independent of the current flow within the body.
Common secondary effects are as follows:

1. Injury from Falls or Impacts: The natural (fear) re-
sponse associated with any electrical contact is to
pull away from the current source. As muscles are
being contracted by the force of the current, the re-
sponse of jerking backwards to get away from the
source can lead to significant tissue injury that is
not caused by electrically induced muscle contrac-
tion. The risk of injury is heightened once the let-go
current is exceeded. In some instances, broken bones

or other significant injuries result from falls or im-
pacts that occur secondary to the actual electrical
contact (26,27).

2. Electric Arc Injury: Electric arcs occur when air
breaks down and ionizes, forming a plasma that
can reach temperatures of 4000 degrees centigrade
(28). For air, the dielectric strength is approximately
30,000 volts per cm (29). An electric arc will be gen-
erated when there are two points separated by air
such that the difference in voltage between those
two points is greater than 30,000 volts times the
number of centimeters of separation. Associated
with the rapid generation of the arc is heating and
expansion of the surrounding air and vaporization
and expansion of the metal vapor. Even if the cur-
rent path does not include a person in proximity to
the arc, the extreme temperature of the arc can
cause substantial flash burns. Flash burns will man-
ifest in the form of superficial skin carbonization
(30,31). When an arc occurs in a closed space, such
as found in high-voltage switching gear, the speed
with which the arc is drawn and the rate at which
air is heated can cause an explosive blast resulting
not only in extensive flash burns but also in concus-
sive blunt force tissue injury and secondary injuries
from impacts and falls. A 25kA arc at a range of 2 ft
produces a directed force of 160 lbs/ft2 (32).

3. ANALYSIS OF ELECTRICAL CONTACTS

The analysis of any electric shock begins with the quan-
tification of the parameters of the shock. Absent such
quantification, shocks would have no more individual dis-
tinction than as if we referred to all wheeled vehicles on
this planet simply as transporters. Clearly, bicycles are
not in the same category as freight trains. Such is the case
for the spectrum of electrical contacts. Grouping all types
of shocks into a small number of big categories is the mis-
take most often made by those with limited experience in
the study of electrical injury.

3.1. Energy Source

The source of the electrical energy can vary significantly,
and the resultant effects on the body can vary based on the
type of power source. Sources might be characterized as
either sustained energy or impulse energy. Sustained
sources are those where the reservoir of available energy
does not limit the duration of the contact. Where the
source is a generator or, in some instances, a battery, the
reservoir of energy far exceeds the energy of the electrical
contact. When the energy source is a stored charge, such
as a capacitor or a static charge, the available energy fre-
quently sets the limits of the contact.

1. Alternating Current (AC): Virtually all household
and industrial electricity is AC, which explains why
most electrical injuries are from AC sources. As a
result, most of what we know about electric shock
injury is applicable predominantly to AC, but, by
extrapolation, may also apply to other types of
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sources. Alternating current is produced using a ro-
tating generator, which, by virtue of its cyclical na-
ture, produces an electrical sine wave that
alternates equally between positive and negative
values at a constant rate (frequency). The ampli-
tude of AC sources can vary from very low voltage
(as in garden or pool lighting) to household (120/
240 volt) to industrial (480 volt) to distribution line
(7 kV) to transmission line voltages (ranging to sev-
eral 100 of kilovolts). As such, the electrical current
associated with an AC shock can vary from milli-
amps to hundreds of amps. Common to AC systems
is that the power source (generator) most often has
the driving capability to keep delivering electrical
energy almost indefinitely relative to the shock du-
ration (33).
AC electricity is parameterized by the frequency

of repetition of the waveform and by the amplitude
of the waveform. For the purpose of calculations, the
value used for amplitude is the Root Mean Square
(RMS) voltage. Household electricity in the United
States has an RMS voltage of 120 volts and a rep-
etition frequency of 60 cycles per second (60 Hertz).

2. Direct Current (DC): DC is produced from a constant
voltage source such as a battery. Although commer-
cial and scientific applications exist that use high-
voltage DC (34), electrical injuries are rare when
compared with AC. Like AC, most DC sources have
the capacity to deliver energy for sustained period of
times. In our world, commonly available DC sources
are fairly low voltage (such as car batteries) or have
little available energy (such as flashlight batteries.)
As a result, research into DC-type electrical injury is
somewhat limited and more myth than fact may ex-
ist about the difference in injuries that can result
from comparable AC and DC contacts. Although AC
contacts can cause injury by multiple mechanisms,
including thermal damage and fibrillation, the most
likely mechanism of DC damage is by thermal injury
(33). Research has also shown that greater amounts
of DC current are required to have the same effect
(such as sensation and pain thresholds) (28). In the
classic work by Dalziel, he found that AC differed
from DC in that test subjects experienced a burning
pain during a DC shock and that significant pain
was only experienced upon release of the contact
(35).

3. Static Discharge: Static discharge is an impulse-
type shock that occurs when energy built up on an
insulated surface is discharged to ground. Discharge
occurs when the charged surface comes into contact
or proximity with ground, allowing the charge to
dissipate and permitting current flow. The most
common human experience with static discharge oc-
curs when one receives a small and brief shock by
touching a doorknob after walking across a carpeted
floor. By walking across the carpet, charge is being
stored. By touching the doorknob, the charge is
brought into close proximity to ground and dissi-
pated. Although the charged surface can be at a very
high voltage, the energy available is very small and

thus rapidly dissipates during the discharge. The
energy transferred in such a shock is approximately
.01 joules (as compared with 1–2 joules for a 120 volt,
.1 second, AC shock). Although sometimes annoying,
such a low-energy static shock cannot cause primary
injury (28).
Industrial static injuries can be quite significant.

Energy may build up on machinery with fast-mov-
ing insulated rollers over which dry material is be-
ing passed. Static buildup is heightened in
particularly dry environments. (The author saw
such a condition in a paper mill.) In industrial en-
vironments, a static charge equaling 100s of thou-
sands or even millions of volts can build up on a
large surface with significant energy. When the di-
electric (point of breakdown) for air (30,000 volts per
cm) is reached, the air ionizes and an arc is drawn
between the charged surface to ground or, in some
instances, to an unsuspecting individual who inad-
vertently narrows the gap by virtue of stepping near
the charged surface and creating a pathway to
ground.
Although typically brief, the impulse can have sig-

nificant enough energy to cause primary thermal
injury, although secondary injuries from falls or im-
pacts are most likely.

4. Lightning: Lightning is a very-high-energy static
discharge capable of causing massive injury, im-
mense thermal tissue damage, and death. A typical
lightning strike can have currents ranging to
200,000 amperes with the duration of the strike
ranging from .0001 to .003 seconds (36). The amount
of energy associated with a lightning strike can eas-
ily exceed several hundred million joules.
Injury from lightning is much less predictable

than from generated electricity. The brevity of the
lightning discharge can often yield only superficial
burns, but fractures and multisystem thermal inju-
ries are also reported (3). As the lightning seeks
ground, injury from flashover from one object to an-
other is quite common. The energy imparted to a
lightning victim can range very widely depending on
a multitude of variables associated with the geome-
try of the environment at the time of the strike.

5. Capacitive Discharge: Capacitive discharge is a type
of electrical impulse that is very similar to static
discharge. Capacitors are energy storage devices.
Once charged, capacitors can hold their energy for
an extended duration of time. A capacitor bank the
size of a suitcase can store 100 kilojoules of energy,
although individual capacitors exist that can be
charged to lethal levels. When a pathway is created
through which the capacitor can discharge, the en-
ergy is released. Discharge through a resistive load
(such as a human) follows an exponential decay. As
large capacitors can store large amounts of energy at
significant voltages, potential exists for dramatic
primary and secondary injury. Capacitors should
be handled very carefully and care should be taken
to assure that they are discharged before touching
the leads (34).
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3.2. Differential Voltage

All shocks share at least one common factor. For a shock to
occur, the recipient of the shock must be in a position such
that at least two points on their body are subjected to
voltages of different values. This differential voltage is the
voltage measured between those two points. Generally,
most components of the physical world that we contact are
held to the same voltage, commonly referred to as the
ground or earth potential. No shock can ever occur unless
a differential voltage exists. One of the two voltages can be
the earth potential whereas the other voltage can be the
voltage from an energy source such as those described
above (21).

3.3. Entry and Exit Points

The entry point is the known or approximated point of
contact between the body and the source of the current
(typically the higher of the two differential voltages). The
exit point is the known or approximated point of contact
between the body and point at which the current exits.
The exit point is typically the point of lower voltage.
Hence, the differential voltage is defined as the voltage
drop between the point of current entry to exit.

Entry and exit points tend to be focal contact points and
are often the points of highest current density (amps/cm2)
and are thus the most likely points to find burns in brief
contacts (18). It is, however, known that significant injury
can occur absent entry or exit burns. In low-voltage con-
tacts (o1000 volts differential voltage), entry and exit
wounds are observed in only 45% of the contacts (33). The
greater the voltage and the greater the shock duration,
the greater the energy of the contact and the greater the
risk of entry and exit burns.

NOTE: In alternating current (AC) contacts, the terms
‘‘entry’’ and ‘‘exit’’ are misnomers because the current os-
cillates making entry and exit points oscillate with the
current. Still, the convention is to call the point closest to
the technology driving the current the entry point and the
point closest to the earth or ground potential, the exit
point.

Electrical injury can be very complex and temporally
dynamic. During the duration of a shock, multiple entry
and exit points may exist that can often confuse the anal-
ysis of the electric shock scenario. A typical mistake in
evaluating shocks is to try to treat the shock environment
as geometrically static.

3.4. Theoretical Current Pathway

The theoretical current pathway is defined as the shortest
linear pathway between entry and exit points. Histori-
cally, on a systemic scale, the body has been viewed as a
‘‘structureless gel’’ (3,7,37). Although, on a purely theoret-
ical level, this defies the basic laws of physics, it does allow
for an excellent first approximation of the current tra-
versing the body during the shock, which in turn provides
a good basis upon which injury may be predicted.

3.5. Pathway Resistance

Pathway resistance can be calculated by adding resis-
tances that have been experimentally determined for the
different body parts along the theoretical current path
(1,38). Such resistances are based on a gross view of each
body segment assuming the homogenous (‘‘structureless
gel’’) tissue model. Table 2 contains a list of resistance
values that are used to calculate current flow during an
electrical contact.

When considering the local effects of electric current,
however, the homogenous tissue model must be aban-
doned. Table 3 is a list of the resistivity (and conductiv-
ity) values for individual tissue types (39). The resistance
for any given body part is made up of the parallel and se-
rial combinations of the individual resistive tissue path-
ways. The resistivity values of Table 3, when taken in the
context of local tissue geometry, can be used in the calcu-
lation of localized current distribution and can, in turn, be
used to anticipate localized injury (40).

3.6. Electric Current

Human tissues are generally viewed as being electrical
conductors. The differential voltage across the electrically
conductive tissues between the entry and exit points is
what drives electrical current through the body. The cur-
rent delivers the energy that impacts and damages the
tissues. The amount of current traversing between the
entry and exit points is defined by Ohm’s law, which is
stated as:

Voltage ðVÞ¼Current ðIÞ � Resistance ðRÞ:

By solving for current, Ohm’s law is restated as:

Current ðIÞ ¼ VoltageðVÞ=Resistance ðRÞ;

Table 2. Homogenous Body Resistances for Adult Humans

Body Resistance 1000 ohms IEEE STD. 80

Average Body Resistance—
Hands to feet (dry entry
and exit)

4838 ohms (Hamman)

Average Body Resistance—
Hands to feet (wet entry
and exit)

865 ohms (Hamman)

Body Resistance—Hand to
hand (wet entry and exit)

1300 ohms (Hamman)

Body Resistance—Head to
leg (high-voltage wet
contacts)

o300 ohms (Morse)

Arm 200 ohms (Webster)
Leg 200 ohms (Webster)
Torso 100 ohms (Webster)
Dry Skin (1 cm of contact

area)
15 kohms to 1 Mohm

(Webster) 70 kohms to 100
kohms (Hammam)

Wet Skin (1 cm of contact
area)

150 ohms to 10 kohms
(Webster) 700 ohms to 1
kohms (Hammam)
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where Voltage, measured in volts, is the differential volt-
age between the entry and exit. Resistance, measured in
ohms, is the pathway resistance. The resulting current is
measured in amperes (amps) (8,10).

3.7. Shock Duration

The duration of the electric shock is defined as the amount
of time during which a differential voltage exists and dur-
ing which a resultant flow of current between the entry
and exit points exists. The amount of energy imparted to
the body, as well as the probability of ventricular fibrilla-
tion, increase as a direct function of shock duration.

3.8. Energy Transferred in the Body

The energy imparted by the electricity causes resistive
heating and resultant thermal tissue damage. Energy
transferred into a body during an electric shock is defined
by the equation:

Energy¼ðCurrent2�ResistanceÞ�Shock Duration

Energy¼ ðI2�RÞ�T;

or by the equivalent equation:

Energy¼Differential Voltage�Current

�Shock Duration

Energy¼V � I�T:

When shock duration (T) is in seconds, voltage (V) is in
volts, and current (I) is in amperes, the calculated energy
(E) is in Watt-seconds or joules, where 1 joule equals¼ 1
watt-second. Energy can also be given in calories (c),
where 1 calorie¼0.24 joules.

NOTE: By definition, one calorie is the amount of en-
ergy necessary to raise one cubic centimeter of water one
degree centigrade. As soft tissue is largely water, one can
approximate that for every calorie imparted to one cubic
centimeter of tissue, the temperature will rise approxi-
mately 1 degree centigrade (18).

4. EXAMPLE: ELECTRIC SHOCK ANALYSIS

4.1. Scenario

A healthy 25-year-old male of average weight (70 kg) re-
ceives an electric shock while in the process of turning on
a lamp in his household laundry/utility room. When in-
terviewed, he reports that it was a hot, humid day and
that he had just completed exercising. He describes the
shock as having been excruciatingly painful and feeling as
if it grabbed his whole body. He reports that the shock
began when he attempted to turn on the lamp, and the
shock lasted for what seemed like many seconds. Although
he suffered no burns, some slight reddening of the skin
occurred on his right hand at the point of contact. A family
member witnessed the occurrence, and, when inter-
viewed, reports that the contact looked like it lasted
around three seconds before the shock victim was able to
‘‘jerk’’ himself free of the lamp. The shock victim was right-
hand dominant and grabbed the lamp switch with his
right hand while opening (grasping) the top lid to the
washing machine with his left hand. The shock victim was
wearing running shoes (rubber soles). Upon inspection, it
was found that the lamp had a frayed hot lead that caused
the switch and case to energize and that the washing ma-
chine was functioning properly and had a properly
grounded metal enclosure. The lamp was plugged into a
standard household outlet and had a 75-watt incandescent
bulb. The fuse box providing the energy to the branch cir-
cuit containing that outlet had a 15-amp circuit breaker.
No other significant loads were operating on that branch
circuit at the time of the shock. No Ground Fault Circuit
Interrupter (GFCI) exists on either the branch or the out-
let.

4.2. Analysis

This scene is a typical household electric shock scenario.
Before assessing the potential for injury, the parameters of
the shock must be determined.

1. Power Source: The power source is a standard
household outlet into which the lamp was plugged.
Such outlets in the United States provide 120 volts
AC at 60 Hertz frequency. The current available in
the circuit was 15 amps minus any current drawn by
any other components operating on that branch cir-
cuit. As no other components existed, the outlet
could draw 15 amps before the breaker would trip.
NOTE: Had the circuit been protected by a GFCI,

the outlet would have been de-energized when a
shock (fault) current of approximately 5mA oc-
curred. Circuit breakers are used to protect machin-
ery, whereas GFCIs are used in circuits to protect
people.

2. Differential Voltage: The contact was between a sur-
face energized by a frayed hot lead and a grounded
metal enclosure. The RMS voltage between the hot
lead and ground is 120 volts.

3. Entry and Exit Points: The entry point was observed
to be the right hand and the exit point was the left
hand. As the shock victim was wearing rubber soled

Table 3. Tissue Resistivity and Conductivity

Tissue
Resistivity
ohm-meter

Conductivity (ohm-
meter)� 1

Blood 1.5 0.666666667
Plasma 0.63 1.587301587
Cerebrospinal

Fluid
0.65 1.538461538

Urine 0.3 3.333333333
Skeletal Muscle 3 0.333333333
Cardiac Muscle 7.5 0.133333333
Lung 12.75 0.078431373
Fat 25 0.04
Bone 160 0.00625
Copper 1.72E-10 5800464037
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shoes, which are insulators, it is doubtful that any
other exit points existed capable of providing nonin-
sulated pathways to ground. (We will assume that
entry and exit points were each 1 cm2, although that
might be worth further examination to increase the
accuracy of the analysis.)

4. Theoretical Current Pathway: The shock is best
characterized as a ‘‘hand-to-hand’’ contact. The the-
oretical current path is the shortest linear pathway
from the entry to exit point that would traverse the
right-hand skin, right hand and arm, torso, left arm
and hand, and left-hand skin. The line of the theo-
retical current path would include the heart.

5. Pathway Resistance: The pathway resistance is de-
termined by adding all of the resistances along the
theoretical current pathway. These resistances are
based on the ‘‘structureless gel’’ model of the human
body but provide an excellent first estimate of cur-
rent. When considering skin resistances, one must
consider the moisture present at the time of the con-
tact. In this instance, it is a hot, humid day and the
victim has been exercising. In the worst case, one
can assume that the victim’s hands are very wet,
which is validated to a degree by the absence of en-
try or exit burns even though the shock duration
was several seconds. Resistance values are taken
from Table 2. The resistance is calculated as follows:

Rpathway¼Rskin rightþRarmþRTorsoþRleft armþRskin left

Rpathway¼ 150 ohmsþ 200 ohmsþ 100 ohms

þ 200 ohmsþ 150 ohms

Rpathway¼ 800 ohms:

6. Current Flow: Current is determined by Ohm’s law
as follows:

I¼V=R

I¼ 120 Volts=800 Ohms

I¼ :15 Amps ðor 150 mAÞ:

7. Shock Duration: It has been reported that shock vic-
tims will experience distortion of time such that
their estimate of shock duration can be significantly
in error (3). As such, it is best to rely on other
sources to determine shock duration. Shock dura-
tion can range from instantaneous [defined as ap-
proximately .1 second, which is the typical human
nerve and muscle response time to an electrical con-
tact (41)] to very long durations in scenarios where
the let-go current has been exceeded and the victim
cannot voluntarily let go of the current source. The
witness, in this instance, places the shock duration
at 3 seconds, which seems reasonable under the cir-
cumstances.

8. Minimum Fibrillation Current: Although fibrilla-
tion did not occur, it is worth looking at the mini-
mal fibrillation current as the heart was in the
theoretical current path. The purpose is to deter-
mine if the victim was at risk of fibrillation in this
scenario. Applying the equation:

I¼K=T:5;

where K ¼ 165 for a 70kg male and T¼ 3 seconds,
yields a minimum fibrillation current of 95ma. The
shock victim was at risk of ventricular fibrillation
during his contact.

9. Shock Energy: The energy imparted into the body is
calculated using the formula:

Energy¼Voltage�Current�Time

Energy¼ 120 Volts� :15 Amperes� 3 Seconds

Energy¼ 54 Watt�Seconds ð¼ 54 joulesÞ;

which can be converted to calories by multiplying by
.24

Energy¼ 12:96 calories:

4.3. Discussion of the Shock

By comparing the current level of 150mA to the informa-
tion in Table 1, we see that the current was significantly in
excess of 14ma, the average human let-go current for a
male. As such, it is not surprising that the shock victim
could not let go of the source of the current. The current
would have caused the muscles in the hand to contract,
thus causing the victim to grasp both the light and the lid
of the washing machine. Also, we note that the current
exceeds the threshold for pain and, as reported by the vic-
tim, the shock was very painful. Current this high at 60
Hertz is expected to cause tetanic muscle contractions
mimicking the worst muscle cramps one could experience.
Although the current did exceed the Table 1 current at
which ventricular fibrillation could occur (50ma) as well
as the calculated minimum fibrillation current of 96ma, it
should be noted again that ventricular fibrillation is a
random process linked to many factors, and it is not sur-
prising that there was no fibrillation. The risk still existed.
If it did not occur at the time of the shock, it is generally
not a future health concern. As to respiration, the shock
could have and might have impacted the respiratory (in-
tercostals and diaphragm) muscles. The brevity and pain
of the shock precludes awareness on the part of the victim
of breathing difficulties in many instances. Note that, in
longer shocks, respiratory impact can be horrific, leading
to the sense that the victim is suffocating and helpless. As
with ventricular fibrillation, impact on the respiratory
center of the brain is also dependent on many variables
and was not observed in this particular shock.
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As to the energy of the shock, enough energy was im-
parted to the body to heat one cc of water 15 degrees cen-
tigrade, but because the energy is dispersed through a
much greater volume of tissues, internal burning is cer-
tainly not possible. In cases where the skin of the entry or
exit point is dry and poses a risk of greater resistive heat-
ing, the skin in a shock similar to this could experience
very minor entry or exit burns. Such burning is not ex-
pected for wet skin.

This shock yielded exactly the results that one might
anticipate. As a result of the small amount of energy im-
parted to the body, and based on known mechanisms of
injury (traditional model), little expectation exists that the
shock victim will experience any future effects from the
shock.

It is also worth noting that when considering circuit
protection, the current level of the shock was but a small
fraction of the value of the 15-amp circuit breaker pro-
tecting the circuit. As such, there would have been no ex-
pectation that the circuit breaker would trip. A GFCI,
which is intended to protect individuals in just such a sce-
nario as this, would have tripped, had it been present in
the circuit. GFCIs are designed to trip at high fault cur-
rents in less than .03 seconds and are responsive to fault
currents as low as 5ma, making the probability of fibril-
lation virtually nonexistent (42).

5. LOCALIZED EFFECTS DURING AN ELECTRIC CONTACT

Up until this point, the focus has been on a global under-
standing of electric shock, which has allowed the body to
be treated as homogenous and generally ‘‘structureless.’’
Although these simplifications provide for an excellent es-
timate of the generalized effects of an electrical contact, no
discussion of electric shock should end without consider-
ing the reality that most shock injuries are localized. Most
significant among those considerations is the question of
how the theoretical current path differs from the actual
current path, and to which tissues the energy is actually
imparted during an electric shock.

5.1. Theoretical Versus Realistic Current Pathway

To understand the localized impact, it is important to look
more deeply at what truly defines the current pathway. On
a global level, the current pathway is characterized only
by the known electrical entry and exit points as in a
‘‘hand-to-hand’’ or ‘‘hand-to-foot’’ contact. The internal
current pathway can never truly be known. History has
proven that it is generally the rule in the majority of elec-
trical contacts that electrical injury will occur along the
theoretical current path. Recent study of electrical injury
has found many exceptions to this majority rule.

A view that comports correctly with the laws of physics
(and less with the ‘‘structureless gel’’ theory) must begin
by recognizing that many different tissues exist between
the entry and exit points. Each tissue defines a separate
current pathway. The current must be divided among all
of the pathways. The percentage current distribution to
each separate tissue pathway must be inversely propor-
tionate to that pathway’s resistance, as is dictated by the

current divider rule extension of Ohm’s law. Treating each
tissue pathway separately recognizes that, as Ohm’s law
was applied to the ‘‘structureless gel,’’ it must apply as
well to each separate pathway. By Ohm’s law, Ipathway¼

Vpathway/RPathway for each pathway. The ‘‘structureless gel’’
must then truly represent the cumulative effect of all the
individual pathways. The least resistive path may not al-
ways be the physically shortest linear path. In theory,
some current will flow in all pathways (where Rpathoin-
finity) between entry and exit points. This analysis as-
sumes that tissues are purely resistive, lacking capacitive
interaction, which is generally true at the low frequency of
commercially generated electricity (41).

The resistance for any pathway is given by the follow-
ing formula, which recognizes that resistance is a function
of the geometry (length and area) as well as the paramet-
ric characteristics (material resistivity) of the pathway.

Rtissue¼rL=A;

where:

r¼Resistivity of the tissue in

the pathway ðUnits : ohm�meterÞ

L¼Length of the pathway through which

current flows ðUnits : meterÞ

A¼Cross�sectional area of the pathway through

which current flows ðUnits : meter2Þ

Applying this formula and recognizing that bulk tissues
(such as muscle) have cross-sectional areas that can be
orders of magnitude larger than conductive pathways of-
fered by tissues with lower resistivity values (such as
neural and vascular paths) (38) yields the result that bulk
tissue pathways will have dramatically lower resistance
than other pathways made of more conductive material.
Bulk tissues would thus conduct the overwhelming per-
centage of current in any electrical contact, which gives
rise to validation of the appearance of the broadly ac-
cepted ‘‘structureless gel’’ theory. The pathways made of
more conductive tissues, even if conducting less current
can still have dramatically higher current densities, which
creates the reality that localized tissue damage is possible
in tissues conducting at higher current densities even if
surrounding tissues have current densities below the in-
jury threshold. It also suggests that nonpath-related in-
jury may be the result of current deviation to pathways
other than the shortest linear path.

Given the multitude of conductive pathways and the
extensive resistive proximity among pathways, solving for
localized current density is a daunting task. The finite el-
ement method (FEM) has proven effective in the solution
of such problems (40). Figures 1a to 1d depict a localized
solution to model current density in a hand-arm involved
electrical contact. Data from the visible human project
provided a tissue template cross section (Fig. 1a) to which
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known tissue resistivities (Table 3) were applied yielding a
tissue-type diagram (Fig. 1b). A stimulus current is ap-
plied, yielding an FEM solution (Fig. 1c). Figure 1d is a
plot of current densities in nerve tissue along the current
pathway. The results indicate that the current density is
highest in nerve tissue when compared with surrounding
bulk muscle tissue and that current density peaks in the
region of the carpal tunnel, which may explain the fre-
quent diagnosis of carpal tunnel syndrome (CTS) found in
individuals following hand-involved electric shocks.

5.2. Localization of Electrical Burns

When enough energy is added to biological tissue (beyond
any amount removed by cooling mechanisms such as air or
blood flow), the tissue will denature and burn. For each

calorie added to any specific cubic centimeter of soft tissue,
that tissue will increase approximately 1 degree centi-
grade if the energy is added fast enough to make the effect
of the cooling mechanisms negligible. Although the dis-
cussion thus far allows for the determination of total en-
ergy added to the body, that energy is not evenly
dispersed. Some tissues will barely change temperature
whereas others will rapidly heat and burn as is seen by
the presence of entry and exit burns even in fairly low-
energy contacts. If enough energy is added to the body,
gross systemic heating will occur along and near the path-
way of the current with the result that any organ system
can suffer thermal damage from the added energy (43–45).

When considering which tissues will burn first, always
look to the entry and exit points where the current density
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Figure 1. (a) Cross section of carpal tunnel region. (b) Cross-section characterized by tissue type.
(c) Finite Element Model of current flow demonstrating increased current density in the nerve
tissue. (d) Nerve current density as a function of distance from carpal tunnel region.
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is usually the greatest. Although the current will disperse
through the volume of bulk tissues, all current must enter
and exit the body through the entrance and exit points. If
the entry or exit points are small, the current density can
be quite large, even for a low-voltage contact.

5.3. Example: Localized Tissue Heating

For the electrical contact example given earlier, the cur-
rent entered and exited through 1 cm2 areas. Each area
posed a resistance of 150 ohms. The current density would
be 150mA/cm2. The energy dissipated at the entry (or
exit) would be calculated as:

Energy¼ I2�R�T

¼ ð:15 AmpsÞ2�ð150 OhmsÞ� ð3 SecondsÞ

Watt seconds¼ 10:125 Watt seconds

¼ 10:125 joules

¼ 10:125 joules� :24 calories=joule

¼ 2:43 calories:

Assuming the tissue at the entry point was .2-cm thick,
the total volume of the tissue absorbing the 2.43 calories
would equal 1 cm2

� .2 cm¼ .2 cm3.
The temperature increase is calculated as:

Temp: Increase¼ ð2:43 caloriesÞ=ð:2 cm3Þ

� 1 degree Centigrade=calorie=cm3

Temp Increase¼ 12:15 degrees centigrade:

If the skin was at 371C prior to the shock and assuming
cooling effect was negligible, the final temperature at the
entry (or exit) point would be 371Cþ 12.151C¼ 49.151C.

The resultant temperature is just below that needed for
the tissue to burn, but was not sustained long enough to
actually inflict a burn. The additional energy could ex-
plain the observed tissue reddening.

6. THE FUTURE OF ELECTRIC SHOCK RESEARCH

Research into electrical injury has been going on since we
started generating electricity for commercial purposes and
has now spanned more than one century. (The first death
related to commercially generated electricity occurred in
1879.) Until the last decade of the twentieth century, it
was largely assumed that this was a field where the great
advances were in the past. Today, we realize how little we
truly know about the effects of electricity on the human
body. Our ability to engineer barely touches the level and
complexity at which humans have been engineered. The
great unanswered question of what pathway(s) current
truly follows during an electrical contact still remains un-
answered. Although we know the gross mechanisms of
electrical injury, recent research suggests that multiple
mechanisms may exist that are undetectable by our cur-

rent diagnostic technology. Such mechanisms are yet to be
discovered and explained. The effects of electricity on the
human body reach far beyond that which we now under-
stand or can even anticipate.
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1. INTRODUCTION

Mathematical modeling has proven to be a powerful tool
for improving our understanding of electrical activation in
the heart, including the ionic mechanisms underlying
cardiac action potentials, the generation and propagation
of both normal and abnormal rhythms, the termination of
abnormal rhythms by external electric shocks, and the
effect of various drugs on cardiac electrical activity (1).
Fueled by an ever expanding pool of experimental data
and the commoditization of computing technology, models
of cardiac electrical activity continue to evolve, becoming
increasingly more complex in an attempt to faithfully
embody new experimental observations. To a large extent,
these models are a result of the reductionist approach in
the physical sciences, in which complex systems are
decomposed into smaller, more manageable components
that may be studied and characterized independently.
This approach has been incredibly successful. However,
in many biological systems, including the heart, it is
becoming increasingly evident that much observed beha-
vior is a result of the complex interaction of many systems
ranging from the subcellular to the cellular and ultimately
the tissue or whole organ scale. Understanding of such
emergent behavior may be achieved through the develop-
ment of so-called integrative models, which attempt to
combine detailed and accurate models across a range of
scales, into complex models of cardiac tissue and even the
whole heart.

The goal of this article is to present an overview of the
techniques routinely employed in modeling the electrical
activity of cardiac myocytes and the propagation of elec-
trical activation in cardiac tissue. Specifically, this article
describes the modeling of cardiac activation at the cellular
scale, using single cell models, and at the tissue scale,
using spatially distributed multicellular models. Models of
cardiac activation formulated using the techniques de-
scribed here provide a basis for modeling other aspects of
heart function such as the excitation–contraction process
or the generation of body surface potentials recorded in
the electrocardiogram.

2. HISTORICAL BACKGROUND

The foundation for contemporary models of cardiac activa-
tion lies in the pioneering work of Hodgkin and Huxley,
who in the late 1940s, employed the voltage-clamp ampli-
fier to characterize the membrane current-voltage rela-
tionships of the squid giant axon. Their technical and
experimental achievement aside, Hodgkin and Huxley
went further still, formulating the first mathematical
description of membrane activation (2). This mathemati-
cal model could reproduce known experimental observa-
tions including membrane refractoriness, strength–
duration characteristics of the electrical stimulus thresh-
old, the effects of specific ion channel blockade, as well as
electrical propagation along a one-dimensional cable (3).

In their original work, Hodgkin and Huxley solved
their model equations in an arduous fashion by hand.
However, the advent of the digital computer saw a pro-
liferation of models, based on Hodgkin and Huxley’s
formulations, describing the electrical properties of
many excitable cells, including those of the central and
peripheral nervous system and smooth and skeletal mus-
cle.

Ionic models of cardiac electrical activity, based on
Hodgkin–Huxley formulations, began to appear in 1962
with the publication of Noble’s (4) model of Purkinje fiber
activity. Over the next 10 years, this simple model pro-
vided a basis for numerous models of electrical activity in
other regions of the heart. The 1970s saw the development
of more sophisticated models of Purkinje and ventricular
fiber activity by McAllister et al. (5) and Beeler and Reuter
(6), respectively. These new models in turn spawned a
second generation of models reproducing electrical activ-
ity in other regions of the heart (7,8), a pattern that
entered its third cycle with the DiFrancesco and Noble
(9) model of Purkinje fiber activity in 1985. In addition to
membrane currents based on Hodgkin–Huxley formula-
tions, the DiFrancesco and Noble equations modeled
active transport mechanisms and employed compartment
modeling to describe changes in intra- and extracellular
ionic concentrations. More recent models attempt to cou-
ple together the wide range processes involved in normal
cell activity by including stretch-activated membrane
currents and the regulating effects of metabolites and
neurotransmitters (10–12).

3. SINGLE CELL MODELS

Single cell models describe electrical activity at the in-
dividual cell level, without taking into account the propa-
gation of excitation from one cell to the next. Thus, single
cell models can reproduce basic features of the cardiac
action potential intrinsic to a single cell.

In general, single cell models may be classified as either
simple empirical models or detailed biophysical models.
Rather than attempting to model the complex ionic me-
chanisms underlying electrical activity in cardiac myo-
cytes, simple empirical models capture the key
characteristics of the intrinsic dynamics in a compact
form. In contrast, biophysically detailed models attempt

1
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to model the activation process based on the underlying
physics of the cell membrane, and often they include
complex formulations for each ionic membrane current.

Due to their simple mathematical formulations, em-
pirical models are relatively cheap to solve and are there-
fore often used as a basis for formulating large-scale
multicellular tissue models. Such models have proven
useful in the qualitative investigation of many aspects of
cardiac electrical activation (see, for example, the bido-
main model simulations and associated discussion below).
However, because the empirical models are somewhat
divorced from the underlying physiology, such models
are limited in their applicability. For example, empirical
models are largely unsuitable for quantitative investiga-
tion of the effects of pharmacological agents or pathologi-
cal conditions that may directly influence specific ionic
currents or alter the cellular environment; for such stu-
dies, detailed and accurate ionic models are preferred.

3.1. Simple Empirical Models

Several relatively simple empirical models have been
proposed to describe electrical activity in the heart. The
first such model widely used was that formulated by
FitzHugh (13), as a generalization of the Bonhoeffervan
der Pol (BVP) equations for a relaxation oscillator. This
simple model consisted of only two state variables, the
dynamics of which were determined by a pair of first-order
ordinary differential equations. As FitzHugh demon-
strated, this simple model was essentially a simplification
of the Hodgkin–Huxley equations for activation of the
squid nerve under space clamped conditions. With appro-
priate selection of parameters, the BVP equations can also
reproduce the spontaneous activity characteristic of the
specialized pacemaker of the heart, the sinoatrial node.
Such a simple model of pacemaker activity was formu-
lated by Sato et al. (14), to investigate autonomic modula-
tion of the pacemaking rate.

The BVP model was subsequently generalized by Na-
gumo et al. (15) to model propagation of the action
potential in a pulse transmission line representing the
nerve axon. This generalized form of the equations, re-
ferred to as the FitzHugh–Nagumo (FHN) equations, are
often employed in multicellular models of cardiac activa-
tion.

The FHN equations can reproduce, in at least a quali-
tative sense, the excitable nature of cardiac myocytes,
including the presence of a refractory period. Several
investigators have modified the FHN equations in an
attempt to improve their agreement with experimental
observations. One such modification widely employed in
cardiac activation modeling is that by Rogers and McCul-
loch (16); i.e.,

dv

dt
¼ c1vðv� aÞð1� vÞ � c2vuþ istim; ð1Þ

du

dt
¼ bðv� duÞ; ð2Þ

where a, b, c1, c2, and d are constants and istim represents

an externally applied stimulus. The simulated action
potential using this two-variable model with parameters a
¼ 0.13, b¼ 0.013, c1¼ 0.26, c2¼ 0.1, and d¼ 1.0 is shown
in Fig. 1 (v-trace). The u-trace is a measure of the
refractoriness or inexcitability of the cell. The stimulus
current istim was a square pulse of amplitude 0.03 and
duration 20 applied at time t¼ 100.

Several other simple models, slightly less empirical
than the FHN models just described, have also been
formulated to model cardiac electrical activity. van Ca-
pelle and Dürrer (17) formulated a cell model consisting of
two state variables, representing the transmembrane
potential and a general excitability parameter. The dy-
namics of this simple model were determined by a
weighted sum (with the excitability parameter serving
as the weight) of two assumed current-voltage relation-
ships: the first corresponding to a fully excitable state and
the second to a fully activated or inexcitable state. Much
like the FHN model, this simple model could also produce
activity qualitatively similar to both quiescent and spon-
taneously active cardiac myocytes.

A relatively simple model of cardiac pacemaker activity
was also proposed by Endresen (18). This model was
derived from the underlying conservation relations of
the cell membrane. It contained two state variables gov-
erned by a pair of ordinary differential equations, and it
included simple formulations for three membrane cur-
rents. These were categorized according to their kinetics
as either fast or slow, governed, respectively, by either a
simple current voltage relationship or a single ordinary
differential equation.

3.2. Detailed Biophysical (Ionic) Models

Biophysically detailed models attempt to model the acti-
vation process based on the underlying physics of the cell
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Figure 1. Simulated action potential (v-trace) using the two-
variable model by Rogers and McCulloch (16) (Equations 1 and 2)
with parameters a¼0.13, b¼0.013, c1¼0.26, c2¼0.1, and d¼
1.0. The stimulus current istim was a square pulse of amplitude
0.03 and duration 20 applied at time t¼100. The u-trace is a
measure of the refractoriness or inexcitability of the cell.
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membrane. Specifically, the cell membrane is modeled as a
capacitor in parallel with several conductances represent-
ing the various ionic current systems. A typical example of
such a ‘‘parallel conductance’’ model is illustrated by the
equivalent circuit in Fig. 2. In this circuit, current flow
across the membrane (im) is equal to the sum of an ionic
component (iion) and a capacitive component (ic), which
models the effect of cell membrane capacitance as charge
accumulates on either side of the cell membrane. Recent
models extend the basic model of the cell membrane
shown to the left in Fig. 2, adding formulations for active
transport mechanisms (iNaK and iNaCa depicted as current
sources in Fig. 2) and autonomic modulation of various
membrane currents (iK,ACh in Fig. 2). In addition, these
models often include formulations for dynamic changes in
intra- and extracellular ion concentrations, including the
uptake and release of calcium from the sarcoplasmic
reticulum (SR) and buffering of calcium by the cytosolic
proteins calmodulin and troponin.

Under space-clamped conditions, there is no net cur-
rent flow across the cell membrane. The capacitive current
ic is then equal and opposite to the ionic current iion so that

dVm

dt
¼ �

iion
Cm

; ð3Þ

where Vm denotes the transmembrane potential, iion
denotes the sum of the membrane ionic currents (iNa,
iCa, iK, etc.), Cm denotes the membrane capacitance, and
t denotes time. Many ionic currents display complex time-
and voltage-dependent activation and inactivation ki-
netics, as indicated by the variable conductance symbols
in Fig. 2. Several schemes have been developed to model
these kinetics (for a comprehensive review, see Bett and
Rasmusson (19)). The first, and perhaps the simplest,
being that pioneered by Hodgkin and Huxley in the squid
giant axon (2). However, more recently, increased atten-

tion has been focused on Markov state models of ion
currents.

3.3. Hodgkin–Huxley Formalism

In Hodgkin–Huxley-type models, the time-dependent ion
currents are modeled by equations of the form

i¼ gmphqðVm � EeqÞ; ð4Þ

where i is the membrane current, g is the maximum
whole-cell conductance, m and h are dimensionless gating
variables representing respectively the proportion of acti-
vation and inactivation gates in the open state, p and q
represent the number of gates of each type required to
model the observed kinetics, Vm is the transmembrane
potential, and Eeq is the Nernst equilibrium potential of
the ion species in question. The activation and inactiva-
tion gates are governed by first-order kinetics given by

dm

dt
¼ amð1�mÞ � bmm ð5Þ

(for the activation gatem in (Equation 4), where am and bm
are the opening and closing rates and are, in general,
empirical functions of the membrane potential Vm.
Equivalently, the gating kinetics may also be expressed
in terms of the proportion of open gates under steady state
conditions (mN for example) and the time constant of
activation (tm); i.e.,

dm

dt
¼

m1 �m

tm
; ð6Þ

where

m1 ¼
am

amþ bm
; tm¼

1

amþ bm
:

3.4. Markov Models of Ion Channel Gating

Although Hodgkin–Huxley-type equations are adequate
in reproducing a wide range of observable membrane
current kinetics, recent advances in single channel record-
ings suggest that individual ion channels exhibit multiple
states corresponding to voltage-dependent protein confor-
mations and/or ligand binding (20). To be consistent with
this new understanding of channel structure and function,
Markov state models of ion channels have been increas-
ingly used to describe membrane current kinetics (21). In
general terms, the Hodgkin–Huxley form of membrane
current (Equation 4) is replaced by

i¼
X

N

s¼ 1

gsAs

 !

ðVm � EeqÞ; ð7Þ

where As is the proportion of membrane channels in state
s, gs is the membrane conductance associated with state s,
andN is the total number of states. The kinetics governing

+
+++

+Cm

ic iNa iCa iK ib

iNaK iNaCa

iK,ACh

im

ENa ECa EKEK Eb

Extracellular

Intracellular

Figure 2. Equivalent circuit of a single cell ionic model of cardiac
electrical activity. The cell membrane is modeled as a capacitance
(Cm) in parallel with several conductances representing the
various ionic current systems (iNa, iCa, iK, and ib). Active transport
mechanisms (iNaK and iNaCa) and autonomic modulation (iK,ACh)
found in more sophisticated models are shown shaded on the
right. Total membrane current (im) consists of a capacitive
component (ic) and an ionic component (iion), the later being equal
to the sum of the currents in each ionic conductance branch. By
convention, a positive current denotes outward current flow to the
extracellular space.
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the As are given by

dAs

dt
¼
X

rOs

ðkrsAr � ksrAsÞ r¼ 1; . . . ;N � 1 ð8Þ

and

X

N

r¼ 1

Ar¼ 1; ð9Þ

with krs and ksr denoting the forward and reverse rate
coefficients of transfer from state r to state s, respectively.
These rates are typically empirical monotonic functions of
transmembrane potential Vm. Often, only one of the N
states is regarded as corresponding to the open or con-
ducting state of the channel; all other states having a
conductivity g of zero. In this case, no summation is taken
in (7), and only one g value is used corresponding to the
single open state. Also, in (8), direct transition between all
state pairs is not always allowed, equivalent to setting the
relevant k terms to zero.

When all states are connected in a closed loop, as shown
in Fig. 3, the thermodynamic principle of detailed balance
(also known as microscopic reversibility) may be employed
to further constrain the rate terms in Equation 8 (22). The
principle states that in the absence of any external energy
source to drive the state transitions, the product of rate
constants in the clockwise direction around the loop is
equal to the product in the counterclockwise direction. For
the Markov state model of Fig. 3, this is equivalent to
k1k3k5k7 ¼ k2k4k6k8.

In some cases, Markov state models can be expressed in
equivalent Hodgkin–Huxley form. For example, the trivial
case of a two-state Markov model is analogous to an ion
channel possessing a single Hodgkin–Huxley gating vari-
able. For the four-state model of Fig. 3 with the single open
state A1, if k4¼ k7¼ am, k3¼ k8¼ bm, k2¼k5¼ ah, and k1¼
k6¼ bh, the Markov state description of the membrane
current

i¼ gA1ðVm � EeqÞ ð10Þ

is equivalent to

i¼ gmhðVm � EeqÞ; ð11Þ

with

dm

dt
¼ amð1�mÞ � bmm;

dh

dt
¼ ahð1� hÞ � bhh;

and

m¼A1þA2;

h¼A1þA4:

Thus, Hodgkin–Huxley models may be regarded as
specific cases of the more generalized Markov-state de-
scriptions of ion channel kinetics.

3.5. Simulating Heterogeneous Cell Types

Detailed ionic models are currently available for many
different regions of the heart including the specialized
conduction systems of the sinoatrial node, the atrioven-
tricular node, and the Purkinje fibers, as well as the
working myocytes of the atria and ventricles. A compre-
hensive list may be found in the online model repository of
the Physiome project (http://www.cellml.org/), which at
the time of writing lists in excess of 30 detailed cardiac
cell models.

Figure 4 illustrates simulated action potentials pro-
duced by detailed ionic models of electrical activity char-
acteristic of four different regions of the heart: (1)
sinoatrial node (23), (2) atria (24), (3) Purkinje fiber (9),
and (4) ventricle (25).

The rabbit sinoatrial node cell model illustrated in Fig.
4a was developed by the authors with all time-dependent
ionic currents governed by three- or four-state Markov
models rather than conventional Hodgkin–Huxley gating
models (23). The model consists of 12 membrane currents
(including two active transport mechanisms) and includes
formulations for dynamic changes in both intra- and
extracellular ionic concentrations together with equations
describing the sequestration of calcium in the SR. The
remaining models illustrated in Fig. 4 all employ the
conventional Hodgkin–Huxley gating model for their
time-dependent membrane currents. The rabbit atrial
cell model by Earm and Noble and Hilgemann and Noble
(24,26) (Fig. 4b) contains nine membrane currents and
incorporates dynamic changes in ionic concentrations
including the sequestration of calcium in the SR and the
buffering of calcium by calmodulin and troponin. The
Purkinje fiber model of DiFrancesco and Noble (9) (Fig.
4c) includes active transport mechanisms and dynamic
changes in ionic concentrations. The guinea pig ventricu-
lar cell model (Fig. 4d) by Faber and Rudy (25), based on
the earlier model of Lou and Rudy (27), includes 15 ionic
membrane currents in addition to formulations for ion

A2 A3

A4A1

k1 k2 k5k6

k3

k4

k7

k8

Figure 3. Four-state Markov model with single open state A1.
State transition rates k1–k8 are typically empirical functions of
transmembrane potential Vm.
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concentration changes and the sequestration and buffer-
ing of calcium.

4. MULTICELLULAR MODELS

In general, single cell models describe the intrinsic dy-
namics of the cell membrane of their intended cell type.
However, the membrane potentials observed in intact
cardiac tissue are not simply a result of the intrinsic
dynamics of the cell membranes. Rather, observed mem-
brane potentials are a result of the interplay between the
intrinsic dynamics of the cell membrane and the electro-
tonic interaction between neighboring myocytes. As a
result, much behavior observed in cardiac tissue may be
attributed in part to the complex spatial organization of
the tissue and interaction between large populations of
heterogeneous cells. This section describes several techni-
ques often employed in formulating multicellular models
of cardiac electrical activation. These techniques aim to
model the mutual interaction of neighboring cells and
may, in general, be classified as either discrete or contin-
uous. In either case, multicellular models often incorpo-

rate single cell models, such as those described above, to
describe the intrinsic dynamics of the cells constituting
the tissue being modeled.

5. DISCRETE MODELS

5.1. Cellular Automata Models

Cellular automata (CA) models discretize the geometry of
the tissue into a regular array of cells, whose electrical
activity is based on a set of rules, rather than systems of
differential equations. These cells need bare no correlation
to the cardiac myocytes forming the tissue and may
instead be considered simply as building blocks, each
occupying a finite volume of space with a defined relation-
ship to its neighbors. At any time step, a given cell may
exist in one of a finite number of states. The transition
from one state to the next in successive time steps is
governed by rules, based on the current state of the cell
and the states of its neighbors.

Among the earliest applications of the CA approach to
modeling cardiac activation was that of Moe et al. (28),
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Figure 4. Simulated action potentials from ionic cell models representing four different regions of
the heart, (a) sinoatrial node (23), (b) atria (24), (c) Purkinje fiber (9), and (d) ventricle (25). The
time base in (c) has been slowed to better illustrate the prolonged duration of the Purkinje fiber
action potential. Note the spontaneous depolarization (the pacemaker potential) exhibited in both
the sinoatrial node and the Purkinje fiber. The action potentials shown are the result of the
authors’ simulations.
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who constructed relatively simple two-dimensional ar-
rangements representing sheets of atrial tissue. These
models included spatial heterogeneity in refractory period
and could sustain multiple wavefronts of activation, qua-
litatively similar in many respects to atrial fibrillation.
Given their low cost in computational terms, CA models
have since been widely employed in modeling activation of
the whole heart to determine equivalent source distribu-
tions for the purposes of modeling the surface ECG—the
so-called ‘‘forward problem’’ of electrocardiology (29,30).

5.2. Network Models

Network models of cardiac tissue consist of cell models
(such as the simple empirical models or the detailed ionic
models described above) resistively coupled together in a
regular spatial lattice as illustrated schematically for a
two-dimensional sheet of tissue in Fig. 5a. Each node
represents a single cell or a small cluster of identical cells
and is coupled to its immediate neighbors by ohmic
conductances representing the cardiac gap junctions.
The electrophysiological characteristics of the tissue being

modeled are embodied in the dynamics of the underlying
single cell models and the coupling conductances.

The total membrane current for each cell in the net-
work includes a contribution from each of its neighbors.
This current is determined by Ohm’s law as the product of
the coupling conductance and the difference in membrane
potentials. For a given cell

in¼ gnðVm � Vm;nÞ; ð12Þ

where in is the contribution to the membrane current due
to its neighbor n, Vm is the membrane potential of the cell
in question, and Vm,n is the membrane potential of the
neighboring cell. The total membrane current (im) is
therefore the algebraic sum of the cell’s intrinsic ionic
and capacitive currents (iion þ ic), and it is equal to the
contribution from its N neighbors; i.e.,

im¼Cm
dVm

dt
þ iion¼

X

N

n¼ 1

gnðVm � Vm;nÞ: ð13Þ

Therefore,

Cm
dVm

dt
¼ � iionþ

X

N

n¼ 1

gnðVm � Vm;nÞ ð14Þ

Network models have the advantage of being simple to
construct and solve. As a result, the earliest multicellular
cardiac tissue models were one- and two-dimensional net-
work models. Unfortunately, large-scale network models
suitable for modeling extended regions of tissue or the
whole heart remain computationally formidable. The net-
work approach is also difficult to implement for irregular
geometries with spatially varying material properties, as
is the case for cardiac tissue.

More complex network structures may be developed by
incorporating a layer of additional nodes to account for
both the intracellular and the extracellular potentials, as
shown in Fig. 5b. The governing equations for such a
network are

im¼Cm
dVm

dt
þ iion¼

X

N

n¼ 1

gi;nðFi � Fi;nÞ

¼ �
X

N

n¼ 1

ge;nðFe � Fe;nÞ;

ð15Þ

where Fi and Fe denote the intra- and extracellular
potentials of the cell, Fi,n and Fe,n denote those potentials
for the neighboring cell n, gi,n and ge,n denote the intra-
and extracellular conductivities, and Vm¼Fi�Fe.

6. CONTINUUM MODELS

6.1. The Bidomain Model

Explicitly modeling the discrete nature of the myocardium
at the cellular level is a computationally expensive task. A

(a)

(b)

Figure 5. Schematic representations of network models in two
dimensions: (a) nodes representing individual cells or small
groups of identical cells are coupled to their immediate neighbors
via ohmic resistors representing gap junctions, and (b) a more
complex network arrangement incorporating additional nodes
representing both intra- and extracellular potentials for each
cell (represented by small cylinders in the figure).
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significant reduction in computation cost may be achieved
by employing a spatially averaged description of the
tissue. By appropriate selection of the scale over which
this averaging is performed, a suitable compromise be-
tween the fidelity of a true, cellular network model of the
myocardium and the available computational resources
may be achieved. One approach to achieving this goal has
been formalized mathematically as the bidomain model,
which represents a continuum description of the network
structure illustrated in Fig. 5b. A comprehensive treat-
ment of the bidomain model, from its roots in the pioneer-
ing work of Hodgkin and Huxley (2), may be found in Ref.
31. A less rigorous, although more intuitive summary of
the mathematical basis of the bidomain model, is given
below.

The bidomain model is founded on the premise that
cardiac tissue consists of two interpenetrating domains,
representing the volume-averaged properties of the intra-
and extracellular spaces (32). These two domains are
separated by the cell membrane, so that current entering
or leaving a domain does so only via the cell membrane
and is therefore also volume-averaged. In the bidomain
model, currents and potentials are described by continu-
ous partial differential equations.

If the potential in the intra- and extracellular domains
are denoted by Fi and Fe, respectively, then according to
Ohm’s law, the corresponding current densities (Ji and Je,
A/m2) are given by

Ji¼ � rirFi ð16Þ

and

Je¼ � rerFe; ð17Þ

where ri and re are the volume-averaged conductivities of
the intra- and extracellular domains, respectively. In
general, ri and re are tensor quantities and are diagonal
when the global Cartesian coordinate system is aligned
with the principle directions of conductivity of the tissue.
If the tissue is ‘‘isotropic,’’ then the diagonal elements are
equal and the current densities in (Equations 16 and 17)
are aligned with the potential gradients. If the tissue
exhibits a direction of preferential conduction, that is,
the tissue is ‘‘anisotropic,’’ then the diagonal elements of
the conductivity tensors are not equal. In cardiac tissue,
preferential conduction occurs in the direction of muscle
fiber orientation. In the anisotropic case, current densities
in (Equations 16 and 17) are not aligned with the potential
gradients.

The intra- and extracellular current densities are
coupled by way of a conservation relationship. Current
leaving one domain enters the other domain via the cell
membrane in the form of the transmembrane current (Im),
expressed as a volume current density (A/m3); i.e.,

�r � Ji¼ Im � Isi ð18Þ

and

�r � Je¼ � Im � Ise; ð19Þ

where Isi and Ise represent the stimulus current volume
densities (A/m3) applied to the intracellular and extracel-
lular domains, respectively.

Substituting (Equations 16 and 17) into (Equations 18
and 19),

r � ðrirFiÞ¼ Im � Isi ð20Þ

and

r � ðrerFeÞ¼ � Im � Ise; ð21Þ

and therefore,

r � ðrirFiÞ¼ � r � ðrerFeÞ � Isi � Ise: ð22Þ

Equation 22 may be rewritten in terms of the trans-
membrane potential Vm ¼Fi�Fe,

r � ðrirVmÞ¼ � r � ððriþ reÞrFeÞ � Isi � Ise: ð23Þ

Now, from the Hodgkin–Huxley theory, the transmem-
brane current is the sum of the membrane capacitive
current and the total transmembrane ionic current; i.e.,

Im¼Amim¼Am Cm
@Vm

@t
þ iion

� �

; ð24Þ

where Am is the surface-to-volume ratio (m�1), effectively
transforming the transmembrane current (im, A/m

2) into a
source per unit volume (Im, A/m3), Cm is the specific
membrane capacitance (F/m2), and iion is the sum of the
transmembrane ionic currents (A/m2).

From (Equation 21),

�r � ðrerFeÞ¼Am Cm
@Vm

@t
þ iion

� �

� Ise: ð25Þ

Substituting into (Equation 23),

r � ðrirVmÞþr � ðrirFeÞ¼Am Cm
@Vm

@t
þ iion

� �

� Isi: ð26Þ

Equations 23 and 26 are referred to as the extracellular
and transmembrane equations, respectively. Together
they constitute the bidomain model.

At first glance, the spatial averaging or smoothing
inherent in the bidomain equations represents something
of a contradiction—cardiac tissue is known to posses a
high level of structural organization at the microscopic
scale. For example, myocytes in the ventricular wall are
organized into parallel fibers, which are in turn organized
into laminar sheets (33). Furthermore, ventricular fiber
and sheet orientation is known to vary considerably across
the thickness of the ventricular wall. This structural
organization may be readily included, at a macroscopic
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level, in the bidomain equations in the form of spatially
varying conductivity tensors.

6.2. The Monodomain Equation

The bidomain equations are computationally expensive to
solve. As a result, the elliptic and parabolic equations,
(Equations 23 and 26), respectively, are often decoupled
and solved sequentially by considering Vm to be fixed in
(Equation 23) and Fe to be fixed in (Equation 26). Accep-
table accuracy may then be achieved at reduced computa-
tional cost by solving the elliptic equation, which
dominates the solution time, on a coarser grid and with
larger time steps than the parabolic equation (34). The
solution of the elliptic equation may be avoided and the
bidomain equations simplified, with a concomitant reduc-
tion in the cost of solving them, by assuming that either
the extracellular domain is highly conductive (i.e.,
re !1) or that the intra and extracellular conductivity
tensors are simply related by a constant scaling factor
(i.e., ri¼ kre). This last assumption effectively constrains
the intra- and extracellular domains to be equally aniso-
tropic at all points. In making either of these assumptions,
the extracellular potential Fe may be eliminated and the
bidomain equations, (Equations 23 and 26), reduce to a
single monodomain equation,

r � ðrrVmÞ ¼Am Cm
@Vm

@t
þ iion

� �

� Is; ð27Þ

where Is represents the external stimulus current volume
density (A/m3).

6.3. Boundary Conditions

In addition to specifying initial conditions for all state
variables, the solution of the bidomain or monodomain
equations requires careful attention to the boundary con-
ditions imposed at the geometric boundaries of the solu-
tion domain. In general, such boundary conditions may be
classified as either Dirichlet or Neumann.

At a Dirichlet boundary, the value of the solution is
known and specified. Such situations are not often em-
ployed in cardiac activation modeling, although a Dirich-
let condition may be employed in large domains where the
solution near the boundary is not of interest.

The most widely employed boundary condition in car-
diac activation modeling is the Neumann boundary con-
dition, at which the derivative of the solution is specified,
rather than the value of the solution itself. Typically, a
zero-flux boundary condition is employed to simulate the
effect of a sealed or insulated boundary at which no
current can flow across the boundary.

In the bidomain model, the zero-flux boundary condi-
tion requires that at the boundary

ðrirFiÞ � n̂¼ 0 ð28Þ

and

ðrerFeÞ � n̂¼ 0; ð29Þ

where n̂ is the unit vector normal to the boundary. At the
boundary between cardiac tissue and an adjoining extra-
cellular volume conductor, such as a tissue bath, a zero-
flux condition (28) is imposed on the intracellular domain
only.

For the monodomain formulation, initial conditions and
zero-flux boundary conditions are sufficient to solve (27).
However, for the bidomain model, zero-flux boundary
conditions are not sufficient to generate a unique solution.
A Dirichlet boundary condition must also be imposed
somewhere in the domain, typically at an extracellular
point, to fix the solution at that point to some reference
value (usually ground potential).

6.4. Simulating Electrical Propagation in Cardiac Tissue

Figure 6 shows the results of a bidomain model simulation
on a square two dimensional spatial domain measuring
100 � 100 spatial units (dimensionless). The model equa-
tions solved were

r � ðriviÞ¼ im; ð30Þ

r � ðreveÞ¼ � im � istim; ð31Þ

with

im¼
@um
@t
þ c1vmðvm � aÞðvm � 1Þþ c2vmu; ð32Þ

@u

@t
¼ bðvm � duÞ; ð33Þ

vm¼ vi � ve; ð34Þ

and all parameters as described previously (see Equations
1 and 2). The conductivity tensors were defined to be
isotropic (ri) and anisotropic (re) as follows:

ri ¼
1 0

0 1

 !

and re ¼
1 0

0 4

 !

:

Zero-flux (Neumann) boundary conditions were imposed
at the edges of the domain. Two circular extracellular
electrodes were also defined as shown in the figure. The
extracellular potential was fixed to 0 at the center of the
right-most electrode. At the left-most electrode, a negative
extracellular square pulse stimulus current of magnitude
0.08 was applied at t¼ 100 for a duration of 20 time units,
with a current of equal magnitude and opposite polarity
applied at the right-most electrode. With these stimulus
parameters, the left and right electrodes are cathodic and
anodic, respectively.

The top four panels of the figure show the transmem-
brane potential at various times throughout the simula-
tion and illustrate excitation at the cathode (left) and the
outward propagation of the action potential. The action
potential waveform at the center of the square domain is
illustrated in the lower panel (the site is shown as a black
dot in the upper four panels).
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The bidomain model represents a powerful example of
the ability of mathematical modeling to identify and drive
promising avenues for experimental investigation. One
success of the bidomain model is its ability to model so-
called ‘‘virtual electrodes’’—regions of activation elicited
in response to an electrical stimulus, at sites removed
from the physical stimulating electrode. This phenomenon
is illustrated in a two-dimensional bidomain simulation
shown in Fig. 7. The model employed is the same as that
described above with the exception that the magnitude of
the stimulus current has been significantly increased,
from 0.08 in Fig. 6, to 1. Figure 7 shows a snapshot of
the transmembrane potential at t¼ 121 (i.e., immediately

after termination of the stimulus). As can be observed, the
transmembrane potential around the cathode (left) is
highly depolarized (max B1.3) and that near the anode
(right) is significantly hyperpolarized (B� 0.7). The pre-
sence of depolarized regions of excitation, the virtual
electrodes, can be clearly seen above and below the anode.
This classic ‘‘dog-bone’’ activation pattern has also been
observed in experimental cardiac tissue preparations (35).
The virtual electrodes are a result of differences in the
anisotropy of the intra- and extracellular domains. As a
result, models based on the monodomain equation cannot
reproduce this phenomenon.
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Figure 6. Simulated transmembrane potential
in a two-dimensional bidomain model at various
times after stimulation via a pair of extracellular
electrodes (indicated by circles). A cathodic
(� ve) stimulus current was delivered to the
left-most electrode, whereas an anodic (þ ve)
current of equal magnitude was delivered to
the right-most electrode. Activation is observed
to occur at the cathode (left-most electrode) and
to propagate outward across the sheet. The ac-
tion potential waveform at the center of the
square domain (indicated by the black dot in
the upper four panels) is illustrated in the lower
panel.
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7. CURRENT AND FUTURE TRENDS

It is anticipated that detailed ionic models of excitable
cardiac tissue will continue to evolve as more experimen-
tal data becomes available. Currently, there is a need to
develop accurate models that can predict a range of
experimentally observed behavior, including changes
brought about by disease and drugs. Promising avenues
of research include novel experimental designs for devel-
oping, optimizing, and validating cell-specific ionic models
(36).

In many organ systems, there is increasing recognition
that computational biology and mathematical modeling
will contribute to the understanding of physiological
processes. The models described in this article can span
a range of scales from subcellular processes to cells,
tissues, and the organ. Multiscale modeling is certainly
gaining favor, particularly as the reductionist approach to
modeling has provided key validated building blocks from
which larger scale models can be assembled. Indeed
several international initiatives are working toward pro-
viding a public domain framework for computational
physiology, including the development of modeling stan-
dards, computational tools, and Web-accessible databases
of structural and functional models at all spatial scales. A
key example is the Physiome project (37), which aims to
develop an infrastructure for linking models of biological
structure and function in human and other eukaryotic
physiology across multiple levels of spatial organization
and multiple time scales. The levels of biological organiza-
tion, from genes to the whole organism, includes gene
regulatory networks, protein pathways, integrative cell
function, tissue and whole organ structure-function rela-
tions, and finally the integrative function of the whole
organism.

The heart is an extremely complex organ. Examining
cardiac modeling since the early work of Hodgkin and
Huxley, it is evident that the focus began at the level of the
cell but has expanded upward in spatial scale to include
cellular interactions and continuum models of tissue and
the organ, as well as electrical activity on the surface of
the body. More recently, with the increasing emphasis on
genomics, there has been a focus downward in spatial
scale to attempt to incorporate models of genetic and
molecular information (38). However, the end goal of these
modeling approaches, in terms of influencing clinical
practice and decision making, is to build accurate inte-
grative models of the entire heart that can predict the
effects of disease, drugs, and electrical and mechanical
stimulation, as well as shed light on normal and abnormal
rhythms often encountered in clinical practice.
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1. INTRODUCTION

Electrical impedance imaging (EII) is an imaging modality
that is used to produce images of tissue resistivity (or its
reciprocal conductivity) distribution within a conductor
object. Images of resistivity distribution can be recon-
structed using electrical measurements (voltage or cur-
rent density) made on the surface of a conductor (1–4).
Biological tissues are composed of cells suspended in an
extracellular fluid. Each cell has an intracellular fluid
surrounded by a cellular membrane. Intracellular and
extracellular fluids contain ions. In biological tissues,
electrical current is conducted by movement of these
ions. As a result of differences in cellular composition
and ion concentration, electrical resistivity values of
biological tissues range from 0.65Om for cerebra-spinal
fluid (CSF), through blood, muscle, and fat, to 166Om for
bone (see Table 1 of Ref. 5). As a result of this wide
spectrum of resistivity values, reasonably good soft tissue
contrast can be obtained by EII. Electrical resistivity of
blood at body temperature is well separated from the
resistivity of other tissues. Therefore, the resistivity of
most tissues changes significantly with blood perfusion to
the tissue. As in the case of ventilation, air replaces the
lung tissue, which results in a change in impedance. These
properties are known facts and have been used to gather
information about the physiological state of tissues (5).
Variation of tissue resistivity associated with physiological
events, such as cardiac and respiratory activity, makes EII
promising for functional imaging.

At lower frequencies, cellular membranes block the
current flow through the intracellular fluid. On the other
hand, as frequency increases, the cellular membranes
present a capacitive behavior, allowing displacement cur-
rents. Cole and Cole (6) have modeled the biological tissue
impedance as a parallel combination of a resistor and a
serially connected capacitor and resistor pair. To gather
complete information on tissues electrical behavior, both
real and imaginary parts should be measured. However,
by measuring only the real part at several frequencies, the
parameters of the model can be determined. Accurate
measurement of the capacitive component is not easy
because of the stray capacitance effects, between electro-
des and the channels of the data acquisition hardware,
and so on. Therefore, measurement of only the real part of
the impedance is preferred. As the measured signal is not
only the function of tissue resistivity, the word impedance
is used instead of resistivity imaging in EII.

Several research teams in the geophysical and biome-
dical fields have been working on the development of the
impedance imaging modalities. Most of the EII systems
display the reconstructed images in a tomographic plane;

therefore, the technique is often referred to as electrical
impedance tomography (EIT). In fact, the image repre-
sents the information collected from a volumetric field-of-
view because current flow in a volumetric conductor is not
confined to a plane. After its first implementation by
Henderson and Webster to produce projection images of
the human thorax, in 1978, the first in vivo EIT images
were produced from a human forearm by Barber et al. (7).
Since then, valuable progress has been made in develop-
ment and application of the technique (8–25). In vivo
tomographic images of various parts of the human body
have been produced to monitor intraventricular hemor-
rhage, pulmonary edema, gastric secretion, gastric empty-
ing, breast imaging, and respiratory function and
continuing research is underway (8–25).

EIT images are reconstructed by using voltage or
current measurements made at the surface when a cur-
rent flow or voltage is applied to the conducting medium.
Application of current rather than voltage is preferred for
practical reasons. Current can be applied either by inject-
ing current via electrodes attached to the surface of the
imaging region or can be induced by means of coils placed
near the surface. The former is referred to as injected
current EII or EIT, and the later is referred to as induced
current EII or EIT. In both techniques, voltages are
measured from the surface electrodes. In this article, the
injected current EIT technique is discussed and it is
referred to as EIT. A review of the induced current EIT
technique can be found in Gencer (26). EIT making
measurements magnetically is also a possibility that is
named magnetic impedance tomography (MIT). The mea-
sured quantity is the magnetic field, generated because of
internal distribution of the injected current in the imaging
region (27,28).

An EIT system consists of:

1. An array of electrodes, attached to the surface of the
patient or the conducting medium, to maintain an
electrical contact with the imaging media.

2. A measurement circuit, which applies an alternat-
ing current to the medium to be imaged and mea-
sures resultant voltage distribution on the surface of
the object.

3. An image reconstruction algorithm, which recon-
structs images of spatial resistivity distribution
from the voltage measurements.

4. An image processing algorithm consisting of several
filtering and enhancement algorithms to improve
the image quality.

5. Image analysis software to improve the diagnostic
value of the images.

6. A user interface (display, hardcopy, keyboard, sto-
rage facilities, etc.) to enable an easy user access to
the image analysis.

The first two parts are referred as the data acquisition
hardware and the last four are referred as the image
acquisition software that is performed on a computer.
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2. EIT DATA ACQUISITION

2.1. Electrodes, Current Injection, and Voltage
Measurements

Electrical measurements for image reconstruction must
be obtained by means of an interface between the object
and the measurement system, which is achieved by using
an array of electrodes (usually composed of equally-spaced
8 to 64 or more standard Ag-AgCl ECG spot electrodes or
conductive silicone rubber electrodes for in vivo imaging
and metal disc electrodes for phantom imaging) attached
around the body segment to be imaged (Fig. 1).

An alternating electric current at frequencies ranging
between 10 kHz and 1 MHz and at an amplitude of ap-
proximately 1 to 10 mA (peak-to-peak) is applied in turn to
all adjacent pairs of electrodes (which are named drive
pairs or drive electrodes). For each drive pair, potential
differences are measured between adjacent electrodes,
other than the drive pair (which are named receive pairs
or receive electrodes). The number of independent mea-
surements is limited by the number of electrodes. Using
the principle of superposition, with N electrodes only (N-
1), independent voltage measurements can be made for
each current drive pair that yields N*(N-1) measurements
in total. It follows from the reciprocity theorem that
reciprocal measurements should be equal (29,30). The
number of possible independent measurements is, there-
fore, equal to N*(N-1)/2.

A major problem of tissue impedance measurement is
the electrode-tissue contact impedance (31). This contact
impedance depends on the electrode area and decreases as
the frequency of operation increases. At frequencies be-
tween 10 kHz and 100 kHz, the electrode contact impe-
dance may well be 500O with ECG spot (1 cm diameter
Ag-AgCl) electrodes without skin preparation, which is
significant in comparison with tissue impedances at these
frequencies. Operating at frequencies higher than

100 kHz is extremely difficult because of stray capacitive
currents.

For reliable imaging, changes in tissue resistivity must
be distinguished from the electrode contact resistance.
Some EIT systems do not make voltage measurements via
current injection electrodes (i.e., drive electrodes) and the
voltage measurements are made with high-input impe-
dance amplifiers. Excluding measurements through drive
electrode pairs, with N electrodes only, N*(N-3)/2 inde-
pendent measurements can be made. However, both of the
reciprocal pairs can be measured to improve the noise
performance of the system.

Optimization of applied current patterns or location of
the current drive electrodes is an important issue in
maximizing the sensitivity of surface potential measure-
ments to anomalies in resistivity distribution or, in other
words, maximizing the distinguishability of two resistivity
distributions (32–34). The optimum number of electrodes
to be activated simultaneously and the optimum current
patterns may vary depending on constraints such as
allowed peak current level (defined by medical device
safety regulations), maximum deliverable power (limited
by the device specifications), and so on (34–39).

Maximum sensitivity occurs closer to the electrodes
and it falls with both radial distance and longitudinal
distance from the electrodes. Spatial resolution is limited
by the number of independent measurements, which is
determined by the number of electrodes. Spatial resolu-
tion also changes with position within the image. It is
better close to the electrodes than at the center. In
practice, signal-to-noise ratio (SNR) may also limit the
spatial resolution and can be improved by averaging. It is,
therefore, not possible to give a simple quantitative ex-
pression for the spatial resolution. However, an estimate
of its limit can be defined in terms of the number of
independent measurements.
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Figure 1. Electrical contact between an EIT data acquisition system and the imaging region is
maintained by an electrode array attached to the surface (a). Application of electrodes to thorax is
shown in (b). The electrode located at the abdomen level on the left-hand side of the subject is the
common-mode feedback electrode.
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2.2. Data Acquisition Electronics

Block diagram of a typical EIT data acquisition system is
given in Fig. 2 (40). In EIT systems, the body is probed
with a sinusoidal wave alternating current within a
frequency range of 10 kHz to 1 MHz. The maximum
current strength applicable to humans is limited by IEC
601 and equivalent medical device safety regulations. The
data acquisition may be serial (i.e., only one voltage
measurement made at a time) or parallel. The serial
data acquisition hardware sequentially connects the alter-
nating current source between pairs of electrodes and
measures the resultant voltages from the other pairs of
electrodes sequentially (Fig. 1a). The parallel systems also
apply the current sequentially, but for each current appli-
cation, voltage measurements are made simultaneously.
In other words, the parallel hardware have multiple
receive amplifiers whereas the serial systems have a
single receive amplifier, multiplexed to measure voltages
from all electrodes successively. Some systems use sepa-
rate electrodes for current injection and voltage measure-
ments. In these systems, all current electrodes can be
excited simultaneously to generate an optimum current
pattern maximizing the sensitivity (41). In these systems,
voltage measurements can either be serial or parallel.
Gisser et al. (41), Cook et al. (42), and Cheney et al. (43)
developed an adaptive current tomography (ACT) method
that iteratively finds the best current pattern to obtain the
maximum distinguishability based on the method of
Isaacson (34).

The input impedance of the record amplifier should be
sufficiently high in comparison with the electrode impe-
dance. Input impedance of the receiving circuit depends
on lead capacitances, multiplexer equivalent circuits, and
differential amplifier input impedance.

The output of the differential amplifier may be fed to a
phase-sensitive detector (PSD), which is set to select only

the in-phase signal (the signal produced by the conduction
current, i.e., the resistive signal). The output of the PSD is
connected to a sample and hold (SH) circuit after ampli-
tude demodulation. An analog-to-digital converter (ADC)
is used to convert the signal into digital data before
transferring to the microcomputer.

Isolation must be used both in the current drive side
and voltage measurement side for patient safety and also
to minimize common-mode signals at the recording elec-
trodes. Isolating the current drive also allows the use of
common-mode feedback (CMFB) to improve the common-
mode rejection. To do so, an extra electrode is used for
CMFB (Fig. 1b). All the digital lines are also isolated from
the input stage optoelectronically.

The ADC used to convert the demodulated signal into
digital data must have a sufficient number of bits to
minimize the quantification noise in comparison with
the signal and the dynamic range. The lower the dynamic
range, the better the SNR. The dynamic range is a
function of the measurement strategy used and also the
number of electrodes. Using the adjacent drive pairs is not
the best strategy in terms of dynamic range. Seagar (32)
and Seagar and Bates (44) showed that smaller the
angular separation between the drive electrodes the wider
the range of the spatial frequency components available.
Therefore, adjacent electrodes should offer a wider range
of spatial frequencies than the other electrode configura-
tions do. It may be concluded that the adjacent drives/
adjacent receives should give more spatial information
than other measurement configurations. Adjacent electro-
des may be preferred based on this reasoning. However,
Seagar (32) and Seagar et al. (45) showed that decreasing
the electrode separation angle without limit does not
decrease the resolution uniformly across the image.

Current
Source

PSD Demodulator

µ-Controller

ADC

Diff. Amp.

Current
multiplexers

Voltage
multiplexers

CMFB

isolated

Figure 2. Block diagram of a typical EIT system [reproduced from Arpinar (40)].
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2.3. Multifrequency Spectroscopic Measurements

EIT measurements can be performed at more than one
discrete frequency in the range of approximately 10 kHz to
1 MHz (46). Griffiths and Ahmed (47) investigated the
possibility of using two sets of measurements made at
two different frequencies of drive current and reconstruct-
ing the images of resistivity (only the real part of the
impedance is taken into account) changes between the two
frequencies. True images (i.e., images representing the
exact distribution) of resistivity and permittivity can be
reconstructed at discrete frequencies within the spectrum.
In addition to reconstructed images, the measured surface
potential data can also be used to investigate the spectro-
scopic behavior of the impedance (48,49).

3. BASICS OF IMAGE RECONSTRUCTION

An EIT data acquisition hardware system is used to apply
a known current flow to the object to be imaged and
measures resultant voltages on its periphery. EIT image
reconstruction involves determination of spatial resistiv-
ity distribution by using the voltage measurements, which
is an inverse electric field problem. To understand the
inverse problem better, the forward electric field problem
of EIT should be defined first.

3.1. Forward Problem in Electrical Impedance Imaging

The electrostatic boundary value problem describing the
forward problem of EIT is defined as finding the electric
potential field F when the conductivity distribution in a
region bounded by a surface S and one of the boundary
conditions:

A. F on S
B. The normal derivative of F, @F=@n

� �

on S
C. F on some part of S and @F=@n on the rest of S

are specified. Boundary value problems satisfying the
above conditions are known as Dirichlet, Neumann and
Cauchy problems, respectively. A function F satisfying
boundary conditions A or C is unique.

Assuming a low-frequency electric current applied to a
purely resistive impedance distribution within a source-
free region, the relation between the electric potential
distribution, F x; y; zð Þ, and the conductivity distribution,
s x; y; zð Þ, is given by Poisson’s equation:

r � srF x; y; zð Þð Þ¼ 0; ð1Þ

with the boundary condition

Jn¼ s
@F x; y; zð Þ

@n
; ð2Þ

where Jn is the normal component of the electric current
density at the surface and @=@n is the normal derivative to
the surface. Expanding the divergence of the product in

Equation 1 yields

s � r2Fþrs � rF¼ 0: ð3Þ

Equations 2, 3 form a Neumann boundary value problem.
In other words, knowing the conductivity distribution and
the current density at each point on the surface, the
potential field can be determined. This forward problem
can be solved numerically by finite difference or finite
element methods. An analytical solution is possible only
for limited geometries if the solution to Equation 3 is
expandable in one of the coordinate systems for the given
geometry.

If the medium is homogeneous and source-free (neither
independent nor dependent), Equation 3 reduces to La-
place’s equation:

r2F¼ 0: ð4Þ

This equation is much easier to solve.

3.2. Linearization of the Forward Problem

Equation 3 relates the potential distribution to the con-
ductivity distribution. Hence, it also relates the electrical
measurements on the boundary to the conductivity dis-
tribution. This equation is a linear function of F; however,
F is not linearly related to the conductivity distribution. A
linear solution is not possible; therefore, most of the EIT
methods proposed to date are based on an iterative solu-
tion of the nonlinear field equations.

EIT has been implemented for both static imaging and
differential (or dynamic) imaging. For static imaging,
images of deviation in resistivity distribution from the
uniform distribution are reconstructed. Degree of nonli-
nearity is larger in static imaging compared with differ-
ential imaging. Images of deviation in resistivity from an
initial distribution are reconstructed in differential ima-
ging. Therefore, the forward problem can be linearized
assuming that the conductivity perturbation is small from
an initial distribution. A similar relation to Equation 3 can
be established in terms of the logarithm of resistivity
R¼ � ln s. Then, Equation 3 becomes

r2F¼rR � rF: ð5Þ

This equation is a nonlinear relation between F and R.
Equations 3 and 5 can be simplified under some approx-
imations, supposing the solution to Equation 5 is given by
F¼FpþFu, where Fu is the potential distribution for the
uniform resistivity distribution and Fp is the perturbation
from a uniform distribution. In other words, Fu is the
solution to Laplace’s equation. This equation yields

r2Fp¼rR � rFuþrR � rFp: ð6Þ

If the perturbation of conductivity from uniformity is
small, rFpoorFu, then

r2Fp¼rR � rFu: ð7Þ
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Equation 7 is a linear relation between Fp and the
resistivity distribution. Hence, a linear solution can be
applied to this equation to determine the potential field
Fp.

3.3. The Inverse Problem of EIT

EIT measurements are made at discrete points (electro-
des) on the surface. Suppose b is a m � 1 vector of
boundary measurements and d is a n2

� 1 vector repre-
senting the distribution of conductivity (or its reciprocal
resistivity) within the medium. Assuming a linearized
forward problem, these two vectors can be related with a
forward transformation T defined by Equation 3,

b¼Td; ð8Þ

where, T is a m � n2 matrix with n2 � m .
Reconstruction of electrical impedance images involves

the solution of Equation 8 when d is unknown. Therefore,
the inversion of T is required,

d¼T�1b: ð9Þ

Entries of the boundary vector are either measurements of
the boundary voltage or measurements of currents flowing
across the boundary of the region. T is a nonlinear
function of d. Several investigators have attempted to
solve Equation 8 by assuming that small changes in
conductivity distribution do not alter current flow paths,
thus imposing linearity, hence, the direct inversion of T
(50–52). Yamashita and Takahashi (50) suggested that
changes up to 30% in conductivity can be allowed before
the linear approximation breaks down.

The voltage distribution developed as a result of cur-
rent flow in a volume conductor is not only a function of
the resistivity distribution, but also the geometry of the
medium and the relative position and shape of the mea-
surement electrodes. Unfortunately, for the resistivity
distributions with small anomalies from the uniform
distribution, the weakest of all is the resistivity distribu-
tion itself. The linear back-projection algorithm intro-
duced by Barber and Brown (53) and Barber and Seagar
(54) addresses this problem, basically by back-projecting
the changes in the boundary voltage measurements. This
algorithm uses two sets of surface potential measure-
ments to produce an image. One of these two sets is, or
is assumed to be, for the case of a homogeneous and
isotropic conductivity distribution. Initial potentials be-
tween neighboring pairs of electrodes are measured in
sequence from the array of electrodes. The same measure-
ment sequence is repeated after a change in the resistivity
distribution of the medium has occurred. The ratio of the
two voltage measurement sets are back-projected along
previously calculated equipotential lines, ending at the
voltage measurement electrodes for a circular homoge-
neous and isotropic region.

A filtration stage may be combined into the back-
projection operation forming a single linear-filtered
back-projection operation. If d is the final back-projected

EIT image obtained after filtering, then

d¼T�1g; ð10Þ

where g is a vector of the ratio of the two voltage
measurement sets and

T�1
¼FB: ð11Þ

B is a back-projection operation and F is a restoration
operation. However, here, T�1

¼FB is not a unique factor-
ization; nonetheless, B gives a useful transform from
boundary measurement space into an image space in a
consistent way. Although the calculation is long, it has to
be done only once. Note that back-projection is the pseudo
inverse of the linearized forward problem. The recon-
structed image, in principle, represents an image esti-
mated after the first iteration of an iterative algorithm.
Images are proportional to the natural logarithm of the
deviation of the resistivity distribution from the reference
data cycle, not the true resistivity distribution. Therefore,
these types of EIT images are referred to as differential
images. This algorithm is the first that has produced in
vivo images satisfactorily.

The forward problem of Equation 3 is not linear, and
the linearized problem is ill-posed. Therefore, it requires
regularization. As the linearized solution assumes small
contrast in conductivity, it does not always give the correct
solution. Other investigators have used iterative techni-
ques that correct the linearized solution at each iteration
to estimate the nonlinear solution better (55,56).

In Equation 8, T is a function of d. Iterative algorithms
assume an initial conductivity distribution di. Most of the
time, di is approximated as uniform. T is constructed by
solving Equation 3 for the initial distribution di. Then,
another matrix,

J¼
@T

@d
; ð12Þ

is constructed. This matrix is known as Jacobian sensitiv-
ity or perturbation matrix in EIT (52,57–62). The expected
boundary voltages be are calculated based on Equation 8
and compared with the measured voltages bm. The resi-
dual between the calculated and measured boundary
potentials is then used to improve the estimate of dj as

Dd¼ ðJTJÞ�1JT
ðbe � bmÞ; ð13Þ

dj¼diþDd; ð14Þ

at the jth iteration. Iterations are repeated until conver-
gence is obtained between the calculated and measured
boundary voltages. Regularization can be included in
Equation 13 (55). Jacobian matrix can be calculated for
the initial distribution or updated at each iteration
(58,60,61).

Ider et al. (63,64) implemented the back-projection
algorithm iteratively, updating equipotential lines at
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each iteration and concluded that the iterative approach is
essential for quantitatively accurate static imaging.

Most of the EIT image reconstruction algorithms re-
construct 2-D images of the resistivity distribution.
Although the images are two 2-D, data measured from
the electrodes attached around a volume conductor con-
tains contributions from three dimensions because of the
volumetric current flow. Electrodes can be placed at multi-
ple levels and 3-D distributions can be reconstructed
based on these measurements (65,66).

In vivo electrical impedance images of different parts of
the human body have been produced (67–69). Most of the
EIT systems that have been satisfactory in producing
meaningful in vivo images produce differential images.
In principle, it is possible to produce static images with
differential imaging systems by using a reference belong
to a homogeneous distribution of the same boundary. The
reference belonging to a uniform distribution can be
calculated by solving the forward problem. However, it
requires accurate knowledge of the boundary shape and
the electrode positions on the boundary, current densities
at the electrodes, and the solution of the forward problem
in the appropriate space (solution in 3-D space is re-
quired). Therefore, it requires additional equipment and
an efficient algorithm to solve the forward problem with
fine accuracy. Another way of obtaining a uniform refer-
ence distribution is actually measuring it. To do so, a mold
of the body segment to be imaged can be made with
electrodes fixed on its inner surface. The mold is filled
with saline and a reference dataset is measured from this
homogeneous phantom. Then, the mold is placed on the
body and data is measured to reconstruct the image. This
method is possible to implement but not convenient.

If differential imaging is used to obtain images of the
changes in tissue resistivity distribution in time, then a
homogeneous dataset is no longer required. Two data
cycles are measured (from the same electrodes attached
on the body) with a time delay in between. These two data
cycles are used to reconstruct an image of one against the
other (differential). The reconstructed image will show the
changes in resistivity distribution that have occurred
during the time interval between measurement of the
reference and data cycles. The electrical resistivity of
many tissues changes with physiological function of the
body. Hence, sequential EIT images can easily be used to
monitor these physiological events. Although the differ-
ential image is approximately the image of temporal
resistivity change, the static resistivity distribution does
cause some degradation in the image. For example, it is
obviously impossible to penetrate into a region that is
surrounded by an insulator.

4. CLINICAL APPLICATIONS

Research has been carried out in the fields of monitoring
gastric emptying and acid secretion, the investigation of
respiratory function, diagnosis of emphyzema, electrical
impedance imaging of cardiac related changes, breast
imaging, and neonatal imaging (67,69). Selected clinical
applications are summarized below.

4.1. Imaging Gastric Emptying and Gastric Secretion

Emptying of a resistive or a conductive meal from the
gastrointestinal system or acid secretion can be monitored
by using EIT images reconstructed from the data mea-
sured via electrodes around the trunk at the level of the
gastric antrum. Changes in resistivity can be caused
either by a change in gastric volume or a change in the
resistivity of the contents. Mangnall et al. (70) compared
gastric emptying curves for liquid meals and mashed
potato meals obtained using EIT with the ones obtained
simultaneously using scintigraphic or dye dilution tech-
niques. Obviously, acid secretion into the stomach can
reduce resistivity of gastric contents. Therefore, they
noted that the acid secretion must be blocked to obtain
accurate gastric emptying curves using EIT images. Alter-
natively, an acid secretion index can be derived from the
EIT images because resistivity will increase or decrease
respectively with increase or decrease in pH. Mangnall et
al. (70) observed strong correlations between the changes
in EIT images and both the volume of acid and hydrogen
ion concentration during the experiments on normal
volunteers, under acid introduction into their stomach.
EIT is said to be an excellent monitoring device for gastric
emptying because it does not require any intubation or
introduction of radioactive tracer.

4.2. Pulmonary Monitoring

The electrical resistivity of lung tissue strongly depends
on the amount of air in the lungs and the amount of blood
perfused (71). Therefore, the average lung resistivity
changes with respiration and perfusion. Impedance pneu-
mography is widely used to monitor respiration. Hender-
son and Webster (72) have obtained projection images of
the spatial resistivity distribution within the thorax. They
showed that the resistivity distribution within the thorax
changes with respiration. EIT images of lungs can be
obtained during respiration. Although the images resolve
the two lungs and the resistivity distribution, it is not
possible to derive an absolute value for the resistivity.
Figure 3 shows an average differential EIT ventilation
image, which is an average of ventilation images of 15
normal volunteers. The image shows an increased lung
resistivity on inspiration in comparison with its value on
expiration. Harris et al. (73) published EIT images recon-
structed from the data cycles measured during a series of
inspiratory maneuvers and obtained a linear relation
between the volume of inspired air and the average image
value obtained over a region of interest covering both
lungs.

Lung tissue has relatively high impedance compared
with the other tissues. Any increase in the amount of fluid
results in a decrease in the bulk resistivity of lungs, which
may be used to diagnose pulmonary edema. Pulmonary
edema may be the result of a respiratory or cardiovascular
disorder. Mitral stenosis and left ventricular failure may
cause an increase in pulmonary edema (74). Variations in
intrathoracic resistivity can be used to estimate pleural
fluid volume (75). Harris et al. (76) cross-calibrated the
resistivity changes measured by EIT with spirometer
measurements. Their preliminary results show that EIT
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can be used to monitor ventilation in real time with 710%
volumetric accuracy.

On a group of normal volunteers and patients with
emphyzema, Eyüboglu et al. (77) measured ventilation-
related conductivity variations at total lung capacity
relative to residual volume quantitatively in EIT images
and suggested that EIT may be useful as a screening
device in detecting emphyzema.

The electrical resistivity of blood at body temperature
(typically 1.5Om) is well separated from the resistivity of
other tissues. Therefore, the resistivity of most tissues
changes significantly as the tissue is perfused with blood.
The global impedance waveforms measured by a conven-
tional four-electrode impedance cardiography represent
the superposition of changes originating from several
sources. Following the rapid ejection of blood from the
ventricles, the conductivity distribution within the thorax
also changes rapidly with flow of blood to systemic and
pulmonary circulations and perfusion of blood to various
tissues within the thorax. Eyüboglu et al. (78) recon-
structed images of cardiac-related resistivity variations
within the thorax using a gated EIT data acquisition
system at 10 frames/s� 1. Although the temporal resolu-
tion is not adequate to capture cardiac-related changes,
the heart, major arteries, and lungs are visible in these
images. At a data collection speed of 24 frames/s�1,
Eyüboglu et al. (79) showed that changes related to
cardiac activity can be localized on images from 10 normal
volunteers. However, differences between the subjects
exist. A typical cardiac-gated EIT image of the thorax is
shown in Fig. 4. Several studies have focused on imaging
pulmonary perfusion (80–84). Heart and lungs are not the
only regions within the thorax, their resistivity changes
with cardiac activity. Variation of the effective electrical
resistivity of large blood vessels as a result of vessel

dilatation (because of the pulsatile flow) is well known
(85). Eyüboglu et al. (79) showed an image obtained from
the neck at the end of cardiac systole. Dilated carotid
arteries at peak systole are imaged as decreased resistiv-
ity regions.

4.3. Thermal Monitoring of Hyperthermia

EIT has been shown to measure approximately a 2%
decrease in resistivity of muscle tissue per centigrade
increase in temperature (86). It can, therefore, be used
to monitor the thermal distribution noninvasively. Con-
way (86) compared the measurement made by EIT with
simultaneous thermocouple measurements under micro-
wave heating. The two methods matched well during the
heating phase but during cooling, the EIT measurements
lag behind the thermocouple measurement.

4.4. Intraventricular Hemorrhage

The risk of having an intraventricular hemorrhage (IVH)
is very high in premature infants. Tarrasenko and Rolfe
(87) proposed EIT to image the resistivity variations
within the head. Although the skull is more resistive
than soft tissue, the current flow through the skull is
said to be adequate (67). Murphy et al. (88) observed an
increased resistivity consistent with blood entering the
ventricles. It is not clear that the decrease in the image is
the blood replacing the less resistive cerebro-spinal fluid
(CSF) or mixing with CSF within the ventricles. Impe-
dance variations synchronous with the cardiac activity
measured from an infant’s head is in the order of 0.1% of
the baseline impedance (88).

Figure 4. A cardiac-gated differential (dynamic) EIT image
obtained using 16 electrodes placed around the thorax. Large
arteries and blood perfusion to the lungs are reconstructed as
increased conductivity. Heart region is reconstructed as de-
creased conductivity. Data acquisition is performed by using a
Sheffield Mark-1 system. Anterior is at the top and the left side of
the trunk is on the right of the image.

Figure 3. A differential (dynamic) EIT ventilation image show-
ing the increased impedance in both lungs as a result of inhala-
tion, which is an average of ventilation images from 15 normal
volunteers. Data acquisition is performed by using 16 electrodes
placed around the thorax and a Sheffield Mark-1 system. Anterior
is at the top and the left side of the trunk is on the right of the
image.
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Several problems are associated with the clinical en-
vironment such as movement artifacts (89,90) and having
reliable electrode contacts during the long-term monitor-
ing. Differential (or dynamic) imaging, by using a mea-
sured reference data cycle, allows EIT to absorb many of
the unknowns such as boundary shape, electrode posi-
tions, and geometry. Although the accuracy and the
spatial resolution are poor, practical EIT imaging has
been brought into reality. It is unlikely that EIT will
become a widely used anatomical imaging technique.
However, it is still promising as a technique for monitor-
ing physiological function.
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1. INTRODUCTION

Variations of electrical impedance of various parts of hu-
man body with physiological activity is well known. Fluc-
tuations in the electrical impedance of human thorax are
synchronous with both respiratory activity and also with
cardiac cycle. Electrical impedance plethysmography is
used to estimate the volume changes in different parts of
the body due to pulsation of blood. Impedance pneumo-
graphy is used to monitor volume changes in the thorax
with ventilation. Impedance Cardiography (ICG), a simple
and non-invasive method, is used to estimate cardiac out-
put based on the variation of thoracic impedance during
cardiac cycle. Clearly, changes in global impedance of the
thorax, with cardiac activity, are produced not only by one
source. Ventricular volume changes, blood volume in the
great blood vessels, variation of blood flow rate and pul-
monary circulation, changes in the geometry of the thorax
are all contributors to the global impedance signal. But
their relative contributions to the global impedance vari-
ation are not fully understood and still subject to continu-
ing research [(38,44,59,10)].

Unlike metallic or semiconductor materials, in biolog-
ical tissues electrical current is conducted by the move-
ment of ions instead of electrons. Tissues are composed of
cells suspended in an extracellular fluid region, and each
cell is surrounded by a membrane that restricts the move-
ment of ions. Therefore, biological tissues have dielectric
properties so that displacement currents can be expected
when an electric field is applied (31). Displacement cur-
rents are expected to increase with increasing frequency;
in other words, at higher frequencies current can pene-
trate through the cell membranes, which reduces the tis-
sue impedance. Because of their different properties
(permeability of their cell membrane, ionic concentration,
etc.), electrical resistivities of biological tissues at a given
frequency cover a wide range of values. In Table 1, resist-
ivity values for various biological tissues, at impedance
plethysmography frequency range (frequencies between
20 KHz. to 100 kHz.), are summarized from the literature.
Gabriel et al. (1996a) (13), Geddes and Baker (1967) (15),
Stuchly and Stuchly (1984) (55) published comprehensive
reviews on electrical properties of biological tissues. They
noted discrepancies in the repeated studies by several au-
thors but also noted difficulties in making in vivo mea-
surements and the problems of preserving tissue for in
vitro measurements. Gabriel et al. (1996b) (14) published
the measured dielectric properties of tissues in the fre-
quency range 10 Hz. to 20 GHz.

Blood is composed largely of disc-shaped erythrocytes
suspended in plasma. The electrical resistivity of plasma
(0.66Om) is much lower than that of erythrocytes. This is
shown by progressive increase in blood resistivity from

approximately 1.1Om to 1.6Om as the hematocrit is in-
creased from 40% to 60% (28). Lamberts et al. (1984) (28)
summarized the hypotheses have been put forward to ex-
plain the relation between the blood resistivity and flow
rate. They showed on in-vitro experiments that, when
blood flow increases, resistance in the longitudinal direc-
tion decreases and a rise in resistivity in the radial direc-
tion is observed. When the flow decreases, these changes
occur in the reverse direction. These resistance changes
were shown to be a function of the shape of erythrocytes,
the hematocrit, the pulsation frequency, and the stroke
volume. At high flow rates elongation of erythrocytes will
intensify the changes in blood resistivity in both longitu-
dinal and radial directions. They observed that at lower
flow rates the blood resistivity decreases significantly;
however, as the flow rate increases, a plateau is reached.

Skeletal muscle tissue is anisotropic since its made of
long muscle fibers. Therefore, the resistivity measured
along the direction of the muscle fibers is much smaller
than the value measured transversely. Burger and Van
Dongen (1961) (7) quote in-vivo results on a human arm as
2.4Om and 6.75Om for the longitudinal and transverse
resistivities, respectively. Rush et al. (1963) (51) quote
1.5Om and 23Om for canine skeletal muscle. Geddes and
Baker (1967) (15) found the transverse to longitudinal ra-
tio of resistivities from several publications as 5.26.

Cardiac tissue consists of the intracellular and the in-
terstitial regions. These two conducting regions are sepa-
rated by a plasma membrane. Cardiac muscle has also
been shown to be anisotropic although less than skeletal
muscle (48).

Lung tissue contains considerable amounts of air and
fluid; therefore, its resistivity is strongly dependent on the
amount of air and the fluid contained. Witsoe and Kinnen
(1967) (62) reported the results of in-vivo resistivity mea-
surements on canine lung tissue at 100 kHz. They stated
that a linear relation can be used to describe the depen-
dency of lung resistivity on lung air volume for conditions
from a collapsed lung to an expiration level greater than
the functional residual capacity. They measured the phase
angle of the lung tissue to verify the approximation that
lung impedance is essentially resistive. Using four point
electrodes they found about 101 phase angle at an excita-
tion frequency of 100 kHz.

2. BIOELECTRIC IMPEDANCE MEASUREMENT METHODS

Electrical impedance of tissue can be measured by apply-
ing electric current to the tissue and measuring the re-
sultant voltage across the tissue by means of electrodes
(6). As the volume of the tissue changes, as a result of
physiological activity such as blood perfusion to the limbs
or as increased air in the lungs with respiration, its elec-
trical impedance also changes (Table 1). In 1950, Nyboer
introduced the Electrical Impedance Plethysmography
technique to investigate peripheral vascular pathophysi-
ology. A pair of surface electrodes is used to inject low in-
tensity (1–5 mA) alternating current (20 kHz to 100 kHz)
to a limb or the trunk. The resultant electric potential is
recorded through the same pair or a separate pair of elec-
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trodes (Fig. 1). These two different electrode arrange-
ments are known as bipolar and tetrapolar or two- and
four-electrode methods. The four-electrode method is rec-
ognized as necessary for accuracy of electrical impedance
measurements since,

* The contribution of electrode contact impedances to
the measured potentials is minimized.

* The four-electrode method offers the possibility of ob-
taining better uniformity of the current density dis-
tribution through out the segment of meaurement.
Hence, a more uniform sensitivity distribution than
the case of two electrodes is achieved.

The current density close to the injection electrodes is
high. Therefore, the contribution of the tissues close to the
drive electrodes are larger then the tissues elsewhere in
the measurement field. An equivalent circuit of a four-
electrode impedance plethysmograph is shown in Fig. 2.
In the figure, Ze1, Ze2, Ze3, Ze4 represents the electrode-
skin contact impedances. The tissue impedances between
the electrodes are Zt1, Zt2 and ZL. Electrode contact im-
pedance varies with the pulsation of blood, as well as the
changes in the average resistivity of the tissue. The output
impedance of the oscillator, Zout, is much greater than the
sum of the contact impedances and the tissue impedances
(Ze1þZe2þZt1þZLþZt2). Hence, the current flow re-
mains constant. Zi represents the shunting impedance,
due to stray and cable capacitance. At 100 kHz, stray ca-
pacitance of 15pF results in an impedance of approxi-
mately 106 kO. Therefore, variations in electrode and

tissue impedances cause variations in the current through
Zi. However, with precautise design, Zi can be maximized.
Potential across the tissue impedance, ZL, is measured
with a high input impedance instrumentation amplifier.
Stray capacitances, Zdr1 and Zdr2, between injection and
measurement electrodes also introduces some error which
can be reduced by careful design. Across the contact im-
pedances Ze3 and Ze4 very small voltage drop occurs. As a
result, effect of contact impedances on the measured sig-
nal is small. On the other hand, for a two-electrode im-
pedance measurement variations of contact impedances
will be added to the signal.

Variations in the electrical impedance waveform, mea-
sured with an impedance plethysmograph during the car-
diac cycle, may be caused by the arterial blood flow (at a

Table 1. Resistivity of Several Biological Tissues as Tabulated by (4) (References are cited with the respective reference
numbers)

Tissue Resistivity (Om) Conditions Reference

Cerebrospinal fluid (CSF) 0.65 Average of several publications (15)
Plasma 0.66 Average of several publications (15)
Blood 1.5 50% haematocrit stationary, Average of several publs. (28)
Liver 3.5 In vivo perfused canine tissue (57)

5.5 In vivo ligated canine tissue
Skeletal muscle 1.25 longitudinal (cow and horse) (7)

18.00 transverse (cow and horse) (7)
1.50 longitudinal (canine) (51)

23.00 transverse (canine) (51)
Cardiac muscle 1.60 Calculated interstitial (longitudinal) value (43)

4.24. Calculated interstitial (transverse) value (43)
5.75 Calculated intracellular (longitudinal) value (43)

Calculated intracellular (transverse) value
51.81 Average values (43)

4.1–7.5 (43)
Neural tissue 5.8 Average of different specious (15)
grey matter 2.84 Rabbit tissue (15)
white matter 6.82 Rabbit tissue (15)
Lung 7.27–23.63 Expiration to inspiration (62)

21717% (51)
11.2 (54)
12.75 Average of several publications (15)

Fat 20.6 (22)
25 (51)
27.2 Average of several publications (15)

Bone 166 Wet bovine bone (49)

11

2

2
3

4

II V V

Figure 1. (a) The two- (bipolar) electrode arrangement, voltage
measured between the electrodes through which current is in-
jected, (b) The four- (tetrapolar) electrode arrangement, current is
injected through the outer electrodes (1 and 4) and the resulting
voltage between the inner electrodes (2 and 3) is measured.
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rate exceeding the venous outflow), into the segment de-
fined by the electrodes. The relationship between the im-
pedance waveform and the volume changes is based on the
assumption that the body segment can be modeled as cy-
lindrical sections of isotropic constant resistivity conduc-
tors (35). The total electrical resistance of the segment is a
parallel connection of these conductors. The longitudinal
resistance of each cylindrical section is given by

R¼ r
L2

V
; ð1Þ

where r is the resistivity, L and V are the length and the
volume of the measurement segment, respectively.

Considering a body segment with an initial resistance
of Ro, composed of a tube of blood with resistance Rb, vol-
ume Vb, and specific resistivity rb, and a tube of tissue
with resistance Rt, volume Vt, and resistivity rt. The re-
sistance of the segment is defined as

1

Ro
¼

1

Rb
þ

1

Rt
: ð2Þ

If the blood tube resistance changes to R0b due to a
change in the blood volume from Vb to V 0b, then the final
resistance is given as

1

RoþDR
¼

1

R0b
þ

1

Rt
: ð3Þ

From (2) and (3)

�
DR

RoðRoþDRÞ
¼

1

R0b
�

1

Rb
; ð4Þ

where ðRoþDRÞÞ ¼Rf is the final resistivity.
From Equations 1 and 4,

V 0b � Vb

rbL2
¼ �

DR
RoRf

: ð5Þ

The change in volume caused by changing blood volume
is

DV ¼V 0b � Vb¼ �
rbL

2DR
RoRf

: ð6Þ

Replacing impedance Z¼R� jX (where R is the resis-
tance and X is the reactance) with resistance in Equation
6 yields,

DV ¼ �
rbL

2DZ
ZoZf

: ð7Þ

The relative change in volume is independent of L, as

DV
V
¼ �

rb
ro

DZ
Zf

; ð8Þ

where ro is the average initial resistivity of the body seg-
ment. Z has both real and imaginary parts. On the other
hand, the reactive component is small over the frequency
range of 20 to 100 kHz. Many investigators formulate the
relationship in terms of the magnitude of Z by assuming
the phase angle is small at the working frequency hence, Z
is mainly resistive (28). The resistive and the reactive
components can be separated by utilizing a phase-sensi-
tive detector circuit.

3. ELECTRICAL IMPEDANCE PLETHSYMOGRAPHY

Techniques used to measure the volume changes directly
or providing other physical parameters that can be related
to the volume changes within the human body are given
the general name plethysmography. Instruments used to
make these measurements are called plethysmographs.
Most of the volume variations in human body are associ-
ated with its physiological functioning. Hence, plethysmo-
graphs can be used to monitor several functions of the
body.

As can be seen clearly in Table 1, the electrical resist-
ivity of blood at body temperature is well separated from
the resistivity of other tissues. Therefore, the resistivity of
most tissues changes significantly with blood perfusion of
the tissue. Cremer (1907) (8) observed the variation of the
capacitance in synchrony with cardiac activity by placing
a beating frog heart between the plates of a capacitor. Ad-
ditional blood volume into a body segment lowers the im-
pedance of the body segment, since the conductivity of

Ze1

Zt1

Ze3

Ze4

Ze2

Zt2

Z i

Zout

I ZL

Zdr1

Zdr2

Zin
Vout

Figure 2. An equivalent circuit representation of a four-elec-
trode impedance plethysmograph. Current is injected through
two outer electrodes and voltage developed between the two inner
electrodes is measured. Ze1, Ze2, Ze3, Ze4 are electrode tissue con-
tact impedances, Zt1, Zt2, are the tissue impedances between the
current drive electrodes and the measurement electrodes, ZL is
the impedance of the body segment between the measurement
electrodes, Zout and Zin are the source impedance of the current
generator and the input impedance of the differential amplifier
respectively, Zi, Zdr1 and Zdr2 are the stray capacitances between
the leads.
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blood is higher than the average conductivity of many
other tissues (Table 1). Impedance measurements, with
various electrode configurations and measuring devices,
have been used to measure volume changes. Atzler and
Lehmann (1932) (2) observed variations in capacitance
proportional to the variations in liquid volume, during ex-
periments with their dielektrogram when varying the
amount of conductive liquid between the capacitance
plates. They also measured variations synchronous with
the cardiac activity from the human thorax by placing the
human thorax between the condensor plates. In 1937,
Mann measured the periodic conductivity variations
from the finger of a human subject, which is connected
to an alternating current bridge by two strip electrodes.
He noted that diastolic pressure can be measured using
his method together with a pressure cuff. Nyboer et al.
(1940) (34) measured cardiac synchronous variations of
electrical impedance on the limbs and noted the relation
between the impedance variations and the blood volume
variations. Whithorn and Perl (1949) (61) calibrated the
measurements of a radiogram by replacing known vol-
umes of saline solution between the condensor plates and
calculated values for the stroke volume of a human heart.
In 1950, Nyboer and his colleagues used four strip elec-
trodes to make impedance measurements from the limbs.
An alternating current (150–200 kHz) is injected through
two outer electrodes and two inner electrodes are used for
measurement. Variations in impedance are measured by
means of an impedance bridge. They assumed the total
electrical impedance of a body segment can be modeled as
the sum of paralleled resistances of blood and the other
tissues. This approximation is widely used either to mea-
sure blood volume or liquid volume during limb and total
body impedance plethymography (1,17,28,32,36,39).

Assumptions made in relating the impedance change
and the blood volume changes in electrical impedance
plethysmography can be summarized as

* Body segments are assumed to have cylindrical
boundaries.

* Different tissues are assumed to be cylindrical con-
ductors with uniform resistivity.

* Variations in the volume of a segment do not alter the
distance between the measurement electrodes and
the cross sectional area of tissues in the segment.

* Only the cross-sectional area of the blood tube varies.
* The density is uniform between the measurement

electrodes.
* The resistivities of blood and other tissues are

known.
* The resistivity of blood does not change with flow ve-

locity.

All of these assumptions are violated. Limb boundaries
are approximately cylindrical; however, cylindrical geom-
etry is not a valid approximation to the shape of the torso.
Current density close to the electrodes is much larger
compared to the regions away from the electrodes since
circumferential band electrodes or spot ECG electrodes

are used. This can be avoided to some degree by using
tetrapolar measurements, with the measurement elec-
trodes placed as far as possible from the current injection
electrodes. However, sensitivity to impedance variations
in inner regions is still poorer (1,43,53). In the case of the
thorax or limbs, which consists of several tissues with dif-
ferent resistivities and inhomogeneities, the position of
the voltage measuring electrodes is important in order to
achieve a uniform current distribution within the sensi-
tive volume. Several investigators have compared differ-
ent electrode configurations in order to improve the
sensitivity to a particular region of interest
(12,18,23,38,52,60).

Impedance plethysmography signal consists of a basal
component and other components related to the volume
changes. Baseline impedance is a function of electrode
separation, limb circumference, the bulk tissue resistivity
at measurement frequency. Other components are related
to changes in air volume with ventilation, variations in
regional blood volume with pulsatile flow and accumula-
tion of water. The transthoracic electrical impedance
changes with variations in the intrathoracic fluid content
in acute pulmonary oedema (45,46). Abnormalities asso-
ciated with an intrathoracic accumulation of fluid can be
detected by comparing the estimated and the measured
values of the impedances [(29) and (50)].

3.1. Impedance Pneumography

Electrical impedance of the thorax changes with ventila-
tion as a result of changes in the resistivity of invidual
tissues within the thorax (Table 1). The technique to mea-
sure respiration using impedance measurements on the
thorax is known as impedance pneumography or imped-
ance spirometry [(3), Valentunizzi et al., 1971]. Variations
in the thoracic impedance can be correlated to simulta-
neous spirometer measurements (21). The major draw-
back of impedance pneumography is the need to calibrate
the system for each subject, the electrode positions, and
the subject’s posture. Impedance measurements on the
thorax can be also used to detect ventilation disorders like
apnea (5).

3.2. Venous Occlusion Plethysmography

Venous occlusion plethysmography is a technique to mea-
sure variation of the volume of a body segment when the
venous blood flow is occluded temporarily and then sub-
sequently released. A pneumatic venous occlusion cuff is
applied to the limb proximal to the impedance plethysmo-
graphy electrodes [Fig. 3(a)]. Inflation of the cuff (typically
50 mm Hg) above venous pressure but below arterial dia-
stolic pressure prevents the venous blood leaving the seg-
ment. The drop in the impedance due to increase in blood
volume per unit time is proportional to the arterial inflow
to the limb. Following the occlusion of the cuff venous
pressure rises to the cuff pressure and venous return re-
starts. Hence, the blood volume in the limb remains con-
stant. If the cuff is released the volume of blood
accumulated in the limb segment rapidly return to nor-
mal [Fig. 3(b) and (c)]. If a venous trombosis blocks the
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venous return, the return of the limb blood volume toward
normal is slower [Fig. 3(c)].

3.3. Impedance Cardiography

Following Cremer’s discovery on cardiac-related imped-
ance variations in 1907, (2) developed dielectrography, to
measure the variations in capacitance of a human thorax.
Following these major discoveries, several investigators
were interested in measuring the cardiac-related imped-
ance variations (30,34,61).

In Minnesota, (37) developed a four-electrode imped-
ance plethysmograph based on (35) technique to measure
thoracic impedance. Kubicek et al. (1966, 1970) (24,25)
introduced the technique, which is known as impedance
cardiography (ICG), and a simple equation to calculate
stroke volume. Tiscenko et al. (1973) (56) introduced a re-
lated method, integral rheography, aimed at measuring
stroke volume. Kubicek et al. (1974) (26) introduced the
first commercially available impedance cardiograph, Min-
nesota impedance cardiograph. Subsequently, interest in
ICG has grown and to assess ICG’s quantitative accuracy
many evaluation studies have been carried out, comparing
cardiac output measurements made by ICG and other
techniques (e.g., electromagnetic flowmetry, Fick method,
dye dilution, radioisotope dilution, thermo dilution etc.)
(10,28,32,47). There are discrepancies between the com-
parison studies made by different authors. The global im-
pedance waveforms measured by the four-electrode
technique contain contributions from many sources. Fol-

lowing the rapid ejection of blood from the ventricles, the
conductivity distribution within the thorax changes very
rapidly with flow of blood to both systemic and pulmonary
circulations and perfusion of blood to various tissues
within the thorax. Their relative contribution to the global
impedance cardiograph is a subject of continuing research
(38,42,44). Eyüboğlu et al. (1989) (11) have shown that the
thoracic resistivity variations during the cardiac cycle can
be imaged by Electrical Impedance Tomography (EIT) and
the variations can possibly be localized based on these
images.

3.4. Principles of Impedance Cardiography

Kubicek et al. (1970) (25) adopted a four-electrode imped-
ance to measure the variations in thoracic electrical im-
pedance by using low-intensity constant current at
100 kHz as illustrated in Fig. 4. Two band electrodes are
placed around the neck, separated as widely as possible.
Other two electrodes are placed around the thorax at the
level of the xiphoid joint and around the lower abdomen. A
sinusoidal alternating current at approximately 4 mA is
applied between the two outer electrodes (1 and 4). The
resulting voltage across the segment divided by the ap-
plied current is equal to the total impedance of the seg-
ment between electrodes 2 and 3. The total impedance
signal is composed of at least three components. The first
component is the basal impedance, Zo, about 20–25O’s and
is associated with the conductivity of the segment (tissues,
blood, fluid) and the geometry of the segment between the
measuring electrodes. The second component is associated
with respiratory activity (the resistivity of the lungs var-
ies between approximately 7–32Om from expiration to in-
spiration) (Table 1). The third component is the impedance
cardiogram, which is synchronous with cardiac activity.
The impedance cardiogram signal is approximately 0.1 to
0.2O. The total measured voltage signal can be expressed
as

VoþDV ¼ IðZoþDZÞ: ð9Þ

The respiratory component can be filtered off to some
extent as it has lower frequency components than the car-
diac synchronous component (9,32,33). Alternatively the
subject may be asked to hold his breath.

Based on a three-dimensional model study, (38) re-
ported the contributions to DZ originating from different
parts of the thorax as, 61% from the lungs, 23% from the
large arteries, 13% from skeletal muscle, 5% from smaller
arteries and veins, -11% from cardiac ventricles, and 9%
from large veins and the atria. Several investigators have
introduced various hypotheses to describe the origin of the
impedance cardiogram as (19,28,32,42),

* Movement of the heart, instantaneous changes in
size and shape of the heart.

* The blood flow pattern in the vena cavae and the
pulmonary veins.

* Cyclic perfusion of the pulmonary vascular bed and
the pulsating pulmonary arterial blood flow.

(a) (b)

(c)

On Off

10 20 30 sec.

10 

V
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F = dV/dt 

I
II 

Figure 3. (a) After venous occlusion the volume of the segment
starts to increase with accumulation of blood. (b) After the cuff is
released, venous return is recovered and the segment volume
rapidly returns to normal. (c) In normal venous return segment
volume rapidly returns to normal as shown with ‘I’. If a venous
thrombosis blocks the vein, return to normal is slower as shown
with ‘II’.
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* Pulsatile dilation of the aorta.
* Variations in the resistivity of blood with velocity of

flow.
* A complex combination of simultaneous cardiac

events.
* Variations in the shape of the thorax.

Clearly, the cardiac synchronous impedance variation
recorded by an impedance cardiogram is a complicated
signal reflecting cardiac hemodynamics. It is a composite
signal associated with the change of speed and volume of
blood within the segment between the measuring elec-
trodes (28,32,40).

3.5. Determination of Stroke Volume from the Impedance
Cardiogram

The volume of blood ejected following each cardiac systole
results in rapid variation of the thoracic impedance. Based
on Equation 7, stroke volume (SV) may be related to the
change in impedance as

DV ¼ rb
L2

Z2
o

� �

DZ; ð10Þ

where DV is the stroke volume in ml, rb is the resistivity of
the blood in Om, L is the distance between the potential
measuring electrodes, Zo is the baseline impedance at end,
and DZ is the change of impedance (32). DZ is the super-
imposition of two signals, one caused by the inflow and the
other one caused by the outflow of blood into the segment
between the electrodes (Fig. 5). It is therefore not correct
to use the value of maximum DZ to calculate cardiac out-
put. The cardiac synchronous component of the electrical
impedance signal reaches a maximum prior to ventricular
ejection. Decreasing rapidly, it reaches to a minimum, al-
most synchronously with peak aortic pressure. It ends at
the end of the ventricular repolarization. The ventricular
diastolic portion of the DZ waveform begins approximately
from the dicrotic notch and proceeds with an increase in
impedance (32).

Nyboer (1959) (36) extracted a value representing only
the outflow of blood from the body segment by employing a
backward extrapolation. The part of the DZ waveform
with maximum slope between its peak and the impedance
dicrotic notch is assumed to represent the minimum in-

flow and maximum outflow of blood. A new value for DZ,
DZ0 is determined by extrapolating the steepest part after
the peak of DZ to a vertical line passing from the rising
point of DZ (Fig. 6). DZ0 is assumed to represent the im-
pedance change associated with the outflow of blood, iso-
lated from the impedance change due to the inflow. This
new value is substituted into Equation 10 to estimate a
new value for V that reflects only the outflow of blood from
the segment, corrected for inflow.

To isolate the impedance changes associated with in-
flow and outflow of blood, (24) implemented forward ex-
trapolation as illustrated in Fig. 7. Part of the impedance
waveform with the highest slope during systole is as-
sumed to represent the inflow of blood into the segment.
This rising portion of the waveform is extrapolated to a
vertical line passing through the impedance dicrotic
notch, which is assumed to be the end of ventricular ejec-
tion since, the dicrotic notch corresponds to the closure of
the aortic valve. The forward extrapolation is only correct
if DZ waveform is in fact superimposition of inflow and
outflow signals.

To determine the steepest forward slope of the DZ sig-
nal, (25,26) recorded the time derivative of the impedance
signal, dZ/dt. The extreme rate of change (dZ/dt)min mul-
tiplied by the left ventricular ejection time, te, (Fig. 8) is
substituted into Equation 10 as DZ,

SVLV ¼ rb
L

Zo

� �2 dZ

dt

� �

min

te; ð11Þ

where SVLV is the left ventricular stroke volume, rb is the

4

1
2

∆Z

3

Figure 4. Circumferential strip electrodes used
by (25) to measure cardiac-related impedance
changes in the thorax. Measurement electrodes
2 and 3 are placed around the base of the neck
and the thorax at the level of the xiphoid joint of
the sternum, respectively. The current is in-
jected through electrodes 1 and 4 placed at least
3 cm above and 3 cm below the measuring elec-
trodes, respectively.

Inflow 

Outflow 

Impedance dicrotic notch

Zo

−�Z ′

Figure 5. The cardiac-related electrical impedance pulse. The
pulsatile change in impedance obtained from the body is due to
blood flowing into and out of the body segments between the
sensing electrodes [reproduced from (32), page 75].
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resistivity of blood, L is the distance between the two pick-
up electrodes, Zo is the modulus of bulk impedance of the
thorax (baseline of the impedance signal), (dZ/dt)min is the
extreme rate of change in the impedance cardiography
signal, and te is the left ventricular ejection time. An im-
pedance signal averaged over several cardiac cycles is
usually used to obtain dZ/dt. Cardiac output can be cal-
culated by multiplying the stroke volume with the average
heart rate.

ICG has been used in clinics to monitor beat-to-beat
changes in stroke volume and to determine systolic time
intervals. It has been found useful to obtain information
about mitral and aortic valve function, especially when
these valves are replaced by artificial valves. Accumula-
tion of fluid in the thorax can also be detected by ICG.
Mohapatra (1981) (32) and Lamberts et al. (1984) (28) give
good reviews on the applications of ICG.

4. ESTIMATION OF BODY COMPOSITION BY
BIOELECTRICAL IMPEDANCE MEASUREMENTS

Measurement of an index representing body composition
is useful in assessing the nutritional and clinical status of
a patient (27,59). Many studies have been carried out to
measure total body fluid by impedance techniques. The
body is modeled as being composed of two cylinderical
conductors, representing the fat- free body volume and the
body fat, connected in parallel. Since electrical resistivity
of fat is very high, impedance measurement made between
electrodes reflects mainly the impedance of the fat-free
volume of the body. Based on measured impedance and the
body dimensions, the volume of the fat-free cylinder can be
calculated. Total body fat mass can be estimated utilizing
the body weight and an estimate of fat-free tissue density.
However, this method also has poor accuracy due to weak

ECG

PCG

−0.1�

�Z ′

Figure 6. Backward extrapolation procedure
to determine the corrected DZ0 from the DZ
waveform. Maximum downward slope of the
waveform following its peak, prior to the dicro-
tic notch is taken to represent the time when
the outflow of blood is maximum and inflow is
minimum. This is linearly extrapolated to the
instant of the commencement of the impedance
waveform. The height of this point is taken as
the value of DZ0. ECG¼ electrocardiogram,
PCG¼heart sounds signal.

ECG 

PCG

−0.1�

�Z ′

Figure 7. Forward extrapolation procedure
used by (24–26). The first part of the ascend-
ing part of the impedance tracing is linearly
extrapolated to the instant of the closing of the
pulmonary valve, indicated by the pulmonary
part of the second heart sound. The distance
from this point to the level of the thoracic im-
pedance immediately before ejection is taken
as the value of DZ0. ECG¼ electrocardiogram,
PCG¼heart sounds signal.

ECG 

PCG 

−0.1��Z

dZ/dt

te

(dZ/dt)min

Figure 8. An example of ICG signals, DZ and
dZ/dt, recorded from a normal adult.
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approximations employed in the parallel conductor model
(27,41,59)].

5. SAFETY CONCERNS IN BIOELECTRICAL IMPEDANCE
MEASUREMENTS

If one wishes to probe the body with electric current, then
care must be taken not to harm or interfere with the func-
tion of the body. Electric current flow through a tissue can
cause three major effects:

1. Resistive heating of the tissue.

2. Electrical stimulation of excitable tissue.

3. Electrochemical burns (occurs as a result of expo-
sure to direct current).

Significance of these three effects varies with frequency
of the applied current. At frequencies below 0.1 Hz, indi-
vidual cycles of currents as small as 100 mA can be felt.
Electrolysis effects appear to be reversible for frequencies
above 10 Hz and neural stimulation dominates. Geddes et
al. (1969) (16) observed that at low frequencies, between
20 Hz to 50 Hz, currents less then 1mA can be felt. Very
high transthoracic currents can cause asynchronous de-
polarization of cardiac cells resulting in ventricular fibril-
lation, or involuntary contraction of the respiratory
muscles, which causes respiratory paralysis. In-vivo ex-
periments on humans and other animals have shown that
the threshold current required to cause sensation, stimu-
lation or ventricular fibrillation increases with frequency
at frequencies above 100 Hz (16). With trans-chest elec-
trodes minimum current density for sensation has been
measured, by using 11-mm-diameter AgAgCl disc elec-
trodes separated from the skin by a bridge of 1 mm thick
electrode jelly, as 0.274 mA/cm2 at 50 Hz and as 3.66 mA/
cm2 at 10 kHz (16). At 50 kHz currents more than 20mA
are required for sensation with the same set-up. Highest
current levels which can be safely used in impedance
plethysmography measurements are specified as a func-
tion of frequency by medical device safety regulations (20).
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1. WHAT IS CRYOSURGERY?

Cryosurgery (1–3) is a minimally invasive surgical tech-
nique that employs subzero temperatures to destroy un-
desirable tissues, and it is suggested as an alternative to
the traditional scalpel along with other surgical techni-
ques such as laser surgery, electro-surgery (electro-coagu-
lation by radiofrequency energy), hyperthermia, gamma
knife, etc. The cryosurgical procedure (also called
cryotherapy or cryoablation) involves inserting a probe
filled with a cryogen (usually a liquid gas such as nitrogen
or nitrous oxide) into the undesired tissue, and allowing
the freezing-front to propagate outward from the probe’s
tip into the surrounding tissue, until it encloses the tumor
and some safety margin around it. The extent of freezing is
a function of time and the energy removed from the tissue
by the probe. The probe is usually made of three con-
centric metal tubes and a tip. The inner tube conducts the
liquid nitrogen into the tip, which is placed inside the
tissue to be treated, and freezes it. After the phase change
from liquid to gas (because of the heat transfer from the
tissue), the gas is returned through the middle tube. The
outer tube is vacuumed and uses a thermal insulator in
order to spare the tissues that surround the probe. A
tissue that is exposed to a temperature of � 201C for about
one minute experiences molecular and cellular damage
and becomes necrotic at � 501C. Several cycles of freezing
and thawing are applied until a nonreversible damage is
achieved. The treated tissue is left inside the body (with-
out physical ablation) and is sloughed or reabsorbed by it.

Several advantages to cryosurgery exist:

1. Tissue sparing. The procedure is minimally inva-
sive, as it involves inserting only a thin probe into
the body. Therefore, only a minimal amount of
surrounding tissue is damaged compared with the
traditional surgical incision.

2. Blood vessels sparing. After freezing, large blood
vessels lose their functionality but retain their
ability to conduct blood.

3. Minimal Bleeding. As no direct resection occurs,
there is minimal hemorrhage, which originates
mainly from the insertion of the probe into the body.

4. Nerves regeneration. It has been found that
although the freezing process degenerates periph-
eral nerves, the nerve sheaths remain intact and
allow regeneration of the axons through the unob-
structed path.

5. Minimal complications compared with open surgery.
As a result of the minimally invasive procedure, and

unlike hyperthermia techniques, the cryosurgical
lesion exhibits minimal phenomena such as edema,
inflammation, and scar formation.

6. A 3-mm probe can produce an ice-ball sized 4.5 cm;
therefore, relatively large areas can be treated with
a single probe.

7. Predictable geometry of the frozen area. Unless
large blood vessels exist (that serve as heat sources),
the shape of the frozen tissue created by a single
probe is either spherical or cylindrical (depending on
the shape of the probe’s tip). If a nonspherical shape
is desired, it can be achieved by a combination of
several probes, and the planning can be performed
with computer simulations.

2. MEDICAL APPLICATIONS OF CRYOSURGERY

The first medical use of cryosurgery was in the field of
dermatology, where superficial tumors were destroyed
with direct application of liquid nitrogen on the skin.
The new technological developments in that field, such
as efficient, small-diameter cryoprobes and global moni-
toring methods, opened new medical applications for
cryosurgery (4). Contemporary cryosurgery deals with
tumors deep inside the body, in particular prostatic cancer
and hepatic tumors, especially in cases that present some
surgical difficulty, where the conventional treatment of
traditional ablation is not possible. These two cryosurgical
applications show very good results in terms of morbidity
and recurrence of the tumor. Tumors in other sites, such
as the brain, bronchus, bone, pancreas, kidney, and
uterus, have also been treated by cryosurgery, but in small
numbers.

3. MONITORING CRYOSURGICAL PROCEDURE

One of the main problems in cryosurgery is monitoring the
extent of freezing and the size of the created ice-ball.
Failure to evaluate this correctly can lead to either
insufficient freezing or excessive freezing, and, conse-
quently, to recurrence of malignancies treated by cryosur-
gery or destruction of healthy tissues. As the operation is
minimally invasive, it is not possible to observe the ice-ball
directly; therefore, alternative and indirect monitoring
methods must be applied. Those methods can be divided
into two subgroups: local monitoring and global (usually
based on imaging modalities) monitoring.

3.1. Local Monitoring

Local monitoring includes direct invasive measurements
of the treated tissue using thermometry or impedanceme-
try (5–7). Several sensors (thermocouples, thermistors, or
voltage measuring electrodes) are placed inside or around
the treated tissue, giving a measure to the extent of
freezing as a function of temperature or resistance. The
drawbacks of local monitoring methods are the require-
ment for additional monitoring sensors (apart of the
cryosurgery probe) that should be placed inside and

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



around the frozen tissue, and that the received informa-
tion is limited to the near surroundings of the measuring
site, which may lead to insufficient or excessive freezing.

3.2. Global Monitoring

With the developments of tomographic imaging modal-
ities, such as x-ray computed tomography (CT), ultra-
sound (US), and magnetic resonance imaging (MRI), it
became possible to globally monitor cryosurgical proce-
dures. The advantages of monitoring by imaging over local
monitoring are clear, because they can provide high
spatial resolution and retrieve global information from
the entire domain. Each imaging method has its own
advantages and drawbacks:

US is the most common imaging modality today for
monitoring cryosurgery because of its low cost and high
temporal resolution that enables real-time monitoring of
the probe placement and the extent of the ice-ball. How-
ever, its spatial resolution is relatively poor and depends
on the depth of the target tissue. Another serious problem
that occurs in US imaging is that the image only repre-
sents the frontal face of the ice-ball, because the ice and
probe shade the regions behind them.

X-ray CT, although very common, is rarely used for
global imaging of cryosurgical procedures, probably be-
cause this imaging modality involves ionizing radiation.
In addition, several reports (8,9) of image artifacts exist
because of the metallic probe.

MRI yields remarkably high-resolution three-dimen-
sional images in real-time, with no shadowing effect, but is
hardly practiced because of its high cost and the require-
ment for special surgical tools suited for MRI. Replacing
the metallic probe with an MRI-suited material such as
glass may cause a safety hazard because of the risk of
breakage inside the patients’ body.

4. IMPEDANCE MEASUREMENTS FOR CRYOSURGERY
MONITORING

Biological tissues contain electrolytes that are good con-
ductors of electrical charge. During the freezing of tissue,
water leaves the solution as ice, and the solutes become
entrapped among ice structures. As pure ice is an insu-
lator, the electrical impedance of the resulting composite
of ice and solute increases significantly, by orders of
magnitude. Therefore, although unfrozen tissue is a
good conductor of electricity, frozen tissue is not.

During the late 1970s, several researchers (4,6,10–14)
suggested the use of local electrical impedance measure-
ments (local impedancemetry) to monitor cryosurgery by
evaluating the extent of freezing with direct measure-
ments of electrical potentials at discrete points inside
the tissue. Impedance (or resistance) measurements
were carried out with electrodes placed inside or around
the undesirable tissue that is being frozen. Le-Pivert et al.
(12) have shown that as the tissue (which is essentially a
solution of electrolytes) freezes, its ability to conduct
electrical current decreases and its impedance value in-
creases, from several kilo-Ohms to several mega-Ohms.
However, although local impedancemetry has shown to be

suitable to monitor cryosurgery, it suffers the drawbacks
of local monitoring methods: It is an invasive procedure
and retrieves only local information.

5. ELECTRICAL IMPEDANCE TOMOGRAPHY (EIT) AS AN
ALTERNATIVE GLOBAL MONITORING METHOD FOR
CRYOSURGERY

5.1. Fundamentals of EIT

Most imaging modalities are based on a differentiation of
some physical property among the different biological
tissues. For example x-ray CT is based on different
attenuation coefficients of the tissues to x-radiation,
whereas ultrasound imaging is based on the different
reflection coefficients of the tissue to ultrasound waves.
In a similar manner, MRI is based on the orientation and
motion of the nuclear magnetic moment of the tissues’
atoms in a magnetic field.

EIT is an alternative imaging modality that is based on
the differentiation of the electrical properties of biological
tissues. It produces tomographic images by applying low-
amplitude AC currents into the body and measuring the
developed electrical potentials on its surface. Then, a
reconstruction algorithm is used to solve for the internal
conductivity distribution that gave rise to the measured
surface potentials. Currently, clinical EIT systems are
being developed for different clinical applications, such
as static tomography (anatomical images) and dynamic
tomography, for various monitoring purposes (e.g., mon-
itoring cardiac output, gastric emptying, pulmonary ven-
tilation, etc.).

Two basic methods exist for applying currents into a
biological volume conductor. The first method is known as
injected-current EIT, which comprises of direct injection
through surface electrodes. This method had been thor-
oughly studied [see (15–18)]. An alternative approach is to
apply the currents by induction [as in (19–24)]. Several
excitation coils surround the object to be measured. A coil
drive circuit drives an alternating current with a typical
frequency of 50 kHz on the coils. According to Ampere’s
law, a magnetic field is generated in the free space, which
in turn forms an electrical field according to Faraday’s law.
The electrical field, penetrating the target because of its
dielectric properties, produces both conductive and dis-
placement currents, depending on the volume conductor
electrical properties. Those currents, called eddy currents
or Foucault currents, result in developing voltages that
can be measured on the surface with electrodes. This
approach is commonly called induced-current EIT, and it
has several unique features. For instance, the electrodes
can be optimally designed for measuring voltages because
they are no more used for injecting current. Moreover,
instead of measuring the developing surface voltages with
attached electrodes, the voltage changes on a set of pick-
up coils caused by the magnetic field that the induced
currents generate can be measured, resulting in a contact-
less system. The number of independent measurements in
an induced-current system can be increased just by chan-
ging the number or geometry of the excitation coils, and is
therefore not limited by the number of electrodes. How-
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ever, the most promising feature is the ability to control
and manipulate the induced-current patterns and spatial
distribution. This feature allows one to increase the
current density inside inner parts of the body, thus to
retrieve information from locations where the injected
currents hardly reach (e.g., from the skull-shielded brain).

5.2. EIT for Cryosurgery Monitoring

The new developments in the field of EIT suggest that this
newly emerging imaging modality may be suitable for
monitoring and imaging the process of freezing during
cryosurgery. Several arguments in favor of imaging and
monitoring using EIT exist:

1. EIT systems use very-low-amplitude currents (in the
order of several mA); therefore, it is a noninvasive
imaging modality, involving no ionizing radiation or
any known hazards to the patients.

2. The large changes in electrical impedance on freez-
ing of tissue produce relatively large changes in the
surface electrical potential measured by EIT sys-
tems, especially when compared with other EIT
medical applications such as cardiac output moni-
toring or breast cancer detection.

3. EIT has been found to be more sensitive to low-
conducting perturbations than to high-conducting
perturbations, a feature that makes EIT very suita-
ble to monitor cryosurgery procedures.

4. An EIT system is much less expensive than other
imaging devices, thus can be installed in large and
small medical centers.

5. EIT has the potential of producing real-time images
(or measurements) of the internal impedance dis-
tribution, depending on the hardware design and
reconstruction algorithm in use.

5.3. Mathematical Formulation for EIT

5.3.1. Physical Modeling and Forward-Problem Formula-
tion. The volume conductor, which is comprised of living
tissue, is assumed to be a linear, isotropic, and nonmag-
netic medium. Using Maxwell’s electromagnetic field
equations, and applying Coulomb’s gauge for the diver-
gence of the vector potential (25,26), the scalar and vector
potentials caused by applied current sources are ex-
pressed by the following equations:

r � ½scrc� ¼ � io~A � rsc; ð1Þ

�r2 ~A¼ m0scð�rc� io~AÞ; ð2Þ

where sc [S/m] is the complex conductivity, c [V] is the
complex scalar potential, o [rad/s] is the angular fre-
quency of the induced field, m0 [henry/m] is the free-space
permeability, and ~A [weber/m] is the magnetic vector
potential.

The boundary condition is of a Neumann-type, describ-
ing the applied currents via the injecting electrodes, and

the insulting behavior of the surrounding air:

sc
@cI

@n
¼ � osc~A � ~n; ð3Þ

sc
@cR

@n
¼

~J at the electrode sites

0; elsewhere

(

ð4Þ

where ~n is a unit vector normal to a surface element and
cR and cI are the real and imaginary parts of the scalar
potential, respectively. ~J [A/m2] is the injected current
density, so that the current, I, applied into the body via the
electrode is expressed by

R

electrode area
~J � d~S¼ I.

Under the quasistatic approximation, the capacitive
component of the tissue’s impedance and the electromag-
netic propagation effect can be neglected for biological
volume conductors (27,28). With that approximation, and
assuming that higher orders of the magnetic vector po-
tentials are negligible compared with the primary term,
caused by the excitation coil, see (22), we get the following
elliptic Poisson equation with the Neumann type bound-
ary conditions of Equations 3 and 4:

r � ðsrcÞ¼ � io~A � rs: ð5Þ

The magnetic vector potential ~A is assumed to be com-
posed essentially of the primary vector potential term that
depends only on the current Ic, flowing in the excitation
coils. As a result, it can be calculated as:

~A¼
Icm0

4p

I

C

d~l

R
; ð6Þ

where d~l [m] is a vector length element along the coil, C is
a closed path along the coil, and R [m] is the distance from
the volume element to the point where ~A is calculated (26).

This formulation is known as the forward problem of
EIT, and its solution for the electrical potential cannot be
generally obtained with analytical methods, except for a
few symmetric noncomplicated volume conductor geome-
tries. For general cases, the problem has to be solved
numerically, with computer simulations, over a discre-
tized subspace. Several methods exist for performing the
discretization and solving for the unknown potentials
[e.g., finite-element method (FEM), finite-difference
method (FDM), finite-boundary method (FBM), and fi-
nite-volume method (FVM)]. A forward problem numer-
ical solver is used to predict the surface potentials caused
by various anatomical and physiological parameters and
factors such as the imaged geometry, applied current
sources, etc. It is also used for some inverse-problem
iterative algorithm, as for each iteration, the surface
potentials need to be calculated.

5.3.2. Inverse-Problem Basics. The reconstruction algo-
rithm, or the inverse problem of EIT, is to find the spatial
conductivity distribution from the measured surface po-
tentials, and is known to be mathematically ill-posed. The
ill-posed trait originates from the fact that the ability to
sense the same conductivity perturbation by measuring
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surface potentials decreases exponentially as the pertur-
bation is more distant from the object boundary. Two basic
approaches exist for solving the inverse problem: one-step
algorithms and iterative algorithms. The former algo-
rithm types (e.g., the back-projection and sensitivity-ma-
trix) are based on linearization of the problem around a
reference point, thus providing dynamic or referenced
imaging (29–32). Other reconstruction algorithms use
the Newton–Raphson iterative method and can be used
for static imaging (i.e., producing images of absolute
distribution of impedance) (33–38). In such iterative
schemes, the first step is to guess an initial distribution
of conductivity of the object. The forward problem (i.e.,
calculation of the potential distribution caused by a known
current source in a defined medium) is then solved to
calculate the theoretical boundary potentials that are
compared with the actual measured potentials. The initial
guess is then modified to reduce a predefined cost func-
tion, usually the Euclidean distance between the mea-
sured and calculated surface potentials. This procedure is
repeated until the cost function value is small enough.

6. RESULTS OF EIT CRYOSURGERY MONITORING

So far, only few studies of the feasibility of EIT as a global
method to monitor cryosurgery were performed. These
studies are essentially divided into two groups: theory-
oriented studies, which make use of computerized numer-
ical solvers for simulating the cryosurgical procedure, and
experimental studies on laboratory systems. In vivo stu-
dies have yet to be conducted because of the lack of
reliable, high-performance EIT devices and the relatively
early stages of research in the field.

6.1. Simulation Results

The idea of employing the electrical impedance technique
for the purpose of global cryosurgery monitoring was first
suggested in the late 1990s (39) for the specific application
of brain cryosurgery, where the accuracy of assessing the
ice-ball extent is most important. A computed numerical
simulation of the forward problem was carried out with
the finite-volume method (FVM) to solve for the developed
electrical potentials inside the head (40). A simplified 3-D
model composed of four concentric spheres, simulating the
brain, cerebrospinal fluid, the insulating skull, and the
surrounding scalp, was used in a spherical coordinate
system. The growing ice-ball was simulated by low-con-
ductivity spheres with increasing radii positioned inside
the brain. It was found that, for an injected current of
1 mA in magnitude, a measurable voltage difference of
approximately 5 mV on the scalp can be expected between
the head with the largest ice-ball (radius of 2.5 cm) and the
reference case (without an ice-ball). A linear relation was
found between the voltage, as measured in a fixed site over
the scalp, and the changing radius of the formed ice-ball
with a sensitivity of 0.031 mV/cm3 (R¼ 0.9998). In a later
study, a real 3-D geometry model of the head was exam-
ined, taking into account the complex geometry of the
skull. One of the main obstacles in bioimpedance techni-
ques and in EIT is the low-conducting skull layer sur-

rounding the brain, because it avoids the currents from
penetrating into deeper regions of the head and acquiring
information from these areas. The main difference be-
tween the former 3-D spherical model and a model that
is based on real geometry is in the surrounding skull: in
the 3-D sphere models, the skull completely surrounds the
brain, whereas in real geometry, many holes and paths
exist that enable currents path and may enable better
results. The 3-D head geometry was extracted of 128
transverse MRI (T2) slices and was segmented to 58 tissue
types by Zubal et al. (41). A working frequency of 20 kHz
was assumed, and the tissues’ conductivity values were
assigned in accordance. Artificial ice-balls, with radii
varying from 0 cm to 2.1 cm, were inserted to the head
model, and the electrical potentials inside the head and on
its surface were calculated for each of the ice-ball radii. In
Fig. 1, the surface potentials of the reference case (i.e.,
with no ice-ball) are shown in the upper row. The lower
row displays the difference of the surface potentials be-
tween the case with the largest ice-ball and the reference
case.

The surface potential differences between each ice-ball
size and the reference cases for y¼741, where the highest
potential differences were found, are plotted simulta-
neously in Fig. 2. It can be seen that the highest potential
difference values are achieved at the vicinity of f¼ 2701,
at the site of the ice-balls, and the values are measurable:
up to 2 mV. A sensitivity plot (i.e., the relationship be-
tween the maximal surface potential differences as a
function of the ice-ball volumes) is given in Fig. 3. The
sensitivity was calculated with linear regression and was
found to be 0.058 mV/cm3 (R¼ 0.9994).

In another study (42), a comparison between injected-
and induced-current approaches for electrical impedance
technique in a theoretical two-dimensional real-geometry
head model was conducted for monitoring brain cryosur-
gery. The motivation for using induced current instead of
injected current in brain studies lies in the insulating
characteristic of the skull, which prevents a substantial
penetration of injected current into the brain, thus limit-
ing the information that can be extracted in this applying
current approach. On the other hand, the induced-current
spatial distribution is more uniform, and induced-current
density dipoles are generated wherever a perpendicular
component of the magnetic vector potential to a boundary
between two different tissue types exists, in particular on
the boundary of the ice-ball itself. Therefore, it was
assumed that a higher sensitivity to changes in the ice-
ball area that is located inside the brain tissue would be
obtained in an induced-current system. An FVM numer-
ical solver was developed for the induced-current ap-
proach (43) and was validated for the 2-D case by
comparison with analytical solution for a symmetric geo-
metry, showing an accuracy of 0.07%.

The comparison with the injected-current approach
performance was carried out with an axial CT scan that
was taken from a healthy male. A manual segmentation
was performed to separate between four tissues: scalp,
skull, cerebrospinal fluid, and brain. Two injecting elec-
trodes and one excitation coil were placed, as is illustrated
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in Fig. 4, and the ice-ball radii were increased from 0 mm
to 7.8 mm in 6 steps.

Several results of the potential distribution over the 2-
D head are given in Fig. 5. It was found that although the
absolute potential distribution differs considerably be-
tween the injected- and induced-current approaches, the
difference distributions of the potentials between the
maximal ice-ball case and no ice-ball case are similar in
both approaches.

A sensitivity plot, describing the relationship between
the percentage of surface voltage change (with and with-
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out ice-ball) and the ice-ball area at the best scalp measur-
ing site (i.e., where the maximal change is detected), is
given in Fig. 6.

Based on these preliminary results obtained for the 2-D
geometry, the induced-current approach seems to reveal
promising results yielding a sensitivity of a¼ 5:8 � 10�3 %

mm2,
compared with a¼ 1:0 � 10�3 %

mm2 for the injected-current
system. In order to have a common basis for comparison
between the two approaches, the voltage changes were
normalized by the dynamic range of the reference case
surface potentials (i.e., with no ice-ball). The higher
sensitivity obtained with the induced-current approach
is in agreement with the assumptions that motivated the
study.

6.2. Experimental Results

Following the computer simulations that suggested a
measurable voltage change on the outer surface because
of the growing ice-ball, experimental studies were per-
formed.

The first experimental system (44) was based on a
square thin sample chamber (Fig. 7) with a freezing
apparatus that produces a progressing 1-D ice-front.

Using three measuring electrodes, it was demonstrated
that this basic impedance system can detect the voltage
changes caused by the presence of the freezing front at a
depth below the electrode array for different biological
tissues (salinated agar, chicken liver, and chicken breast).
The computer simulations that accompanied the experi-
mental study modeled the geometry of the sample cham-
ber and used a conductivity profile determined by the
tissue type (fresh/frozen tissue) and the fresh tissue’s
temperature. An FEM was applied to calculate the poten-
tial distribution during the propagation of the ice-front,
and it was used as a visualization tool as well as to support
the acquired experimental data (Fig. 8).

A good agreement to within one standard deviation was
achieved between the experimental data and the simula-

tion values, as can be seen from Fig. 9. It was demon-
strated that the experimental system can detect ice-front
boundaries up to a depth of one half of the distance
between the injecting electrodes.

A recent study (45) integrated an experimental system
with an image reconstruction algorithm and produced the
first tomography images of internal ice-balls with EIT
(Fig. 10). The experimental system was composed of a
circular tank filled with a pseudo-biological matter (sal-
ine), sixteen peripheral measuring electrodes, and an
additional sixteen measuring electrodes on the cooling
6 mm probe (or eight electrodes for the smaller 3 mm
probe).

Two parameters were checked: the size of the formed
ice-ball, and its shape, which was changed by applying
directional flows in the saline. It was found that the extra
information retrieved from the electrodes placed on the
probe improved the quality and spatial resolution of the
reconstructed image, and that the overall shape of the
reconstructed ice-ball was correspondent with the real
shape of the formed ice-balls subjected to the saline flows.
The correlation (Fig. 11) between the real size of the ice-
balls and the reconstructed size were moderate to good (R
¼ 0.77 to R¼ 0.89), and the produced images reflected the
size and shape of the ice-balls.

7. OPEN PROBLEMS AND FUTURE WORK

The need for an accurate global monitoring method for
cryosurgery applications has led to several solutions,
mainly ultrasound and MRI, which present, besides their
advantages, some serious limitations. The impedance
technique seems to be adequate for this purpose because
its low cost, no known hazards, its expected simplicity of
use (no need of special designed cryoprobes, as in MRI),
and its ability to detect the ice-ball extent caused by the
large differentiation in the electrical properties between
normal and frozen tissue.

The idea of using impedance technique has been al-
ready implemented locally; however, as a global monitor-
ing modality, it has only been studied in the last few years.
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The preliminary results are promising for impedance
technique and EIT in cryosurgery, subject to more com-
prehensive research in the area of hardware design and in
vivo experiments, which have yet to be conducted. More-
over, most of the studies in the field have simulated or
experimented one aspect of the impedance technique,
which is the surface potential characteristics caused by
the changing size or position of the ice-ball. The inverse
problem of reconstructing a tomographic image, repre-
senting the location and shape of the frozen tissue, has
been hardly approached, although it might be clinically
more appealing. Contemporary reconstruction algorithms
have yet to provide satisfactory performances because of
the inherent ill-posed nature and instability of the inverse
problem. Most algorithms perform a first- or second-order
approximation of the problem and then employ a one-step
mathematical inversion (e.g., a CT-like back-projection) or
iterative Newton–Raphson procedure. All of these ap-
proaches are mostly used for dynamic or referenced
imaging, because they are highly dependent on a prior
knowledge of the exact shape of the body circumference
and electrode positions. This imposes practical limitations
because a reference image taken from some other imaging
modality (e.g., CT or MRI) must be obtained so that the
benefit from EIT is less evident.

For an EIT device to become clinically acclimatized,
another key problem should be addressed first i.e., the
difficulties developing from attaching the electrodes di-
rectly onto the patient’s skin. These include the discomfort
of practically attaching a large number of electrodes by
the medical staff to the exact locations consistently and
the correct modeling of the skin-electrode interface. In a
view of this problem, future cryosurgery EIT monitoring
systems might benefit from a contact-less interface with

the patient (see Magnetic Resonance-Electrical Impe-
dance Tomography).
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ELECTRICAL IMPEDANCE TOMOGRAPHY
INDUCED CURRENT

NEVZAT G. GENC,ER

Middle East Technical
University

Ankara, Turkey

1. INTRODUCTION

In conventional applied-current electrical impedance to-
mography (ACEIT), low-frequency sinusoidal currents are
applied via electrodes attached to the body surface. The
same electrodes are used to measure potential differences.
The resulting data are used to reconstruct impedance
images of the body. In ACEIT, relatively low-cost data
acquisition systems are used. The method can be applied
quite easily without any hazard to the patient and it has
the advantage of high-speed data collection (1).

Induced-current electrical impedance tomography
(ICEIT) is proposed as an alternative method for imaging
the electrical impedance distribution within the human
body (2–6). In ICEIT, time-varying magnetic fields with
different spatial field patterns are applied to induce
current in the body. As in ACEIT, the surface electrodes
are used to make voltage measurements. The number of
independent measurements can be increased as long as
the field patterns are spatially independent.

Figure 1 demonstrates the general principles of excita-
tion and data collection in ICEIT. The conducting body is
surrounded by a current-carrying conductor. The time-
varying magnetic field generated inside the coil induces
current in the conducting region. The resultant voltages
between the finite number of electrodes are measured. By
changing the position of a given coil or the currents in a
set of coils, one can generate different magnetic fields in
the conducting body.

Some notable features of ICEIT compared with ACEIT
are the following: (1) The electrodes are used for a single
function (i.e., for voltage measurements). Consequently,

the voltage sensing electronics can be optimized. (2)
Internal current level is not limited by the current density
at the injection electrodes (it is not limited to the safe
current density on the skin where the injection electrodes
are attached). It can be enhanced by applying different
magnetic field patterns to increase the signal-to-noise
ratio in the measurements. (3) For a given number of
electrodes, the number of independent measurements can
be increased by introducing spatially independent mag-
netic field patterns. In principle, it is possible to manip-
ulate the applied magnetic fields and thus the induced-
current distribution to examine a particular part of the
region in detail.

One disadvantage of the induced-current approach is
the induced electromotive force imposed in the measure-
ment cables. However, this effect can be minimized by
orienting the cables appropriately with respect to the
applied field and keeping them rigidly fixed during the
measurements.

A list of medical applications of ACEIT and relevant
literature were presented in Ref. 1. Some of these are also
potential applications of ICEIT and thus will be listed
here: detection of epileptic foci, breast imaging to detect
cancer, measurement of tissue temperature during hy-
perthermia, and tissue characterization. In ACEIT, an
insulating layer (such as bone) near the injection electro-
des reduces the injected current density in the deep-lying
tissues. In ICEIT, currents are induced into the body, thus
it is possible to avoid the screening effect of bones. Thus, a
clear advantage of ICEIT can be observed when the
technique is applied to image the brain (7).

The research in the last decade has been focused on (1)
understanding the theory behind this technique, (2) de-
veloping numerical models to explore the basic assump-
tions and ultimate limitations, and (3) developing
experimental systems. In the rest of this article, these
points will be reviewed in the same order.

2. FORMULATION OF THE FORWARD PROBLEM

The measurements of this imaging system are the vol-
tages measured between the electrodes placed on the body
surface. Thus, the forward problem of ICEIT is defined as,
given the conductivity distribution, finding the voltages on
the body surface because of an applied primary magnetic
field distribution, which can be obtained by calculating the
line integral of the electric field between the two electrode
points on the body surface. The following set of Maxwell’s
equations govern the behavior of sinusoidally varying
(ejottime-dependence is assumed) electromagnetic fields
in a linear, nonmagnetic, isotropic conductive medium:

r� ~E¼ � jo~B; ð1Þ

r� ~B¼ m0ðsþ joeÞ~E; ð2Þ

r � ~D¼ r; ð3Þ

r � ~B¼ 0; ð4Þ

Conductive
body

Coil

Electrodes

Figure 1. General principles and data collection in ICEIT. A
current-carrying coil is placed to induce currents in the conduct-
ing body. A finite number of electrodes are attached to measure
the voltages.
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with the continuity equation

r � ~J¼ � jor; ð5Þ

where ~E is the electric field intensity, ~D is the electric
displacement, ~B is the magnetic flux density, ~J is the
current density, and r denotes the charge density. ~J and ~D
are related to ~E by

~J¼ s~E; ð6Þ

~D¼ e~E: ð7Þ

The material properties m0, s, and e represent the free
space permeability, electrical conductivity, and permittiv-
ity, respectively.

As ~B is solenoidal, it is possible to introduce a magnetic
vector potential ~A where

~B¼r� ~A: ð8Þ

Thus, from Equation 1, the electric field intensity ~E can
be expressed as:

~E¼ � jo~A� rf; ð9Þ

where f is a scalar potential.
The continuity Equation 5 can be rewritten using

Equation 3 and the constitutive properties given by Equa-
tion 6 and 7 as

r � ½ðsþ joeÞ~E� ¼ 0: ð10Þ

Inserting the electric field expression Equation 9 in the
above equation, one obtains

r � ½ðsþ joeÞðjo~AþrfÞ� ¼ 0: ð11Þ

The boundary condition of the above partial differential
equation is obtained by equating the normal component of
the total current density to zero

@f
@n
¼ � jo~A � ~n; ð12Þ

where n is the unit normal on the conducting body surface.
By inserting the magnetic flux density (Equation 8) and

electric field intensity (Equation 9) expressions in Equa-
tion 2, one can obtain

r� ðr� ~AÞþ m0ðsþ joeÞðjo~AþrfÞ¼ 0: ð13Þ

Note that, the magnetic vector potential ~A is an aux-
iliary function and only its curl is specified Equation 8. To
define ~A uniquely, its divergence must also be specified
(the gauge condition). The most appropriate gauge condi-
tion for a inhomogeneous medium is the Coulomb gauge

(8):

r � ~A¼ 0: ð14Þ

Using the Coulomb gauge and the vector identity
r� ðr� ~AÞ¼rðr � ~AÞ � r2 ~A, Equations 11 and 13 reduce
to

r � ½ðsþ joeÞrf� þ jo~A � rðsþ joeÞ ¼0; ð15Þ

r2 ~Aþm0ðsþ joeÞðrfþ jo~AÞ¼ 0: ð16Þ

Once ~A and f are solved, the potential difference
between the two points a and b on the surface of a
conducting body can be determined as

vab¼ �

Z

b

a

rf � d~l�
Z

b

a

jo~A � d~l; ð17Þ

where d~l is the differential vector path length. Here, the
line integrals can be calculated on any curve connecting a
and b. Note that for the actual measurements an addi-
tional term must be added corresponding to the voltage
induced in the loop formed by the line between a and b and
the measurement cables. If a perturbation of the conduc-
tivity occurs within the conductive medium, this term
does not change so long as the geometry of the measure-
ment cable is held fixed.

For a specific coil configuration, in the absence of a
conducting body near the coil, the magnetic vector poten-
tial is the primary vector potential and denoted by ~Ap. If
the coil is encircling a conducting body, then a second term
~As contributes to the magnetic vector potential because of
induced currents (i.e., ~A¼ ~Apþ

~As). Equation 16 can be
rewritten in terms of primary and secondary fields as:

r2 ~As¼ � m0ðsþ joeÞðrfþ joð~Apþ
~AsÞÞ: ð18Þ

The first-order approximation for ~As can be obtained by
neglecting the ~As term in the right-hand side, which is a
reasonable approximation, because the source of ~Ap is the
current in the excitation coil and the source of the other
term is the induced current in the body. The validity of
this approximation was questioned by solving ~As numeri-
cally, for different conductivity distributions (3). For an
operating frequency of 50 kHz, ~As is found much smaller
compared with ~Ap, for all studied cases. Anderson et al.
reached the same conclusion by assigning typical values
for the terms in Equation 16 (9). Thus, instead of solving
the total magnetic vector potential from the coupled
differential equations, one may simply calculate ~Ap for a
given coil configuration and use it to calculate the scalar
potential distribution f. Thus, the forward problem of
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induced-current EIT reduces to the following:

r � ½ðsþ joeÞrf� ¼ � jo~Ap � rðsþ joeÞ; ð19Þ

@f
@n
¼ � o~Ap � ~n: ð20Þ

Assuming the current in the excitation coil as the
reference, f can be decomposed into its in-phase (real
fR) and quadrature (imaginary fI) components. The
following equations can then be derived:

r � ðsrfRÞ � or � ðerfIÞ¼o2 ~Ap � re; ð21Þ

or � ðerfRÞþr � ðsrfIÞ¼ � o~Ap � rs; ð22Þ

@fR

@n
¼0; ð23Þ

@fI

@n
¼ � o~Ap � ~n: ð24Þ

When the displacement currents are assumed negligible
compared with the conduction currents, it is possible to
obtain a simpler partial differential equation with the
appropriate boundary condition:

r � ðsrfÞ¼ � o~Ap � rs; ð25Þ

@f
@n
¼ � oApn: ð26Þ

Here, for notational simplicity, f is used in place of the
imaginary component fI and Apn represents the normal
component of the primary magnetic vector potential on
the surface of the conducting body (i.e., Apn¼

~Ap � ~n).
As seen from Equation 25, the relation between s and f

is a nonlinear mapping. However, the first-order variation
in the scalar potential function Df related to a perturba-
tion Ds in the conductivity distribution can be determined.
Iff0 and f are the potential distributions corresponding to
s0 and s, respectively, then the following relation can be
obtained (4):

r � ðs0rðDfÞÞ ¼ � r � ðDsrf0Þ � o~A � rðDsÞ; ð27Þ

@Df
@n
¼ 0: ð28Þ

For a simpler case, for which s0 is constant,

s0r
2ðDfÞ¼ � rs � ðrf0þo~AÞ ð29Þ

@Df
@n
¼ 0 ð30Þ

is obtained. Thus, the regions where s varies, are regions
of charge accumulation, and this accumulated charge
generates the Dffield. The strength of the source depends

on Ds as well as the incident ~E field obtained for the
reference conductivity distribution.

When the conductivity is perturbed within the conduc-
tive medium, because the second term in Equation 17 does
not change significantly, the change in the measured vab
depends only on the perturbation of the rf term of the
electric field:

Dvab¼ �
Z

b

a

DðrfÞ � d~l: ð31Þ

3. NUMERICAL FORMULATION AND SOLUTION OF THE
FORWARD PROBLEM

3.1. The Series Expansion Method

The series expansion method (SEM) can be used to solve
the scalar potential in 2D objects with a circular cross
section and arbitrary number of concentric layers. The
layers may have different conductivity and permittivity
values. The solution for the scalar potential distribution
for a specific case of a single concentric inhomogeneity will
be presented in this section.

Assume R1 and R2 represent the radii of the inhomo-
geneity and the outer boundary, respectively. Let the
conductivity and permittivity of the two regions be de-
noted by s1, s2 and e1, e2. Assigning f¼f1 for 0rrrR1

and f¼f2 for R1rrrR2, then the series expansion solu-
tion for Equation 19 with Equation 20 can be expressed in
the following form (3,9):

f1ðr; yÞ¼
X

1

m¼ 1

rmðemcosðmyÞþ fmsinðmyÞÞ; ð32Þ

f2ðr; yÞ¼
X

1

m¼ 1

ðrmamþ r�mbmÞcosðmyÞ

þ ðrmcmþ r�mdmÞfmsinðmyÞ:

ð33Þ

Here, f1, f2, and the expansion coefficients, am, bm, cm,
dm, and em, are all complex quantities. To obtain the
expansion coefficients, in addition to the boundary condi-
tions, the continuity of the potentials and the normal
component of the current density on the interface must
be employed. As the expressions obtained for the expan-
sion coefficients are too lengthy (3,9), they will not be
included in this section. Instead, the solutions for f
neglecting the displacement currents will be presented
(4). In that case, the coefficients am, bm, cm, dm, em, and fm
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can be found as given below:

am¼
1

2
½ð1þ aÞemþð1� aÞ

1

Rm�1
1

EðmÞ�; ð34Þ

bm¼
1

2
½ð1� aÞR2mem � ð1� aÞRmþ 1

1 EðmÞ�; ð35Þ

cm¼
1

2
½ð1þ aÞfmþð1� aÞ

1

Rm�1
1

FðmÞ�; ð36Þ

dm¼
1

2
½ð1� aÞR2mfm � ð1� aÞRmþ1

1 FðmÞ�; ð37Þ

em¼
2bmCðmÞ � ½ð1� aÞþ ð1� aÞb2m

�bEðmÞ

bmRm�1
2 ð1þ aÞ � ð1� aÞb2m

; ð38Þ

fm¼
2bmDðmÞ � ½ð1� aÞþ ð1� aÞb2m

�b FðmÞ

bmRm�1
2 ð1þ aÞ � ð1� aÞb2m

; ð39Þ

where

a¼
s1

s2
; ð40Þ

b¼
R1

R2
; ð41Þ

and

CðmÞ¼ �
o
pm

Z

AnðR2; yÞcosðmyÞdy; ð42Þ

DðmÞ¼ �
o
pm

Z

AnðR2; yÞsinðmyÞdy; ð43Þ

EðmÞ¼ �
o
pm

Z

AnðR1; yÞcosðmyÞdy; ð44Þ

FðmÞ¼ �
o
pm

Z

AnðR1; yÞsinðmyÞdy: ð45Þ

The problem of finding the potential distribution for
uniform conductivity distribution is a special case of the
problem presented here, with a and b taken to be equal to
1.

To obtain the potential distribution for a circular ec-
centric inhomogeneity with different conductivity and
permittivity from the background, the linear fractional
conformal transformation is employed (9,10). The trans-
formation is between the two complex planes that define
the geometry for the eccentric and concentric inhomogene-
ities. As this transformation preserves Laplace’s equation,
solutions for each eccentric case are obtained using the
solutions of the corresponding concentric case.

To calculate the potential distribution caused by a
perturbation in conductivity in a small region, within an
otherwise uniform circular 2-D region, a different ap-
proach was proposed (2). Such a perturbation is modeled
as a dipole aligned in the direction of the incident induced
current (see Equation 29). The circular region is regarded

as a complex plane and first a simple expression for the
potential because a dipole at the center of the region is
obtained. Then the potential because of a dipole source at
any position within the region is found using the confor-
mal transformation. The dipole model was extended to
include displacement current effects to obtain separate
images of conductivity and permittivity distributions (6).

3.2. The Finite Element Method

For an arbitrary impedance distribution, Equation 19 and
20 can not be handled by SEM. Thus, a numerical
approach must be adopted. Numerical results based on
the finite difference approach was reported in Ref. 9 with
no details about the numerical formulations. Finite ele-
ment method (FEM) formulations for a 2-D conductive
body (ignoring permittivity information) were presented
in Ref. 4 and 11. Recently, a numerical formulation based
on the finite volume method (FVM) was also introduced
(7). In this section, the FEM formulation in Ref. 4 will be
introduced.

In the FEM, the region is divided into triangular
elements corresponding to a specific number of nodes.
On each element, conductivity is taken to be constant
and f is approximated as a summation of simple shape
functions and the nodal values off are the unknowns. If V
denotes the m � 1 vector of unknown scalar potentials at
the nodes, the following matrix equation has to be solved:

SðsÞV¼bðsÞ; ð46Þ

where s denotes the n � 1 vector of element conductiv-
ities, S is a sparse m � m matrix whose entries depend on
the element geometries and element conductivities, and b
is the m � 1 vector incorporating interface conditions as
well as boundary conditions. The solution for the scalar
potential distribution can be obtained by calculating the
inverse of S provided that a row and column of S and b are
modified to specify the potential value of a reference node.
For a 16-electrode system, the 15 � 1 vector of surface
potential differences is denoted by g and related to V
through a matrix C by the equation

g¼CV: ð47Þ

The numerical solutions obtained for uniform and non-
uniform (concentric) objects were compared with the SEM
solutions, and it was observed that surface potential
differences are correct to within 1% (4).

4. DISTINGUISHABILITY ANALYSIS

Distinguishability of an EIT system was defined as the
system’s ability to detect the conductivity difference of an
inhomogeneity from the background (12). In the same
study, the current patterns applied from the body surface
that maximize the distinguishability of a concentric in-
homogeneity were studied. The distinguishability of a
discrete coil ICEIT system for concentric and eccentric
inhomogeneities was explored in Refs. 13 and 14.
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In ICEIT, the number of independent voltage measure-
ments is usually increased by using coils of the same size
and shape (circular) at different locations with respect to
the body. An alternative coil configuration was proposed to
strengthen the currents in the central region (a discrete
coil configuration with two current-carrying wires placed
on a circular path) (15). The currents in the wires have
1801 phase difference. In the discrete current ICEIT
system proposed in Ref. 13, the number of coils are
increased whereas the individual coil currents can be
changed to apply different magnetic field patterns. Thus,
the current distribution inside the object can be controlled
without moving the coils. For a six current-carrying wire
following a circular path around the circular object, the
optimum coil currents were explored to maximize the
distinguishability.

Potentials for a uniform circular object V1 and a
circular object with concentric inhomogeneity V2 are
calculated using the SEM presented earlier. The difference
Vd¼V2 � V1 as a function of angular position y is then
obtained (13) as

V2ðyÞ � V1ðyÞ¼
X

1

m¼1

�2mRmþ 1

1þ mR2m
f½Rm�1Cm

� Em�cosmyþ ½Rm�1Dm � Fm�sinmyg;

ð48Þ

where the parameters defined earlier are defined as s2¼ 1,
R2¼ 1, s1¼s, R1¼R, and m¼ (s� 1)/(sþ1). The series is
truncated at m¼ 5 for an error of less than 1% in solu-
tions. The concentric inhomogeneity that produces this
difference is distinguishable if the difference is larger than
the measurement precision. Optimum coil currents under
the constraints of limited peak coil current and limited
total power were determined (13). It was observed that the
cosine drive is the best for the case of total power con-
straint and opposite drive is better for the limited peak coil
current case. Note that the opposite drive found theoreti-
cally corresponds to the alternative coil configuration
proposed in Ref. 15.

The same problem was also investigated for the general
case of an eccentric circular inhomogeneity (14). The
conformal transformation was used to convert the ec-
centric circular inhomogeneity to a concentric inhomo-
geneity problem that can be solved using the SEM
discussed above. It was shown that the best current is
related to the cosine drive when the power is limited and
to the opposite drive when the peak coil current is limited.
It was also noted that, as the inhomogeneity gets closer to
the object boundary, the best current pattern approaches
to a uniform distribution.

5. THE INVERSE PROBLEM

The ultimate goal of ICEIT is to obtain conductivity and
permittivity images from the surface voltage measure-
ments. In theory, the voltage measurements are because of
the two terms of the electric field: the magnetic vector
potential and gradient of the scalar potential as given in

Equation 17. In practice, the measurement cables gener-
ate an interference term in the measurements because of
time varying flux in the loop formed by the cables and
conducting body. However, because of difficulties in pre-
cisely controlling this term, which depends on how the
electrode cables are placed, changes in v are usually
measured, which brings the limitation that only the
impedance perturbation compared with a reference can
be imaged. An image formed in this way is termed a
referenced image. To obtain a reference dataset, either
measurements from a uniform body phantom with the
same electrode positions or solutions of a numerical model
can be used. As it is difficult to form a uniform body
phantom and numerical solutions are time-consuming,
the reference set can be chosen as the previous dataset.
Consequently, temporal changes are measured yielding
dynamic images. For low-frequency applications, the term
related to the magnetic vector potential distribution does
not reflect information about changes in the impedance
distribution. Thus, the changes in the boundary voltages
depends only on the changes in the rf field as given in
Equation 31.

One approach for image reconstruction in ICEIT is the
backprojection algorithm based on similar assumptions
used for ACEIT systems (2,6,16). In this approach, the
body to be imaged is a 2-D circular region and the initial
reference impedance distribution is assumed uniform. The
backprojection approach was first applied to reconstruct
only the conductivity images (2). The equipotentials deriv-
ing from the dipole (pixel) location and terminating at the
periphery are obtained. The largest peripheral potential
gradient occurs where the equipotentials normal to the
direction of the dipole reach the periphery. The value of
the measured voltage for the corresponding electrode pair
is assigned to that pixel. This process is repeated for all
pixels and current distributions.

A small perturbation Ds and De in conductivity and
permittivity distributions is modeled as a dipole with
quadrature components aligned in the direction of the
incident (initial) induced current. The resultant voltage
profiles have real and imaginary components that are
linearly related to both Ds, De, and a quantity k, which
is the ratio of the average permittivity to the average
conductivity. In general, to produce separate conductivity
and permittivity images, weighted backprojections of each
of these voltage components are superimposed. It was
noted that for many situations of clinical interest,k{1,
which yields a straight-forward separation of the conduc-
tivity and permittivity information. In such a case, one
component of the measurements is used to produce con-
ductivity images and the other one is used to reconstruct
permittivity images.

The backprojection algorithm is based on the sensitiv-
ity calculations for a uniform circular region. If the for-
ward problem is solved once for that simple geometry, very
fast inverse problem solutions can be obtained. For bodies
of arbitrary cross section, a sensitivity matrix approach is
proposed with a well-established mathematical formalism
(4).

To obtain an equation relating the changes in the
measurements g to the perturbation in s for a specific
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coil configuration, Equation 27 is rewritten using s� s0 in
place of Ds, as

r � ðs0rðDfÞÞ ¼ � ½r � ðsrf0Þ � r � ðs0rf0Þ� � o½~A

� rs� ~A � rs0�: ð49Þ

The discretized version of the above equation using the
FEM can be written as:

Sðs0ÞDV¼ � ½SðsÞV0 � Sðs0ÞV0� � ½bðsÞ � bðs0Þ�; ð50Þ

which is equivalent to

Sðs0ÞDV¼ �
@

@s
½SðsÞþbðsÞ�js¼s0

Ds: ð51Þ

To obtain only the changes of the surface potential
differences, the matrix C, introduced in Equation 47, is
used. Thus, the linear system of equation relating Ds to Dg
is

Dg¼ �CSðs0Þ
�1 @

@s
½SðsÞþbðsÞ�js¼s0

Ds: ð52Þ

Similar expressions can be obtained for different coil
configurations (primary magnetic fields). The linear sys-
tem of equations relating Ds to the change in measure-
ments DG for all excitations can be expressed as:

DG¼RDs; ð53Þ

where R is named as the sensitivity matrix. Properties of
the sensitivity matrix defined for nine and three circular
coils around the body are investigated in detail in Ref. 4.
The least-squares solution for Ds can be found using the
truncated pseudo-inverse Rw of R to take into account
possible noise contributions to the measurement vector
DG. The method must be applied iteratively updating the
conductivity sk after kth iteration (i.e., skþ1

¼ skþDsk).
Ruan et al. (11) implemented the Newton–Raphson

method based on the procedure developed by Woo et al.
(17) for the ACEIT. The objective function of the mini-
mization problem is defined as follows:

FðsÞ¼
1

2

X

M

i¼ 1

oiðfiðsÞ � viÞ
2
¼

1

2

X

M

i¼ 1

oir
2
i ; ð54Þ

where vi is the ith voltage measured between two electro-
des and fi (s)is the corresponding voltage obtained from
the FEM solutions, oi is a weight for the ith measurement,
and M is the total number of measurements. The weights
oi are chosen as the reciprocal of the variance of the ith
measurement, estimated by making repeated voltage
measurements. Minimization of the objective function
with respect to s leads to the following normal equation
for the change in conductivity Dsk at the kth iteration:

HDsk¼ � JTWr: ð55Þ

The Hessian matrix H can be expressed as

H¼JTWJþM; ð56Þ

where J is the Jacobian matrix defined as

½Jij� ¼
@fi
@sj

ð57Þ

and evaluated for sk. M contains the products of the
residuals ri, weights oi, and second derivatives of fi with
respect to conductivity. Assuming that the algorithm
converges to a solution, M is neglected as residuals
become zero near the solution. Thus, the approximate
Hessian matrix is

~H¼JTWJ: ð58Þ

Using this approximation, Equation 55 reduces to the
following:

JTWJDsk¼ � JTWr: ð59Þ

As the Hessian matrix is ill-conditioned, two different
regularization methods (the Levenberg–Marquardt
method and the Hachtel’s Augmented matrix method)
are applied to reduce its condition number.

Note that the sensitivity matrix R in Equation 53
corresponds to the Jacobian matrix J used in the above
approach. When the approximate Hessian matrix is used
and the weighting matrix is chosen as the identity matrix,
then Equation 59 reduces to the following:

JTJDsk¼JTDGk; ð60Þ

where � r is replaced with DG and evaluated at the kth
iteration, which is the normal equations form of Equation
53. As the condition number of the Hessian matrix is the
square of the condition number of the Jacobian matrix,
rather than solving Equation 60, Equation 53 can be
solved.

6. EXPERIMENTAL SYSTEM

A number of experimental systems have been developed to
reconstruct images using real data (2,5,6,11,18). The main
characteristics of these systems are the same except for
minor differences. Figure 2 shows the six-coil experimen-
tal system and the associated instrumentation presented
in Ref. 18. The system consists of two separate parts, one
for driving the coil current and the other for measuring
the voltages.

The drive system has a 50 kHz sine wave generator, a
power amplifier and computer-controlled multiplexing
circuitry to select the drive coil. Each coil can be tuned
to 50 kHz by a single series capacitance. The amplitude of
the current provided by the power amplifier is controlled
by the input voltage signal, which is applied by a signal
generator and monitored by observing the voltage across a
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resistor. The current amplitude can be adjusted to be
500 mA (peak). The coils are made of copper wires of
radius 1 mm.Each coil has 10 turns with a radius of
23.5 cm.

Voltage measurements are performed by means of 16
brass electrodes mounted equidistantly around a circular
dish of radius 13 cm made of plexiglas. The dish contains
saline solution for the reference measurements, and a
perturbation in the conductivity is introduced by placing
an insulating delrin disk in the solution. Coils surround-
ing the dish are angularly displaced and centrally offset by
6.5 cm.

For each coil drive, 16 voltage samples are brought to
the buffers by screened cables that are driven by the signal
line on the buffer side. The outputs of 16 buffers are
connected to the inputs of the two analog multiplexer/
demultiplexer units whose selectable inputs can be con-
trolled by the PC. For each coil drive, 16 adjacent electrode
pairs are selected to provide 16 measurements. The vol-
tage between the two selected electrodes is measured by
an instrumentation amplifier (differential mode gain is 50,
common-mode gain 0.01 at 50 kHz). The output of the
instrumentation amplifier is fed to an active filter that has
a quality factor of 4 and unity gain. The quadrature
component of the voltage measurement is obtained by
means of a phase-sensitive detector whose reference is
obtained from the power amplifiers’s monitor resistance
and shifted by 901. The output of the phase-sensitive
detector is low-pass filtered and fed to an A/D converter
in the PC.

To improve the signal-to-noise ratio, each measurement
is repeated 10 times, and the average value obtained by
software is recorded. The difference of the datasets col-
lected for uniform and nonuniform conductivity distribu-
tions are used for image reconstruction.

To understand the performance of the data acquisition
system, the measured and calculated changes in the data
profiles were compared and it was shown that the data
acquisition system is capable of providing data that closely
follows the theoretically expected data profile (18).

Four sets of data were collected by placing a delrin disk
along a radial line at different locations in the saline
solution (18). Figure 3 shows the images reconstructed
using truncated pseudo-inverse. When the delrin disk is at
its closest location to the dish boundary, the location of
delrin is incorrect and the delrin is reconstructed with a
smaller size. For all other cases, the locations of the delrin
disks are correct, but spread exists in their sizes.

7. EVALUATION

ICEIT is an alternative method to image the electrical
impedance of body tissues. It eliminates the problems
associated with attaching a large number of electrodes to
the body surface and allows the design of new coil config-
urations and measurement strategies for better imaging
performance. One disadvantage of ICEIT is the induced
electromotive force in the measurement cables, which
should be minimized by orienting the cables appropriately
and keeping them rigidly fixed during the measurements.
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Host
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Figure 2. Block diagram of the ICEIT measurement system.
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Figure 3. Reconstructed images for the conductivity perturba-
tion obtained by placing a delrin disk (dashed circle) in a saline
solution. The disk is placed at (A) 2 cm and (B) 4 cm away from the
right edge of the circular disk.
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ICEIT introduces current patterns in the body that
spatially differ from the patterns of ACEIT. If both excita-
tion methods are combined, it may yield more independent
measurements and hence better image resolution for a
given number of electrodes attached to the body surface.
In a recent study, a new impedance imaging method, the
electromagnetic impedance tomography (EMIT), was pro-
posed that use the magnetic measurements in addition to
the conventional voltage measurements (19). In EMIT, the
data collection scheme is somewhat different from the one
proposed here, but it is a good indication of possible
improvements that can be obtained using hybrid techni-
ques.

The theoretical, numerical, and experimental studies
show that ICEIT is a promising new imaging modality.
Research on this topic must be continued to improve this
method in all aspects. Specifically, the signal-to-noise ratio
in the measurements must be increased. 3-D numerical
models must be developed to reconstruct the impedance
images of 3-D objects. Multi-frequency systems will defi-
nitely increase the capabilities of this technique for clin-
ical applications.

The applications of ACEIT seems to be also appropriate
for ICEIT. A computer simulation for monitoring brain
cryosurgery shows that ICEIT has certain advantages
over existing monitoring methods, like local thermometry,
local impedancemetry, ultrasound, or MRI (7). The
method was also shown to be much more sensitive com-
pared with ACEIT, as there is no masking effect of the low-
conductive skull (20).
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1. INTRODUCTION

The effects of electrical current in the human body have
been known for many years. The first electrical phenom-
enon that humans noticed was the discharge of electric
fishes. An ancient Egyptian hieroglyph of 4000 B.C. de-
scribes the electric catfish (malapterurus electricus) as a
fish that ‘‘releases the troops.’’ Some centuries later, peo-
ple began to use the electricity with therapeutic purposes.
Greek and Roman physicians used torpedo fishes (electric
ray, capable of generating electric discharges up to 150 V)
to treat some diseases. The electric fish were the only
‘‘electrotherapeutic devices’’ until the seventeenth century
when systematic application of electromedical equipment
for therapeutic use started and different kinds of electrical
stimulation appeared after the discoveries of Benjamin
Franklin (static electricity), Luigi Galvani (direct cur-
rent), Michael Faraday (induction coil shocks), and Jac-
ques Arsène d’Arsonval (radio-frequency current) (1).
Since then, the relationship between electricity and med-
icine has became closer everyday, and nowadays it is al-
most impossible to imagine a medical device for therapy or
diagnostic purposes that does not use electricity. But elec-
tricity can be dangerous, so electrical safety is one of the
main concerns when designing medical devices.

2. EFFECTS OF ELECTRICAL CURRENT IN THE HUMAN
BODY

The effects of electrical current in the human body depend
on several factors: the current intensity, the applied volt-
age, the kind of current (alternate current or direct cur-
rent), the waveform, the frequency, the time of current
flowing through the body, and the path followed by the
current inside the body. Severe electric shocks are almost
always associated with alternating currents, but direct
current can be dangerous too.

The physiological effect of electrical current in the body
is called electrical shock. Regarding the current intensity
through the body, two kinds of electrical shock can be dis-
tinguished:

Macroshock: An electrical current applied externally
enters into direct contact with the body. The macroshok
can be produced by any electrically powered device like
lighting systems, electrical appliances, medical devices,
and so on, and its effects go from only a tingling sensation
to a ventricular fibrillation depending on the current in-
tensity and the path followed by the electrical current.
Usually, it is related to large currents.

Microshock: The electrical current usually enters into
contact with an organ inside the body, typically with the
heart. The effects are more dangerous than those from a
macroshok (ventricular fibrillation, muscle and nerve
stimulation, failure of heart pumping function). The cur-
rents paths for microshock are pacing wire and saline flu-
ids (that are conductive) from drips, so microshock is most
likely to occur in hospitals.

The physiological effects of mains frequency (50/60 Hz)
currents applied externally depend on the current inten-
sity:

* Below 1 mA: Nonperceptible.
* 1 to 3 mA: This is the perception threshold. The ef-

fects for this current intensity are only a tingling
sensation.

* 3 to 10 mA: Painful shock. Some people cannot let go.
* 10 mA: This intensity level usually produces muscle

tetanization (lost of control of muscle contraction).
People cannot let go at will.

* 25 to 30 mA: Asphyxia by respiratory arrest because
of the tetanization of respiratory muscles.

* 75 to 100 mA: If the current goes across the heart, it
could produce ventricular fibrillation, cardiac arrest
from to the loss of the heart pumping function, and
probably death.

* Higher levels of current could produce severe burns
and permanent damage of nerve and muscles.

Direct currents also have an effect on the human body.
The application during long periods of time of high current
intensities (greater than 200 mA) can produce deep burns.
High-frequency currents (higher than 1 kHz) are less haz-
ardous than the mains frequency (50/60 Hz) currents.
Also, when increasing the frequency (from 1 kHz), the
hazardousness of electrical current decreases.

3. MEDICAL DEVICES CLASSIFICATION

Medical devices are a heterogeneous group ranging from
clinical thermometers to pacemakers. It is not feasible
economically nor justifiable in practice to subject all med-
ical devices to the most rigorous conformity assessment
procedures available. A graduated system of control is
more appropriate. In such a system, the level of control
corresponds to the level of potential hazard inherent in the
type of device concerned (2). The classifications are differ-
ent depending on the country. European directives estab-
lish four different classes for medical devices:

Class I: The class of the lowest risk because there is no
interchange of energy with the patient. This class in-
cludes, for example, wound strips, hospital beds, cervical
collars, corrective glasses, stethoscopes for diagnosis, eye
occlusion plasters, conductive gels, noninvasive electrodes
(electrodes for electroencephalography or electrocardiog-
raphy), syringes without needles, handheld mirrors used
in dentistry, and scalpels.

Class IIa: The class that increases the risk, because the
devices involve more risk than those in class I but less risk
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than devices in class IIb or III. Examples of devices in
class IIa are adhesives for topical use, contact lenses, uri-
nary catheters, needles of syringes, dental filling materi-
als and pins, muscle stimulators, hearing aids, magnetic
resonance equipment, electrocardiographs, and x-ray
films.

Class IIb: These devices have higher risk than classes I
or IIa, but lower risk than class III. Some examples of de-
vices in class IIb are hemodialysis concentrates, dressings
for severe pressure wounds, brachytherapy devices, pros-
thetic joint replacements, lung ventilators, incubators for
babies, electrosurgical units including its electrodes, ex-
ternal pacemakers, external defibrillators, therapeutic x-
ray sources, and intensive care monitoring and alarm de-
vices.

Class III: This class includes the medical devices of
highest risk. Examples of devices in this class are contra-
ceptive intrauterine devices, biological heart valves, an-
eurysm clips, vascular prostheses, spinal and vascular
stents, central nervous system electrodes, cardiovascular
sutures, and cardiovascular catheters.

The Annex IX of Medical Devices European Directive
provides the rules for classification. Guidance documents
are also provided by the European Union (EU) DG Enter-
prise Directorate G for classifying medical devices (2).

In the United States, the Food and Drug Administra-
tion (FDA) has established classifications for approxi-
mately 1700 different generic types of devices and has
grouped them into 16 medical specialties referred to as
panels. Each of these generic types of devices is assigned
to one of three regulatory classes based on the level of
control necessary to assure the safety and effectiveness of
the device. Device classification depends on the intended
use of the device and on the indications for use. The clas-
sification is also risk based. An online classification da-
tabase (3) helps the manufacturers in the classification of
medical devices. The FDA classification system differs sig-
nificantly from that of the European Union.

4. MEDICAL DEVICES SAFETY STANDARDS

Electrical safety aspects are regarded in the medical de-
vices safety standards. Every country has its standards
(the standards under the umbrella of the medical devices
directive (MDD), the active implantable medical devices
directive (AIMDD), and the in vitro diagnostic directive
(IVDD) in Europe; the FDA regulations and AAMI and UL
standards in the United States; the CSA standards in
Canada; and the Therapeutic Goods Act in Australia).
Most of these standards are based on the IEC 60601 fam-
ily of standards from the International Electrotechnical
Commission (IEC)

The aim of medical device safety standards is the pro-
tection of patients and medical staff from several dangers
like mechanical hazards, electric shock, unwanted or ex-
cessive radiation hazards, ignition of flammable anes-
thetic mixtures hazards, and excessive temperatures.
The clauses of the IEC 60601-1 standard regarding elec-
trical safety are in section 3: protection against electric
shock. Nevertheless, other risks, like mechanical, can

have an influence of the electrical safety aspects; for ex-
ample, if there is a sharp edge of a metallic enclosure in-
side a device, it can damage the insulation cover of an
electrical wire, and the enclosure voltage could increase to
a hazardous value so almost all aspects of a safety medical
device standard must be considered when thinking in
electrical safety aspects.

The IEC 60601 family standards have the following
structure:

General Standard:

IEC 60601-1: Medical electrical equipment—Part 1:
General requirements for safety.

Collateral standards:

IEC 60601-1-1: Safety requirements for medical elec-
trical systems

IEC 60601-1-2: Electromagnetic compatibility—Re-
quirements and tests

IEC 60601-1-3: General requirements for radiation pro-
tection in diagnostic x-ray equipment

IEC 60601-1-4: Programmable electrical medical sys-
tems

IEC 60601-1-8: General requirements, tests, and guid-
ance for alarm systems in medical electrical equip-
ment and medical electrical systems

Particular standards:

IEC 60601-2-xx: These particular standards are in re-
gard to several differential characteristics of specific
types of medical equipments. The contents of these
particular standards could modify specific clauses of
the general standard or of a collateral standard. For
example, the IEC 60601-2-3 standard (particular re-
quirements for short-wave therapy equipment) sets
particular working conditions for the measurement
of leakage currents (with the radio-frequency gen-
erator powered but without the output activated), or
the IEC 60601-2-27 standard (particular require-
ments for the safety of electrocardiographic moni-
toring equipment) reduces the applied part
classification only to the CF applied part.

Essential performance requirements standards:

IEC 60601-3-xx

Other standards are also focused on the safety of med-
ical devices that do not come directly from the IEC family,
for example, EN ISO 14971: 2000 (Application of risk
management to medical devices) provides the guidelines
to follow when performing a medical device risk analysis.

5. ELECTRICAL SAFETY TOPICS IN MEDICAL DEVICES
STANDARDS

The safety aspects of medical devices are related to the
equipment class defined in IEC 61140 (4). The IEC 60601-
1 standard considers the following equipment class (5),
with regarding to protection against electrical shocks:
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Class I: Electrical equipment in which protection
against electric shock does not rely on basic insula-
tion only, but which includes an additional safety
precaution in that means are provided for accessible
parts of metal or internal parts of metal to be pro-
tectively earthed.

Class II: Electrical equipment in which protection
against electric shock does not rely on basic insula-
tion only, but in which additional safety precautions
such as double insulation or reinforced insulation
are provided, there being no provision for protective
earthing or reliance on installation conditions.

Medical devices also have parts in direct contact with
the patient, and a classification exists for these parts:

F-type isolated (floating) applied part: An applied part
in which the patient connections are isolated from
other parts of the equipment to such a degree that
no current higher than the allowable patient leak-
age current flows if an unintended voltage originat-
ing from an external source is connected to the
patient, and thereby applied between the patient
connection and Earth.

Type B applied part: An applied part providing the
lowest degree of patient protection of all types of
applied parts. It is not suitable for direct cardiac ap-
plication. The patient connections of a type B ap-
plied part may be either protectively earthed,
connected to Earth but not protectively earthed, or
floating but not isolated from Earth to the degree
that would be required for a type BF applied part.

Type BF applied part: An F-type applied part that pro-
vides a higher degree of protection against electric
shock than that provided by type B applied parts.
This protection is achieved by isolating the patient
connections from earthed parts and other accessible
parts of the equipment, thus limiting the magnitude
of current that would flow through the patient in the
event of one fault originating a voltage cross the pa-
tient connections. Type BF applied parts are not
suitable for direct cardiac applications.

Type CF applied part: An F-type applied part providing
the highest degree of protection against electric
shock. This protection is achieved by increased iso-
lation of the patient connection from earthed parts
and other accessible parts, and by limiting the mag-
nitude of possible current flow through the patient.
Type CF applied parts are suitable for direct cardiac
application in the aspects regarding patient leakage
currents.

The standards regard the protection against electric
shock in normal conditions and in single fault conditions.
The equipment must continue being safe after one fault,
which is based on the low probability of occurrence of two
simultaneous single faults. This low probability is attrib-
utable to the existence of double protection means, over-
size design, and periodic inspections to detect possible
faults.

The protection against electric shock is based on main-
taining the voltage between accessible parts or between
one accessible part and Earth and the associated currents
low enough to prevent patients and operator from haz-
ards, in normal conditions and in a single fault condition.
This principle can be achieved by the separation of acces-
sible parts from hazardous parts, maintaining the volt-
ages, energy, and leakage currents below the acceptable
limits, protective earthing, enclosing or guarding of ener-
gized circuits, and using insulation of adequate quality
and construction.

5.1. Limitation of Voltage or Energy

A limitation exists for the equipment or its parts con-
nected to a power source by means of a plug. The voltage
between the plug pins or the one plug pin and the enclo-
sure 1 s after the disconnection must be lower than 60 V, or
if this value is exceeded, the stored charge does not exceed
45 mC. This limit also applies to the conductive parts of
internal capacitive circuits that become accessible after
the equipment has been deenergized and the access cover
has been removed.

5.2. Enclosures and Protective Covers

The equipment enclosure and covers provide, among other
things, protection against the contact of patient or opera-
tor with parts at hazardous voltages. This protection is
tested with a finger test defined in the standard. The en-
closure could be either metallic (class I equipment) or
made of insulating material. It must comply with the me-
chanical (expelled parts, instability, sharp corners and
edges, etc.) and thermal (excessive temperatures) safety
requirements and fulfill the requirements of fire-proof en-
closure if necessary.

5.3. Separation of Parts

In medical equipment, hazardous parts must be separated
from accessible parts and from applied parts to prevent
electrical shock. To fulfill this requirement, two means of
protection must be provided. One possibility is to provide a
combination of protective earthing and a basic insulation
or a double (preferred) or reinforced insulation.

To ensure the correct separation of parts, creepage dis-
tances and air clearances must be maintained. Creepage
distances and air clearances are dimensions that relate
the potential breakdown paths between live parts and
other components. The creepage distance is defined as the
shortest distance along the surface of the insulating ma-
terial between two conductive parts (6). The air clearance
is the shortest distance between two conductive parts
trough the air. When two conductive parts are separated
by a dielectric medium, there is a potential rupture path of
the isolating material. The minimum distances that must
be left to avoid this rupture depend on several factors: the
environment where the medical device will work (pollu-
tion degree and altitude), the voltage between the conduc-
tive parts, the kind of isolating material (specified by its
current tracking index), and the installation category
(that depends on the nominal supply mains voltage). Fig-
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ure 1 shows the qualitative evolution of creepage dis-
tances and air clearances with these factors.

The standard provides tables for creepage distances
and air clearances and several rules for measuring these
dimensions in different circumstances.

5.4. Protective Earthing

Earth is a conductor, and people are in contact with it. The
human body could also be considered more or less a con-
ductor. For instance, if somebody touches an object at a
different voltage from that of the earth (the earth voltage
is considered a reference potential, so it is zero), a current
will circulate from this object to Earth through the human
body; thus, a shock hazard exists.

To avoid this hazard, the metallic objects should be
connected to Earth. The connection of metallic parts to
Earth for protection purposes is known as protective ear-
thing. The connection to Earth provides a path for fault
currents (and the operation of protective systems) and
maintains the metallic parts to a potential close to that of
the earth. Figure 2 illustrates this concept.

In general, the metal accessible parts of class I medical
equipment shall be connected permanently by means of a
low-impedance connection (whose value is fixed by the

standard to 100 mO or 200 mO depending on the condi-
tions) to the protective earth terminal. Also, the metallic
parts behind a decorative cover with not enough mechan-
ical strength must be earthed.

The standard provides the measurement method for
earthing impedance and directions for earthing.
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5.5. Leakage Currents and Patient Auxiliary Currents

The effect of electrical current in the human or animals
depends on several factors (value of the electrical current,
its frequency, the time that the current flows through the
body, and the path followed by the current, among others).
Also, the degree of stimulation varies from person to per-
son.

Currents of low frequency flowing directly into or
through the heart considerably increase the danger of
ventricular fibrillation. For currents of medium or high
frequency, the risk of electric shock is less or negligible,
but the risk of burning remains.

The sensitivity of the human or animal body to electric
currents, depending on the degree and nature of contact
with the medical equipment, leads to a system of classifi-
cation that reflects the degree and quality of protection
provided by the applied parts. The requirements for max-
imum permitted values of leakage and patient auxiliary
currents are set, taking in to consideration this classifica-
tion.

The standard provides a measuring device whose fre-
quency characteristics take into account the different level
of hazard regarding the frequency of the current, which
allows larger currents as the frequency increases, with an
absolute limit of 10 mA.

Four different kinds of current are considered in the
standard:

Earth leakage current flows from the mains part
through or across the insulation into the earth (see
Fig. 3). The standard sets the limits for this current
to 0.5 mA in normal conditions and 1 mA in single
fault conditions when measuring the current with
the defined measurement device. There are some
modifications of these limits for permanently in-
stalled equipment (5 mA in normal conditions and
10 mA for single fault conditions), and for portable
equipment (2.5 mA in normal conditions and 5 mA in
single fault conditions).

Touch current or enclosure current is the current flow-
ing from the enclosure or from one of its parts (ex-
cluding patient connections) accessible to the
operator or patient in normal use, through an exter-
nal path other than the protective earth conductor,
to Earth or to another part of the enclosure. Figure 4

shows a model for touch current.
Although the touch current flows from parts other

than patient connections, it can reach the patient by
chance contact through various paths, including a
path via the operator. The limits for the touch cur-
rent are 100mA in normal conditions and 500 mA in
single fault conditions.

Patient leakage current flows from the patient connec-
tions to Earth through the patient or originating
from the unintended appearance of a voltage from
an external source on the patient and flowing from
the patient via the patient connections of an F-type
applied part to Earth. Figure 5 shows the model for
patient leakage current.

The standard sets the limits for these currents,
taking into consideration the probabilities for caus-
ing ventricular fibrillation or pump failure. The val-
ues depend on different conditions. For example, for
a type BF applied part, the limits range from 100 mA
in normal conditions to 5000 mA when a maximum
voltage of the main appears on an applied part. For a
type CF applied part, the limits are 10 mA in normal
conditions and 50mA for single fault conditions.

Patient auxiliary current flows in the patient in normal
use between any patient connection and all other
patient connections. This current is not intended to
produce a physiological effect. For example, the pa-
tient auxiliary current is necessary for the equip-
ment to perform its function (electrical impedance
imaging, monitoring of respiration by impedance
changes) or for monitoring the correct operation of
the equipment (measuring the contact impedance of
electrodes) or that is which is related to the func-
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Figure 3. Earth leakage current.
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Figure 4. Touch current or enclosure leakage current.
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Figure 5. Patient leakage current.
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tioning of the equipment, like the bias current of an
amplifier for physiological signals. Figure 6 shows a
model for the patient auxiliary current.

The limits for patient auxiliary currents depend
on the type of applied part: For type B and type BF,
dc limits are 10 mA in normal conditions and 50 mA in
single fault conditions, and ac limits are 100mA and
500mA for normal conditions and single fault condi-
tions, respectively. For type CF applied parts, the
limits are 10 mA and 50 mA for normal conditions and
single fault conditions, respectively, both for dc and
for ac.

The standard provides measurement circuits for each
of these currents that simulate different kinds of single
fault failures, like the interruption of a power supply con-
ductor, the interruption of a single protective earth con-
ductor, and the presence of an external voltage on a metal
accessible part that is not protectively earthed.

5.6. Insulation

The insulation is a means of protection against electric
shock. In the standard, there are four different kinds of
insulation:

Basic: Insulation providing basic protection against
electric shock (7).

Supplementary: Independent insulation applied in ad-
dition to basic insulation to provide protection
against electric shock in the event of a failure of ba-
sic insulation (7).

Double: Insulation comprising both basic insulation
and supplementary insulation (8).

Reinforced: Single insulation system equivalent to a
double insulation.

The insulation is verified by means of a dielectric
strength test. The purpose of this test is to check all in-
sulation under the worst-case condition. The equipment is
submitted to a preconditioning treatment of humidity and
temperature (relative humidity of 93%73%. temperature
from þ 20 1C to þ 32 1C72 1C) for 2 days. Then the equip-
ment achieves its operating temperature, and a voltage
equal to or higher than 1000 V ac or 1500 V dc or peak
values is applied between the parts whose insulation
needs testing. The voltage values and the duration of the

test depend on the requirements of every particular stan-
dard.

5.7. Constructive Requirements

The standard also regards constructive requirements for
components, connectors, wires, cables, component layouts,
and so on.

6. MECHANICAL REQUIREMENTS

Some mechanical requirements in the medical devices
safety standards are directly related to the electrical
safety of the device, because its degradation can diminish
the protection against the electrical shock. For example,
enclosures made of materials with an insufficient mechan-
ical strength can diminish the clearance and creepage dis-
tances in the medical equipment, or a temperature
increase can reduce the strength of the material and pro-
duce the same effect.

The medical electrical equipment or its parts shall have
adequate mechanical strength and shall not present an
unacceptable risk because of molding stress or when sub-
jected to mechanical stress caused by pushing, impact,
dropping, and rough handling.

To fulfill these safety requirements, the standard pro-
vides the following tests:

* An inward force of 45 N is applied to the enclosure
over an area of 625 mm2, testing all its parts.

* All enclosure parts are tested with impacts on energy
of 0.5 J, applied with a special impact test tool defined
in the standard.

After these tests, the device must not produce a safety
hazard; that is, live parts must not be accessible and there
shall not be any reduction of creepage distances and air
clearances below those specified in the standard.

Handles of portable equipment are tested with a force
of four times the weight of the product. If there is more
than one handle, this weight is distributed between the
handles.

Handheld parts are submitted to a drop test from a
height of 1 m. Also, portable equipment is dropped de-
pending on its weight; for example, equipment weighing
less than 10 kg is dropped from a height of 5 cm. After
these tests, the equipment should not cause a safety haz-
ard; that is, it should comply with the requirements of the
standard.

Also, under the electrical safety point of view, moving
parts must be suitably guarded to prevent the damage of
insulating materials. Also, it is necessary to avoid the con-
tact of cables and wires with sharp edges to ensure the
integrity of insulating covers.

Excessive temperatures could produce modifications of
mechanical strength of insulating materials, reducing the
creepage distances and air clearances below the minimum
values specified in the standard.

ILIL

IpaIpa

Enclosure

Mains part

Figure 6. Patient auxiliary current.
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1. HISTORICAL DEVELOPMENTS AND ECG STANDARDS

This section describes historical development of the elec-
trocardiogram (ECG, the biopotential produced by the
heart) from an engineers point of view. Emphasis is put
on signal properties and standards providing the basis for
ECG mapping. For a basic description of the physiological
background of the ECG, the reader is referred to a stan-
dard textbook on physiology.

1.1. Standard Lead Systems

1.1.1. Einthoven Leads. The standard 12-lead system
used in daily routine is a result of historical development.
Around the year 1900, the Dutch physician Willem Einth-
oven used a string galvanometer to record for the first
time the ECG (signal amplitude in the order of 1mV) with
sufficient quality for diagnostic means. The electrodes con-
necting the galvanometer with the human body at a low
ohmic resistance were simple metallic pots filled with
salted water. The limbs were dipped into the electrolyte.
Thus, Einthoven proposed to use the potential difference
between the right and the left arm as lead I, the right arm
and the left leg as lead II, and the left arm and the left leg
as lead III. These signals are termed bipolar signals. They
reflect the potential difference of two distinct sites. Using
todays foam-patch or suction electrodes, the recording is
often taken from the shoulders and the left abdomen.

From an engineering point of view, it is an interesting
observation that the three Einthoven leads provide only
two linearly independent signals. It is evident from
Kirchhoff ’s voltage law, that for two given signals the
third signal can be readily computed. However, from a
clinical point of view, all three signals are needed. They
reflect three different projections of the cardiac bioelectric
activity, which in the far field (limbs) can be approximated
by a dipole source (heart vector). When evaluating the
ECG with the naked eye, it is indeed helpful to display
linearly dependent information.

1.1.2. Goldberger Leads. For obtaining three more pro-
jections of the heart vector, the Goldberger leads have
been introduced. They have no relevance for mapping and,
thus, are not discussed here.

1.1.3. Wilson Leads. Around the year 1930, Frank N.
Wilson and coworkers from the University of Michigan
Medical School developed a vacuum tube amplifier record-
ing the ‘‘potential variations at a single electrode’’ placed
on the chest wall close to the heart. The ‘‘indifferent elec-
trode’’ was formed by connecting the three limb electrodes
via resistors to a common terminal (Wilson central termi-

nal, WCT). Assuming that the heart is a bipolar source
located at the center of Einthoven’s triangle, they showed
that the WCT indeed provides an ideal indifferent refer-
ence. The signal measured between a single exploring
electrode and an indifferent reference is termed an unipo-
lar signal. Unipolar signals are used for ECG mapping. In
a routine clinical setting, six unipolar Wilson leads, V1 to
V6, are recorded on the anterior and left lateral chest wall.
From a mathematical point of view, these six signals are
linearly independent. They reflect the change in signal
morphology from right to left and display relatively high
signal amplitudes as they are recorded close to the heart.

1.1.4. Other ECG Types. Pathological changes of the
signal morphology sometimes remain hidden when the
ECG is recorded at rest. One example is an ischemic
change because of coronary artery disease. Often, they
are observable only during physical stress. Another ex-
ample is an arrhythmic event that requires long-term
ECG recording (Holter ECG, event recorders). Technical
improvements made the quality of Holter and stress test
ECG more and more comparable with the resting ECG.
Another ECG signal type that is of tremendous clinical
importance are intracardiac electrograms obtained by
catheters or devices such as pacemakers or implantable
cardiac defibrillators (ICDs). From a scientific point of
view, a lot of effort was put in the measurement and in-
terpretation of the vectorcardiogram.

1.2. Technical Standards

1.2.1. Instrumentation. Interference with the electro-
magnetic field produced by power lines (typical 50Hz or
60Hz) require special circuits for obtaining high-quality
ECG data. Using shielded cables, the remaining dominant
source of noise is a common-mode voltage in all electrodes
in the order of volts. As a result of the high amplifier input
resistance needed for patient safety, active negative back
coupling of the common-mode voltage by a control loop is
necessary. The back coupling circuit is termed driven right
leg (DRL) circuit as the active mass electrode is applied on
the right leg or the right abdomen. Instrumentation re-
quires operation or instrumentation amplifiers with a
high common-mode rejection ratio (480dB) and low in-
put bias currents (o10nA). Typical amplifications are in
the order of one thousand. Today, practically always an
analog-to-digital (AD) conversion of the signal is per-
formed. For clinical routine applications the resolution of
the AD converter is o10 mV at a measurement range of at
least 75mV (body surface ECG).

1.2.2. Filtering. Following a recommendation of the
American Heart Association (AHA), the body surface
ECG should be bandpass-filtered from 0.67Hz to 150Hz
(1). The 150-Hz bandwidth defines a high quality level
that should be reached in scientific studies. For the pedi-
atric ECG, even a band width of 250Hz is recommended
(2). In clinical routine, the body surface ECG is typically
recorded with a smaller bandwidth. Sampling frequencies
between 100Hz and 1000Hz are used. Intracardiac elect-
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rograms are routinely filtered with a 30Hz to 400Hz
bandpass.

2. INTRODUCTION TO ECG MAPPING

ECG mapping or body surface potential mapping is de-
fined as an ECG recording with a significantly higher
number of (unipolar) leads than used by the standard 12-
lead system (typically 430). It is applied with the inten-
tion to map the signal on the entire body (torso) surface
(3). Additionally, it is requested that geometrical informa-
tion on the lead positions is available, which can be
achieved either by applying the electrode array according
to anatomical landmarks or by digitizing the electrode po-
sitions on the body surface.

In this section, basic considerations will be comple-
mented by 65-lead ECG mapping data recorded at the
University Hospital Innsbruck, Austria. A Mark 8 ampli-
fier (V.O.F. Biosemi, Amsterdam, The Netherlands) was
used. The electrode array has been developed at the Uni-
versity of Amsterdam (4). The Fastrak magnetic digitizer
(Polhemus Inc., Colchester, VT) was used for assessing
electrode locations.

2.1. Instrumentation

The technical data of top-level body surface ECG mapping
amplifiers provide much better performance than re-
quired by the AHA recommendations (e.g., Mark 8 ampli-
fier: bandwidth of 400Hz, sampling rate 2048Hz,
resolution 0.5mV), which might be explained by the fact
that body surface ECG mapping is used for scientific stud-
ies, and a tendency exists to use the most precise instru-
mentation for research. However, the full accuracy of
these devices is rarely needed. On the other hand, some
recommendations given by the AHA need to be adapted for
particular scientific applications. Below, some recommen-
dations for ECG mapping are listed, which constitute a
compromise between the AHA recommendations (in-
tended for a broader spectrum of ECG recordings) and
the currently most precise (but also most expensive) am-
plifiers available.

2.1.1. Recommendations. The bandwidth of 150Hz rec-
ommended by the AHA is sufficient. The resolution should
be o3 mV in a range of at least 76mV. The most crucial
parameter is the lower corner frequency. Note that the
AHA recommendation made in 1975 (0.05Hz) is more
than ten times smaller as the value recommended in
1990 (0.67Hz) (1). A too high value changes signal mor-
phology and small signal components (e.g., the U-wave or
atrial repolarization) become completely hidden by tran-
sient signal components produced by filtering. On the
other hand, a too small value results in extensive base-
line wander, and the long time constant results in an un-
acceptably long transient phase. A value of 0.2Hz is a good
compromise for most applications. Furthermore, one
should also consider the possibility to recover damped
low-frequency components by software based on the
known frequency response of the filter, which enables a

correction of the lower corner frequency to a smaller value.
Here, a high AD converter resolution is needed.

2.1.2. Active Electrodes. Today, amplifiers with active
electrodes [pre-amplification of the signal by a circuit in-
tegrated in the electrode (5)] are also available for map-
ping. These amplifiers can measure the true direct current
(dc) component of the signal and, thus, only a low pass
filter is needed. The choice of the high-pass corner fre-
quency becomes obsolete. However, the application of such
instrumentation is limited (e.g., when mapping should be
performed during an intervention in the heart catheter
laboratory active electrodes are not applicable as they are
not x-ray translucent and, thus, not compatible with stan-
dard anatomical imaging performed during the interven-
tion). Furthermore, active electrodes are multiuse devices
requiring elaborate cleansing after each application.

2.2. ECG Zero Definitions

A basic need when analyzing potentials is the definition of
zero. For routine diagnosis of the 12-lead ECG, it is per-
formed by naked eye (recognition of the isoelectric seg-
ment). For ECGmapping, the zero definition is much more
crucial and complex.

2.2.1. Zero Definition in the Temporal Domain. In the
standard ECG waveform (see, e.g., Fig. 3) all dominant
deflections (P-, R-, and T-wave) are positive. [In particular,
the equal polarity of R- and T-wave have been shown to be
because of heterogenic ionic current distributions
throughout the ventricular wall. Genetic disorders alter-
ing the normal ionic current distribution can lead to life-
threatening ventricular arrhythmias (6).]. As a conse-
quence, the ECG contains a direct current component,
which is remarkable, as the high-band filter applied for
minimizing baseline wander (because of varying electro-
chemical potentials produced by the electrodes) removes
dc. Most mapping applications require the accurate recov-
ery of dc. The standard approach is to use the knowledge
that the signal is zero in the isoelectric segment. Shifting
each channel by a properly chosen constant value the sig-
nal becomes zero in the isoelectric segment. Such a ma-
nipulation is termed baseline correction.

2.2.2. Baseline Correction. The isoelectric segment be-
fore the onset of the P-wave is the optimal choice for per-
forming baseline correction (7,8) (see Fig. 2). The additive
constant jBn of channel n is the negative potential value
�jn (tB) at the time step tB chosen for baseline correction.
If the signals are noisy, it is better to use the negative
mean of the potential jn in a short time interval of dura-
tion T. Good results are obtained if T is the inverse of the
power line frequency. In this case, power line noise does
not contribute to baseline correction. If long time intervals
or drifting channels are investigated drift models must be
applied. Here, linear drift models are the simplest and
most widespread approach (9). With increasing heart rate,
the isoelectric segment in front of the P-wave disappears.
An RR interval of about 600ms is the limit for using the
isoelectric segment for P-wave correction (10). For base-
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line correction of tachyarrhythmic activity, more sophisti-
cated methods are needed (11) (e.g., for atrial flutter the
mean of the potential in a complete flutter cycle (typical
duration 250ms) can be chosen to be zero). Care has to be
taken that no ventricular signal component is superim-
posed on the flutter wave (see Fig. 2). However, the opti-
mal approach for true dc recovery is using active
electrodes.

2.2.3. Noise. The baseline corrected isoelectric seg-
ment yields a good estimation of the noise level. Figure 1
shows an example with a typical signal quality obtained
by the setting specified above (unfiltered data). The ECG
map was recorded in a 50-year-old male patient without
structural heart disease who underwent catheter ablation
for the treatment of an atrioventricular (AV) nodal reen-
trant tachycardia [in this rhythm disorder, the AV node is
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Figure 1. Baseline correction in a 20ms inter-
val (i.e., the inverse of 50Hz) prior to P-wave
onset (vertical markers in all panels). Upper

panel: Butterfly plot of 63 channels. The global
peak-to-peak noise level is in the order of 30mV.
Middle panel: rms plot. The rms level in the
isoelectric segment is about 5 mV. Lower panel:
Channels 6 (right anterior location) and 31 (cor-
responding to V5, left anterior location) are
shown exemplarily for displaying different
noise level (see text).
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Figure 2. Baseline correction in the ab-
sence of a isoelectric segment. This situa-
tion requires methods tailored to the
actual situation. As an example, the 65-
channel ECG of a 63-year-old male pa-
tient with isthmus-dependent atrial flut-
ter is shown. The cycle length of the
flutter reentry circuit is 217ms. In this
patient, a remarkable slow AV conduction
(four to six flutter cycles per ventricular
beat) provides signal segments with sole
atrial activity. In the upper panel, Wilson
lead V1 is shown. A flutter cycle preceding
ventricular activation (vertical calipers) is
chosen and baseline correction is per-
formed by setting the mean potential dur-
ing the cycle to zero in each lead, which is
justified by the following theorem: As-
suming identical action potential shape
for all (atrial) cells, the integral over the
ECG in one cycle must yield zero (see sec-
tion on parameter and reference maps).
The lower plot shows a butterfly plot of all
leads during the flutter cycle at an en-
larged scale.
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split in two pathways: one of slow and one of fast conduc-
tion. This duality of the AV node provides the substrate for
a supraventricular tachycardia. During sinus rhythm, a
normal ECG (often with a short PQ interval) is observed].
Two channels out of 65 have been excluded from the anal-
ysis because of drifting. A butterfly plot of the remaining
63 leads displays a global noise level of about 30 mV peak to
peak. In this patient, a generally higher noise level was
observed on the right chest compared with the left, which
is illustrated by two channels displayed at the same scale.
A possible explanation is that a source of biological noise
(diaphragm, pectoral muscle, or gastric activity) produces
a higher noise level on the right for the shown time inter-
val. Potentials from biological sources outside the heart
can produce potentials in the order of 10 mV and are an
often underestimated source of noise. Power line interfer-
ence is not observable. A quantification of the noise level
can be calculated by computing the root mean square
rms(t) trace of the signals:

rmsðtÞ ¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1

N

X

N

n¼ 1

j2
i ðtÞ

v

u

u

t : ð1Þ

A rms noise level below 5mV is hard to reach because of
biological background activity.

2.2.4. Zero Definition in the Spatial Domain. In theory,
any reference for the potential is allowed as a particular
reference does not change in any way the biophysical in-
formation contained in the potential distribution (12).
From a physics point of view, the zero definitions simply
defines a meaningless additive constant. However, it is of-
ten overlooked that only in the spatial domain is it an ad-

ditive constant. If instead the location is fixed (one
particular lead) and the potential is observed over time
applying two different arbitrary zero definitions, the po-
tential traces are not only shifted by a constant but they
display a different morphology. Thus, the additive con-
stant depends on time (see Fig. 1), which is of clinical im-
portance as signals are mainly evaluated in the temporal
domain. Furthermore, parameter maps (e.g., QT disper-
sion), as described later, are sensitive to the choice of zero
(evaluation of the signal over time). Also, the comparison
of data from different sources (clinical facilities, laborato-
ries, computer models, etc.) requires an identical stan-
dard.

2.2.5. Standard References. The issues listed above
strongly recommend a standard reference for ECG map-
ping compatible with clinical standards (WCT) and re-
search tools such as computer models. Re-referencing
recorded data with an arbitrary reference by software to
a WCT is trivial, provided the limb potentials are included
in the map. Also, for computer models, proper tools for in-
corporating the WCT are available (13). Hampering stan-
dardization other references are in widespread use. The
simplest reference from the view point of instrumentation
is a far field reference lead. Here, a lead distant from the
heart (displaying thus low potential variation) is chosen as
reference. Typically, this lead is in the lateral right abdo-
men. Often, mapping amplifiers deliver the raw data us-
ing this reference recorded. Another popular way of
software re-referencing is choosing the mean of all poten-
tials at each time step to be zero, named common average
reference (CAR).

WCT

FFR

CAR

0.
5

m
V

0.1 s

(a) (b)

FFR-WCT

CAR-WCT

0.
25

m
V

0.1 s

Figure 3. Channel 31 (corresponding to Wil-
son lead V5) is displayed for the data shown in
Fig. 2. (A) Unipolar signal with the Wilson
central terminal reference (WCT), far field ref-
erence (FFR), and common average reference
(CAR). The principal morphology is the same
in all leads. (B) The difference of the FFR and
CAR trace with respect to the WCT is shown
at a magnified scale. Note the maximal abso-
lute difference of 500mV.
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2.2.6. Comparison of References. Figure 3 compares the
signal in Wilson lead V5 using the three references. Signal
morphology is similar in all three cases (positive P and T
wave, dominating R peak in the QRS complex). The abso-
lute differences, however, reach up to 500 mV (!). Note that
these differences enter all leads in the map. Thus, the
morphology of channels with a small amplitude is signif-
icantly altered by the choice of the reference. It should be
stressed again that the WCT is recommended for both vi-
sual and quantitative analysis of the data.

2.3. Linear Dependency of Signals

The simplest way for quantifying the information content
in a map containing a high number of channels is the
analysis of linearly independent signal components. How-
ever, note that mathematical measures of information as
such do not necessarily measure clinically useful informa-
tion. However, from an engineering point of view, splitting
the signal in linearly independent components is a basic
tool for understanding the challenge to extract as much
information from an ECG map.

First, the basic problem is explained by assuming that
three unipolar leads are placed close together on a line.
The electrode in the middle displays more or less the mean
potential of the other two. It is observed that the new in-
formation obtained by adding the middle electrode is not
given by the signal itself, but by the difference of the signal
with the mean of the other two leads. The closer the leads
are together, the smaller the difference becomes. In the
extreme situation that all three leads were recorded in the
same location, only the amplifier noise yields the differ-
ence. Thus, making a map denser and denser, the new in-
formation is more and more corrupted by noise.

2.3.1. Singular Value Decomposition. Mathematically,
linear dependence can be investigated by a singular value
decomposition (SVD). The rectangular data matrix U
holds the channels in its M rows and the time steps in
its T columns. The singular values are the (nonzero) roots
of the eigenvalues of UUT or UTU, where the superscripts
denotes the transpose. Singular values are, thus, positive,
generalized eigenvalues of rectangular matrices. Note
that in the application the singular values take the phys-
ical dimension volt. Writing the singular values in a M �
T diagonal matrix R, the eigenvectors of UUT in a M � M
orthogonal square matrix U and the eigenvectors of UTU
in a T � T orthogonal square matrix V, one obtains:

U¼USVT : ð2Þ

Many commercial software packages provide tools for
SVD.

2.3.2. Linearly Independent Signal Components vm. The
result of a singular value decomposition is illustrated by
Fig. 4. For selected indicesm, the columns vm of the matrix
V are plotted. They are linearly independent signal com-
ponents in the temporal domain. One can observe that v1
displays the principal ECG morphology with a dominant
R-peak, whereas v50 contains only noise. The associated

singular value corresponds to the global amplitude level of
the component in the map. The components v3 and v10
contain high-frequency signal components of the QRS
complex (time index around 200). With increasing index
m, the frequency content increases and the amplitude
level (reflected by the singular value) decreases. With in-
creasing index m, the components are more and more cor-
rupted by noise. Thus, low index components belong to the
signal space and components with a higher index to the
noise space. Components with an index greater than the
number of leads (63 in this example) are associated with a
zero singular value belonging thus to the null space. Split-
ting of signal and noise components is discussed below.
Furthermore, it should be stressed that the noise space
contains signal components at an amplitude level below
the precision of the recording system. Thus, it is a kind of
null space and many textbooks do not distinguish noise
and null space at all.

2.3.3. Biophysical Interpretation. The fast decay of the
signal components at low index m displays an important
property of the volume conductor (torso) surrounding the
heart. The torso is a spatial (and temporal) low-pass filter.
[The capacity of the cell membranes contributes to low-
pass filtering in the temporal domain, which is by far the
weaker effect than spatial filtering. A remarkable inter-
action exists between spatial filtering and the spectral
properties of the body surface ECG. For an activation
wavefront travelling in the myocardium, a step-like uni-
polar potential is observed when a region surrounding a
microelectrode is activated. In the far field, the temporal
change in a unipolar lead is much slower because of the
smoothed potential field. Thus, high-frequency compo-
nents appear damped.] Hence, the high intracardiac volt-
age gradients appear smoothed on the skin and the sharp
deflections in intracardiac electrograms become smoothed
ECG waves. Thus, temporal and spatial resolution is re-
duced on the body surface as the far field potential is
blurred. It is a striking observation that the standard ECG
providing the basis for thousands of diagnoses in daily
clinical routine provides only a coarse picture of cardiac
bioelectric function, and it is the fundamental challenge of
ECG mapping to retrieve the original picture based on a
dense map of body surface potentials.

2.3.4. Stochastic and Deterministic Noise. Stochastic
noise components (e.g., amplifier and discretization noise,
thermal noise of the body as a warm ohmic resistor) are
independent in each channel. Thus, a SVD of pure sto-
chastic noise will display only a modest decay of the sin-
gular values provided the noise level is the same in all
channels. Note that the slow decay of singular values for
high indices of m in Fig. 4 is because of stochastic noise.
Biological noise sources like, for example, a muscle tremor,
will produce correlated signal components in all channels.
Thus, it is a deterministic noise source. The noise level will
be greater in channels close to the source. A SVD only
coarsely separates biological noise from the cardiac signal.
One reason is that biological noise sources are not per-
fectly linearly independent from the cardiac signal. Fur-
thermore, the decomposition is made by a mathematical
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method that does not incorporate physiology. However, as
biological noise is of smaller amplitude as the cardiac sig-
nal, most of these noise components are found at interme-
diate indices m (e.g., signal component v10 in Fig. 4). Also
power-line interference is a deterministic source of noise
(periodic correlated signal component in multiple leads).

2.3.5. Effective Rank. The number of signal components
me contained in the signal space are termed effective rank
(i.e., the true number of linearly independent signals in
the map). Unfortunately, no gold standard for determining
the effective rank exists, because a perfect separation of
signal and noise cannot be achieved. An indicator for me

estimation is the corner of the semilogarithmic singular
value plot. Theoretically, the corner could be identified by
computing the point of maximal curvature. As the singu-
lar value plot is not a nice smooth function, the maximal
curvature yields only an estimation of the effective rank.
Furthermore, the morphology of the singular value plot is
altered when applying software (low-pass) filtering to the
raw data map. The high-frequency noise components are
damped and, thus, singular values of high index m also
display a fast decay (see Fig. 5). The corner in the plot
disappears.

A useful rule of thumb helps estimating the effective
rank particularly in the case that the map is low-pass fil-
tered. It uses the remarkable property that U and V are
orthogonal (i.e., the product of each matrix with its own
transpose yields the unit matrix). Thus, the Euclidian
norm of each column is one. As a consequence, the root
mean square of the coefficients in a column of V is 1/

ffiffiffiffi

T
p

and 1/
ffiffiffiffiffi

M
p

for U. Note that the mean absolute value of v50

in Fig. 4 is indeed in the order of 1/
ffiffiffiffi

T
p
¼ 1=

ffiffiffiffiffiffiffiffi

600
p

¼ 0:04.
From this estimation of the coefficient magnitudes one can
directly compare the noise level in the recorded data (e.g.,
rms-noise r, AD-conversion noise a) with the singular val-
ues. The noise levels r and a are multiplied by

ffiffiffiffiffiffiffiffiffi

MT
p

. In
Fig. 5, the noise levels are plotted together with the sin-

gular values. Signal components below the AD-conversion
noise level belong to the noise or null space. Signal com-
ponents above the rms background noise level belong to
the signal space. In between these two levels with increas-
ing index m, the signal becomes more and more corrupted
by noise. Note also that the corner of the singular value
plot of the raw data is in between these borders. The in-
tersection of a singular value plot with the two noise levels
yields a lower and an upper bound ml and mu for the ef-
fective rankme. The mean of these values is a guess for the
effective rank. For the example shown, 16 is obtained for
the raw data and 12 for the filtered data.

A more sophisticated method for estimating the effec-
tive rank is presented in Ref. 14. Also, this study found
that the effective rank is typically in the order of ten and
even arrays with several hundreds of electrodes provide
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Figure 4. Splitting of the signal into linearly
independent components by a singular value
decomposition. The upper right panel displays
the singular values sm as a function of the in-
dex m in a semilogarithmic plot. The remain-
ing panels display signal components v1, v3,
v10, and v50, which are shown exemplarily (see
text).
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Figure 5. Singular value plot of the raw data (bold solid line) and
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ner in the curve gets lost because of filtering. The horizontal nar-
row lines indicate the quantification noise level (0.5mV) and the
rms noise level (5.0mV, see text).
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only a modest improvement. Higher effective ranks can be
obtained if only the time interval of the QRS complex
(high amplitude an narrow deflections) is investigated.
Lower ranks are obtained for the P- and T-wave.

2.4. Mapping Arrays

2.4.1. Missing Standard. Unfortunately, no standardiza-
tion of ECG mapping arrays has been established, which
is remarkable as a lot of effort has been put in the defini-
tion of ECG mapping standards. [In 1993, a number of
European groups joined forces in the European Union-co-
ordinated action Noninvasive Evaluation of the Myocar-
dium (NEMY). The purpose of NEMY was to create
harmonized methods for cardiothoracic mapping and mod-
eling.] A possible explanation for the broad spectrum of
ECG arrays is that ECG mapping is mainly applied in
scientific studies. Here, the specification depends on the
scientific goals and often in-house developed hardware is
used as an alternative to the few commercially available
systems. A detailed comparison of mapping arrays can be
found in Ref. 15. Figure 6 displays some electrode arrays.
The number of leads used by the arrays varies (32 to 219)
by almost an order of magnitude.

2.4.2. Example Applications. The number of leads
needed depends on the scope of mapping. For example,
the determination of global de- or repolarization intervals
from the rms trace is a robust tool for studying the left and
right atrial synchronization because of biatrial pacing (8)
and repolarization abnormalities (16). As outlined in Ref.
16, the rms trace can be computed using a small number of
leads. Thus, the Lux 32-lead full-body array is sufficient
for such an application. If, on the other hand, the data is
used for functional imaging (see noninvasive imaging sec-
tion), a higher number of leads is needed. An ongoing sci-
entific debate still exists on howmany leads are needed for
imaging applications. An analysis based on singular value
decomposition concludes that an array with 62 leads
should be sufficient for practically any mapping applica-
tion (14). Such arrays have also been successfully for ac-
tivation time imaging (17,18). However, in a recent study
on electrocardiographic imaging, 224 leads were used (19).

2.4.3. Optimal Electrode Locations. Computer model
studies focused on optimal lead placement for obtaining
a maximum of information from a given number of leads.
However, it not possible to define an optimal system in a
general sense given the high interindividual variations in
body shape. Instead, target regions have been identified
where a dense map is required. These target regions ex-
tend from the high right chest down to the left lateral
chest. On the back, the region behind the heart requires
maximal electrode density. Note that the electrode arrays
shown in Fig. 6 do not perfectly fulfill these requirements.
A tendency exists to place many electrodes in the abdomen
just because a lot of space exists not because most of the
information resides there.

2.4.4. Electrode Vest. An important practical issue is
the time needed for applying the electrode array. Here, the

design of the electrode vest has fundamental importance.
The most elaborate solution to date is the disposable elec-
trode vest developed for the commercial PRIME ECG (Me-
ridian Medical Technologies Inc.) 80-lead array. Here,
electrode and cables are integrated together in thin adhe-
sive strips that are affixed on the body surface. Such a vest
reduces the time needed for preparing the patient and
checking the electrode contacts to a few minutes. If the
electrode locations should be assessed, magnetic digitizers
or optical systems (3D data by multiple cameras) can be
used. With the setting used at Innsbruck University Hos-
pital, this step took five to ten minutes. Landmarks were

V1 V2
V3 V4 V5 V6

Lux 32 full body

Amsterdam 62

Parma 219

Figure 6. Three example electrode arrays are shown in an an-
terior (left) and posterior view (right). The Lux 32-lead full-body
array uses electrode strips on the front and single electrodes on
the back. For the Amsterdam 62-lead array, single electrodes cor-
respond to the Wilson leads as indicated. The data shown in Fig. 2
and 3 has been recorded with this system plus three unipolar
leads placed on the shoulders and in the left abdomen (65-lead
array). Thus, the 12-lead ECG forms a subset of the data. The
219-lead system is used at the University of Parma, Italy. figure
modified from Ref. 15 with permission.
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used for assessing the electrode locations on the patients
back.

2.5. Software

The large amount of data acquired by ECG mapping am-
plifiers requires software support not only for recording,
processing, and displaying the signals but most impor-
tantly for extracting the information contained in the map
and to visualize it properly. Often, recording and data
evaluation are performed using two separate software
tools. Important features of the recording interface are
online visualization of the signals for quality assessment
and measurement of the electrode impedances for a quick
identification of loose electrodes. For data evaluation, a
seemingly infinite number of approaches has been pro-
posed. A free software package for processing ECG mul-
tichannel data using the commercial data analysis
package MATLAB (The MathWork, Inc.) was developed
by Potse et al. (9). This package contains a broad spectrum
of tools for the analysis of ECG mapping data. It is of par-
ticular interest for biomedical engineering sciences be-
cause of the user-extensible software design.
Commercially available mapping devices are sold together
with software. However, such software typically does not
provide a broad spectrum of methods for recovering (di-
agnostic) information from the map.

3. BODY SURFACE MAPS

3.1. Potential Maps

3.1.1. Bipolar Field. The most obvious form of display-
ing mapping data is to plot a potential map for each time
step applying a reasonable interpolation method on the
body surface (9). From this approach, a time-dependent
potential pattern is obtained. The temporal evolution of
potential maxima and minima on the body surface con-
tains information about the underlying cardiac source.

The basic limitation of this approach is the volume con-
ductor, which (as stated earlier) acts as spatial low-pass
filter. Thus, complex intracardiac source patterns are re-
flected by smoothed potential fields, which at first seem to
be simply bipolar (i.e., a map with a single positive max-
imum and a single negative minimum), which is a frus-
trating observation as such a simple pattern does not
allow to extract visually a lot of information about the un-
derlying source.

3.1.2. From the Epicardium to Body Surface. The Italian
cardiologist Bruno Taccardi, together with his colleagues
from the Cardiovascular Research and Training Center,
Salt Lake City (Utah), made a tremendous contribution to
understanding how cardiac function is reflected by electric
potential (20). For the sake of simplicity, the case that a
single (small) patch of tissue has been activated by pacing
or by an ectopic focus will be considered (see Fig. 7). The
activated tissue takes a negative potential. The amplitude
is in the order of tens of millivolt (� 24mV for the example
shown). In the activation wavefront, a sharp drop of am-
plitude occurs. Within less than one millimeter, the po-
tential magnitude drops to (positive and negative) values
in the order of some millivolts (here þ 7mV). Two poten-
tial maxima occur. These maxima are flanking the acti-
vated region, and an imaginary line connecting the
maxima is parallel to fiber orientation. Such a source pat-
tern contains a quadripolar component (one plus in each
maximum and two minus in the minimum).

Figure 7 shows the case that the activated region is in
the left lateral epicardium and, thus, close to the left an-
terior chest. It resembles the case of a small distance from
the ventricular source to the body surface. Also in this
case, the potential on the torso surface is reduced by al-
most two orders of magnitude (� 0.4mV to þ 0.3mV for
the example). The pattern is smoothed and seems almost
bipolar (spatial filtering).

As potential appears blurred on the torso surface, other
parameters and techniques have been investigated. From

(a) (b) (c) (d)

+0.27 mV

0.35 mV

0

−0.35 mV

−0.42 mV

10 mV

0

−10 mV

−24 mV

−7 mV

Figure 7. Epicardial and torso surface potentials computed by a finite element model of a female
torso. (a) Epicardial potentials 15ms after epicardial pacing at the left ventricular free wall (left
lateral view). (b) The location of the ventricles in the torso is shown by making the torso surface
transparent. (c) Torso potential in a left lateral and (d) anterior view (see text).
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the point of view of basic science, these approaches provide
valuable insight into how the ECG is related to cardiac
function. However, from a clinical point of view, these ap-
proaches never came into widespread use. Below, a short
overview is given and limitations are discussed. For a
more complete overview, the reader is referred to Refs. 3
and 21.

3.2. Parameter and Reference Maps

A sound theoretical basis is provided for integral maps
(22). Here, the integral of the potential in a defined time
interval is computed and interpolated on the torso surface.
QRS integrals relate to the activation sequence (upstroke
in the action potential), ST-T integrals reflect timing of
repolarization, and QRST integrals relate to differences in
action potential integrals, independent of the activation
sequence. Note the relevance of such a parameter for as-
sessing heterogeneity of repolarization (6). Although these
parameters have been studied mainly for ventricular ac-
tivity, they can be applied to the atria as well. Baseline
correction in Fig. 2 is based on the assumption that all
atrial action potentials are similar and thus the integral
over activation and repolarization yields approximately
zero. Another widespread parameter for assessing heter-
ogeneity of repolarization is the QT-dispersion. Here, the
QT time interval in each lead is assessed and a measure
for dispersion (e.g., longest minus shortest QT interval) is
investigated. Here, a limitation is the poorly defined end of
the T-wave especially in leads with a small T-amplitude.

Unfortunately, these parameter maps also appear
blurred on the body surface and do not provide sufficient
resolution. The simple approach to project each parameter
value to the nearest location on the epicardium does not
provide a valid method for improving spatial resolution as
it oversimplifies the influence of the volume conductor.
Furthermore, as observed earlier, the choice of the refer-
ence lead has significant impact on the unipolar ECG
waveform. Thus, also the parameter maps are sensitive to
the applied definition of zero.

For overcoming these problems, reference maps of av-
erage activity on average anatomy have been proposed.
Here, the large inter- and intra-individual variability of
the ECG (already Einthoven noticed that heart vector ori-
entation changes in a subject when changing torso posi-
tion) limits the application of such approaches (23) (e.g.,
an atlas of P-wave integrals has been established from
paced data for localizing the origin of supraventricular
ectopic beats). However, a validation study in humans
concluded that the best resolution is obtained if pacing
and localization is performed in the same subject (4).

3.2.1. Intracardiac Maps. Recently, intracardiac maps
have reached tremendous clinical importance, which is
not considered as traditional ECG mapping but should be
mentioned for completeness. The most widespread system
uses a catheter with an integrated magnetic sensor. Here,
at many endocardial sites (typically more than 50), the
signal is recorded together with the location of the cath-
eter tip. Parameters such as activation times are super-

imposed on the anatomy in a color-coded plot (electro-
anatomical mapping) (24).

4. NONINVASIVE IMAGING OF CARDIAC
ELECTROPHYSIOLOGY

The model based back-projection of functional information
contained in the body surface ECG onto the source region
(cardiac surface) is termed noninvasive imaging of cardiac
electrophysiology (NICE). It is a functional imaging
method. Individual anatomy is assessed by imaging mo-
dalities such as magnetic resonance imaging (MRI) or
computer tomography (CT) and patient individual com-
puter models are constructed. Furthermore, the electrode
locations are digitized and projected onto the skin surface
in the computer model. Thus, the method provides a fu-
sion of standard anatomical imaging with functional data
by solving an inverse problem. Hence, the information
content of the map is optimally retrieved and displayed.

A vast number of approaches have been proposed for
solving the inverse problem using different source formu-
lations (potentials, current densities, dipoles, activation
times) and different side constraints for stabilizing the
methods with respect to noise (regularization). The choice
of source formulation and regularization strategy has a
tremendous effect on stability of the method. Some ap-
proaches have been successfully validated in humans, oth-
ers will fail even for ideal, noise-free conditions in
computer simulations. Thus, methods that seem similar
at first glance will behave completely different when ap-
plied to patients. An overview is first given on challenges
common to all approaches and then two methods that
have been successfully applied to patients are highlighted.
Potentials and limitations are discussed.

4.1. Challenges

4.1.1. Volume Conductor Model. All functional imaging
methods need a proper model of the volume conductor
surrounding the heart. This model must be based on the
individual anatomy of the patient. Spiral CT (19) or MRI
(17) can be applied. Scanning is performed during breath
hold (expiration). ECG gating is needed for identifying
end-diastolic and end-systolic geometry. Minimal slice
spacing is 6mm for the ventricles, 4mm for the atria,
and 10mm for the torso. Segmentation tools (e.g., active
appearance models) have to be applied for extracting com-
partments of different conductivity (lungs, blood masses,
isolating skin surface) and the source compartment (epic-
ardium or cardiac surface). A segmentation method typi-
cally outputs the compartment interfaces by a label set.
Mesh generators are applied to obtain regular meshes of
(e.g., triangular) elements that enable the application of
field computation methods such as boundary elements or
finite elements (25). Software tools have been developed
that enable the semiautomatic creation of a volume con-
ductor model with a minimum of user interaction within
20min (26).

4.1.2. Model Error. It should be stressed that any
model (per definition) provides only an abstract picture
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of the true situation. Thus, also the volume conductor
model provides only an approximation of the actual vol-
ume conductor. The accuracy of the volume conductor
model is currently the major limiting factor when trying
to improve the resolution of functional imaging. State-of-
the-art volume conductor models provide a rigid geometry
(e.g., lungs in expiration, heart in end-diastole) of a de-
formable geometry. A limited number of compartments is
considered (e.g., the following compartments are not con-
sidered: fat layers, aorta, the caval veins, the trachea,
etc.), individual conductivities are not assessed, individual
fiber orientation is not known (skeletal and heart muscle),
and, with respect to computation time and information
content in the map, relatively coarse mesh grids are ap-
plied (5mm to 10mm spacing on the heart surface). Com-
puter model studies have shown that errors introduced by
neglecting compartments and fibrous structures are in the
order of 10% to 30% (27). It is a fundamental precondition
that an imaging method does not amplify the model error.

4.1.3. Electrode Locations. The location of the elec-
trodes must be projected onto the skin surface in the com-
puter model. Using CT, it is possible to scan the patient
with the electrode array applied and to extract the loca-
tions by segmentation (19). Using MRI for logistic reasons
(transport of the patient from one facility to the other with
the affixed array), landmarks were used and digitized to-
gether with the electrodes. Liquid-filled capsules are MRI-
compatible markers. The electrodes are projected onto the
skin surface by a rigid body transformation. As stated
earlier, a Wilson central terminal (WCT) should be used as
the reference lead for the unipolar maps. A few imaging
approaches like, for example, electrocardiographic imag-
ing automatically use the reference provided by the input
data. However, most imaging methods (e.g., activation
time imaging) require the explicit definition of the refer-
ence in the volume conductor model. Thus, the three WCT
leads (shoulders and left abdomen) must be projected onto
the computer model as well. The zero definition used for
recording the data must be incorporated in the volume
conductor model as well (13).

4.1.4. Forward Problem. The computation of the body
surface potential from a given cardiac source pattern is
termed the forward problem. Numerical field computation
methods such as the boundary element method (BEM) and
the finite element method (FEM) are applied (25,28). Both
are competitive methods, and it might depend on the cho-
sen imaging approach to decide which approach is of ad-
vantage. The description of the source term is crucial for
imaging. If the source is defined by peri- or epicardial po-
tentials (i.e., the potential on a surface enclosing the
heart) (29) only the passive volume conductor surround-
ing the heart needs to be modeled. Applying the bidomain
model (27,30), the cardiac membrane or action potential
enters the source term. From both source models, a trans-
fer or lead field matrix L can be computed that uniquely
relates the source pattern (epicardial or action potential)
to the potentials at the electrodes.

4.1.5. Regularization. The computation of the source
pattern from the recorded electrode potentials requires
an inversion (in the most general sense) of the lead field
function. Here, the lead field function reflects the volume
conductor property of a spatial (and temporal) filter. In-
verting the lead field function, the signal components with
a high spatial frequency but low amplitude (damping by
the volume conductor) should be recovered (reamplified to
the original amplitude in the source domain). Unfortu-
nately, high-frequency noise components are also ampli-
fied by a straightforward inversion, which results in a
completely meaningless source pattern. For avoiding this
pattern, additional reasonable constraints are applied in
the inversion method. The stabilization of the inversion
procedure by imposing additional (biophysically meaning-
ful) constraints is termed regularization. The basic form of
regularization is the Tikhonov regularization, which in-
corporates a linear, weighted regularization term. The
positive regularization parameter l2 controls proper
weighting. For example, Tikhonov regularization of zero
order controls (mainly) the amplitude of the computed
source pattern, whereas Tikhonov regularization of sec-
ond order smoothes the computed source pattern (neigh-
boring source points should display similar values). It
should be stressed that regularization always involves a
compromise (e.g., for Tikhonov regularization of second
order, the optimal regularization parameter provides a
compromise between a meaningless solution at too small
l2 and an over smoothed solution at too high l2). However,
even for optimal l2, some smoothing occurs.

4.1.6. Noise and Lead Field Error. Controlling the influ-
ence of noise on the inverse solution is based on a sound
theoretical background (31) and dozens of computer model
studies have been performed proposing always more ad-
vanced regularization techniques. Furthermore, the qual-
ity of modern mapping amplifiers reduces at least
stochastic noise components to a negligible level. The com-
monly underestimated problem is the combination of
model error and noise. Many regularization strategies
cannot control error in the lead field. Furthermore, bio-
logical background activity (see section on ECG zero def-
initions) might be projected onto the heart in the absence
of a model of the true source. Imaging approaches that
combine spatial and temporal regularization (i.e., coupling
of neighboring points in space and time) have been dem-
onstrated to provide stable inverse results in humans (see
section on ECGI and action potential imaging).

4.1.7. Uniqueness of the Solution. If two or more source
patterns produce identical potentials on the body surface,
it becomes impossible to compute the source pattern from
the body surface. The solution is not unique (at least with-
out any additional assumptions about the source). It de-
pends on the formulation of the source term, whether this
problem may occur or not (e.g., volumetric distributions of
impressed current densities do not provide a unique solu-
tion; another example is given below). From a theoretical
point of view, the problem could be resolved by regular-
ization. Out of the many (often infinite) possible solutions,
the one chosen is the solution that best fulfills the addi-

10 ELECTROCARDIOGRAM (ECG) MAPPING



tional constraint(s) imposed by regularization, which,
from a practical point of view, will lead to unstable and
meaningless results if no biophysical constraint perfectly
tailored to the actual source formulation is applied. For
many formulations (e.g., current densities), such a con-
straint is currently not available.

4.1.8. Example for an Ambiguous Formulation. When
testing a new source formulation, it is often hard to dem-
onstrate whether the inverse solution is unique. During
early research on action potential imaging, a simple zero-
order Tikhonov regularization was applied, and the car-
diac surface was represented by three separated surfaces
(the two endocardia and the epicardium enclosing the
other two source regions) (32). This model has the disad-
vantage that any source pattern imposed on one of the
endocardia can be compensated by properly chosen source
pattern on the surrounding epicardium such that the body
surface potential is zero in any point on the skin. Thus, the
problem was not unique. With the additional constraints
described in the section on action potential imaging, the
problems were overcome.

4.2. Electrocardiographic Imaging

Electrocardiographic imaging (ECGI) is based on a lead
field function LE relating the epicardial potentials US

(source term in the forward problem) to the electrode po-
tentials Ue:

Ue¼LEUs: ð3Þ

For the discrete problem, the lead field LE is a rectangular
matrix obtained applying the BEM or FEM. The number
of electrodes N is typically smaller than the number of
source points S. When considering the inverse problem, it
can be shown that the continuous problem providing the
basis for discrete approximation provides a unique inverse
solution (33). The discrete problem is underdetermined (N
oS) and because of spatial filtering imposed by the vol-
ume conductor, the inverse problem is ill conditioned.
Thus, regularization methods must be applied when in-
verting Equation 3. Applying Tikhonov regularization, the
epicardial potentials (inverse solution) are found by min-
imizing:

~Ue � LEUsðtÞ
�

�

�

�

2
þ l2 RUsk k

2
! min: ð4Þ

Here, ~Ue denotes the measured potentials, and the matrix
R is a regularization operator of Tikhonov type (unity,
gradient, or Laplacian). The first term in Equation 4 is
termed the residual error. It contains the norm of the dif-
ference of measured and computed electrode potentials.
Thus, minimizing this term, the forward solution will fit
the data. The second term is the solution seminorm. Min-
imizing this term forces the constraints imposed by regu-
larization to be fulfilled.

The problem of standard Tikhonov regularization is
that the additional constraints are only vaguely related to
the biophysical properties of the true solution (amplitude
should not be too high, pattern should be smooth). Thus, a

large number of approaches has been suggested that, in
computer model studies, promise to improve the inverse
solution. An approach that performed well in animal mod-
els and in a first trial in humans is the generalized min-
imal residual (GMRes) method (34). The method controls
the condition number of the approximation of the inverse.
As stated above, the lead field function LE is of poor con-
dition. Thus, when inverting Equation 3 without any reg-
ularization, the components of largest singular value will
take only a modest amplification (back-projection onto the
source, increase in amplitude) whereas components of
smallest singular value (noise components) will take a
huge amplification. The GMRes approach controls the am-
plification of noise by an approximation of the inverse that
is reasonably well conditioned. No restrictions on the
smoothness of the source pattern are imposed, which en-
ables a better resolution. The GMRes approach is an iter-
ative method. At each iteration step n, a n-dimensional
Krylov subspace KðnÞ is computed from the lead field and
the data. The inverse of the lead field is approximated by
its projection on K(n). With increasing n, the residual er-
ror decreases as condition becomes worse. A distinct cor-
ner in the condition curve marks the optimal solution. It
should be stressed that the GMRes method can be imple-
mented with a high computational performance (e.g.,
MATLAB has an efficient implementation of the algo-
rithm). Computation times in the order of a few minutes
are obtained on standard personal computers.

One advantage of ECGI is that it is based on a clinically
and scientifically very familiar source term: electric po-
tential. When plotting the time course of the inverse so-
lution at a distinct source point, an approximation of the
local unipolar epicardial electrogram is obtained. All pa-
rameters that have been investigated over the years on
the body surface such as QRST integrals can be readily
computed but now with an improved spatial resolution.
Obviously, for the epicardial potential pattern, an im-
proved resolution is also obtained (e.g., the quadripolar
potential pattern reflecting (epicardial) fiber orientation
becomes observable from the body surface) (34), which is a
striking observation having in mind that ECGI uses only a
model of the passive volume conductor surrounding the
heart, thus containing no cardiac fibers. In Fig. 8 (34) it is
shown that the approach has the potential to image reen-
try. Here, local activation times are determined from the
computed epicardial electrograms (negative slope corre-
sponds to activation). Note, however, that a robust deter-
mination of activation time from potential might need
manual reannotation. Even commercial systems recording
data directly in the heart require manual interaction.

Electrocardiographic imaging displays mainly electric
activity from the epicardium. The activity from the mid-
wall and the endocardium is reflected with a much smaller
amplitude. However, this activity makes the approach
complementary to catheter-based techniques, which are
more sensitive on the endocardium. So far, ECGI has been
validated in animal studies only. Here, studies were per-
formed in a rigid human-shaped torso tank of homoge-
neous conductivity with a dog heart in a fixed position. A
need for evidence still exists that the approach can deal
with model error and biological background noise in a
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clinical setting. First application to humans provided en-
couraging results (19). However, a comparison with mea-
sured intracardiac data should be performed in the future
for validation.

Improvement could be obtained by coupling neighbor-
ing time steps in the GMRes approach. Currently, a ten-
dency exists to use many, many electrodes (over 200) as
each time step (with typically 200 to 500 unknowns) is
computed separately by this method. However, it is not
clear how many independent data points are really used.
In Ref. 34, the GMRes approach needed about 20 itera-
tions. Thus, the solution is obtained by a projection onto a
20D space and contains 20 components.

4.3. Activation Time Imaging

In contrast to electrocardiographic imaging, which can be
applied to any time interval of cardiac activity, activation
time imaging (ATI) is restricted to the time interval of
atrial or ventricular depolarization (P-wave, QRS-com-
plex). In early studies (35), the uniform dipole layer model
was used for describing the source. This model assumes
that a propagating activation wave produces a step-like
change in the electric potential on the cardiac surface
(endo- and epicardium). It is based on the assumption of
isotropic conductivity. In more recent studies, the bido-
main model was applied (18,30). It offers the advantages
that the biophysically familiar action potential enters the
source term and that (in principle) it can also be applied to
anisotropic models of the myocardium. Thus, the treat-
ment given here is based on the bidomain model. In the
forward problem, the potentials at the N electrodes Ue are
computed from the membrane or action potentials Vat the
S source points by multiplication with the bidomain lead
field function LB:

Ue¼LBV: ð5Þ

Note that Ue and V are rectangular matrices that hold the
potentials at T time steps. ATI takes advantage of the
biophysical knowledge that during activation the action
potential rises quickly from its resting level to plateau
level, which can be approximated by a step-like template
function of given amplitude (typically 90mV) and a rise
time parameter. Note that a source point in the model does
not reflect activation of a single cell but of a whole patch of

tissue surrounding the node. At the typical node spacing of
5mm to 10mm, it takes several milliseconds for activating
this patch. Thus, rise times between 2ms and 5ms are
used. The only degree of freedom in each source point s is
the local activation time ts. The forward problem is re-
written to:

Ue¼LBVsðtÞ: ð6Þ

Here, t is a vector holding the activation times in the S
source points. The inverse problem is computing these S
unknowns from the N � T data points in the recorded
data matrix ~Ue, achieved by minimizing the cost function:

~Ue � LBVsðtÞ
�

�

�

�

2
þ l2 Dtk k2! min: ð7Þ

The first term in Equation 7 requires that the Frobenius
norm of the difference of the recorded and computed elec-
trode potential becomes small (residual error). In other
words, the ECG predicted by the model should fit the
measured data. The second term is a Tikhonov regular-
ization term of second order, where D denotes the surface
Laplacian operator. In Ref. 18, it has been shown that the
residual error function contains multiple minima and that
the regularization term helps to obtain a smooth activa-
tion pattern. Iterative deterministic optimization methods
like, for example, the conjugate gradient method can be
applied. For finding the global minimum (true activation
sequence), a starting vector t0 of high quality is needed.
Here, the critical point theorem that was originally pro-
posed as a standalone ATI approach can be applied (36).
Recently, the shortest-distance algorithm [originally pro-
posed for studying atrial activation (37)] has also been
successfully applied for obtaining a high-quality starting
vector. The shortest-path algorithm does not require the
selection of parameters (e.g., effective rank for the critical
point theorem) and provides smooth activation patterns
already at the first iteration step.

The major technical advantage of the ATI approach de-
scribed here is that it provides a two-fold regularization:
The template activation function controls the amplitude of
the source and provides coupling of neighboring time
steps. The Tikhonov regularization term provides regu-
larization in the temporal domain. Note also that the
number of unknowns S (typically 600 to 800) is much

Measured
LAD

GMRes Tikhonov

0 15 30 45 60 75 90 105 120 135 150 165 ms

Figure 8. Figure-of-eight reentry (double
loop) in an animal model of monomorphic
tachycardia. An infarcted dog heart is fixed
in a human torso-shaped tank. The left panel
shows the measured data (isochrones of local
activation), the other two panels show results
obtained by ECGI. White arrows indicate di-
rection of wave propagation. The common
pathway of the figure-of-eight reentry passes
through the infarcted area. Reproduced from
Ref. 34 with permission.
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smaller than the number of data points N � T (typically
60 � 60 at 500Hz sampling rate). As a consequence, the
algorithm provides stable inverse results even for the level
of noise and model error, which can currently be reached
in clinical studies applying high-quality instrumentation
and carefully designed study protocols. A clinical advan-
tage of the approach is that activation time is a familiar
parameter routinely used for catheter ablation of ar-
rhythmogenic substrates.

Validation studies for sinus rhythm and paced beats
have shown that the triggering site of activation can be
localized with a resolution of 5mm to 15mm in humans
(10,17) for both the atria and the ventricles. Computation
times in the order of one minute are in reach (18) on stan-
dard personal computers. As a result of the strong con-
straints imposed (template function), the method cannot
be applied if severe changes in the action potential mor-
phology (e.g., ischemia) are expected. However, a broad
spectrum of clinically interesting pathologies exists where
action potential morphology is in the normal range during
activation. As an example, the activation sequence in a
patient with a Wolff–Parkinson–White syndrome (WPW)
is shown in Fig. 9 (18). Here, additionally to the AV-node, a
second atrioventricular pathway contributes to ventricu-
lar activation. This pathway provides the substrate for a
macroreentry circuit causing a supraventricular tachycar-
dia. ATI can localize the location of this pathway and
guide catheter ablation therapy. Other interesting abla-
tion targets are the triggering sites of a focal atrial or
ventricular tachycardia or ectopic triggers causing reentry
(24).

The following developments could improve resolution
to an error level below 5mm, which should be sufficient for
guiding ablation therapy. First, using finite elements for
lead field computation cardiac fiber architecture can be
incorporated in the model (little inter-individual variation
exists in the structurally normal heart) and the model er-
ror is, thus, reduced. Second, the shortest-distance ap-
proach provides a strong spatial regularization already for
the computation of the starting vector. In Ref. 18, it has
been shown that smaller regularization parameters l2 can
be used in Equation 7 if the optimization procedure is
started with a smoothed activation pattern. Thus, the un-
desired bias introduced by regularization is also removed.

4.3.1. Action Potential Imaging. The strong constraint
of a step-like activation function with fixed amplitude and
rise time restricts the application of ATI. A weaker but
still strong constraint is requesting that the action poten-
tial is restricted by a lower and upper bound (maximal
amplitude) and monotonically increasing during activa-
tion. A detailed formulation of the approach can be found
in Ref. 38. In Ref. 39, it was shown that by imposing the
constraint of a monotonically increasing function, source
components can be retrieved, which for electrocardio-
graphic imaging are in the null space of the signal, which
is of particular importance when extending ECI to the en-
tire heart surface, thus including the endocardia. The ap-
proach has been successfully applied for imaging action
potential in WPW patients. Computer simulation studies
indicate that the approach can image local ischemia. How-

ever, currently, computation times in the order of one hour
are needed on standard personal computers. Here, a speed
up could be obtained by parallelization of the algorithm.

‘A’

‘W’

0 75 150

AP AV-node

Figure 9. The activation maps computed for a patient withWPW
syndrome are shown in a posterior oblique view (see head icon for
orientation). The upper panel displays the activation sequence
when blocking AV-nodal conduction by an intravenous bolus of
adenosine (accessory pathway is the only input to ventricular ac-
tivation, providing evidence for a WPW syndrome). The middle
panel shows the activation sequence for normal conduction of the
AV-node (two inputs to ventricular activation). Both maps have
identical color maps with codes (0ms). Isochrones are plotted in
20ms intervals. The gray markers on the left posterior base mark
the ablation sites. The lower panel depicts the territory activated
via the accessory pathway (red) and via the AV-node (blue) for
double input to ventricular activation. (Reproduced from Ref. 18
with permission.)
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4.4. Summary

No doubt exists that a dense potential map contains much
more diagnostically valuable information compared with
the standard 12-lead ECG (3). The major difficulty is that
cardiac bioelectric activity is reflected by a smoothed po-
tential pattern on the body surface. Refining the map, the
biophysically new information is contained in signal com-
ponents that are linearly independent from components
that also exist in a coarser map. Thus, the new informa-
tion is at the low amplitude level and corrupted by noise. It
is, thus, impossible to evaluate the information in a dense
map without sophisticated methods.

Bruno Taccardi and coworkers stated in their compre-
hensive review at the end of the past decade that the back-
projection of ECG data by inverse methods onto the source
(noninvasive imaging of cardiac electrophysiology) is the
most promising approach for retrieving as much as possi-
ble of the original picture by mapping (3). They motivated
this statement by encouraging results in an in vitro model
(beating heart in an electrolytic torso tank). In recent
years, some imaging methods have been successfully ap-
plied in humans delivering diagnostically valuable infor-
mation. Among a broad spectrum of proposed approaches,
some have turned out that proved to deliver meaningful
results not only in computer simulations but also in the
true world with imperfect models and unavoidable noise
in the data.

One can estimate that the current resolution is in the
order of 1 cm, which has been a fundamental step toward
clinical application. Any future improvement will not be
made by simply placing more electrodes. The new bio-
physical information obtained by more electrodes needs
improved algorithms, better models, and a higher signal
quality for being retrieved by source imaging recovering
information from the low amplitude level.
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1. INTRODUCTION

Signal processing today is performed in the vast majority
of systems for ECG analysis and interpretation. The
objective of ECG signal processing is manifold and com-
prises the improvement of measurement accuracy and
reproducibility (when compared with manual measure-
ments) and the extraction of information not readily
available from the signal through visual assessment. In
many situations, the ECG is recorded during ambulatory
or strenuous conditions such that the signal is corrupted
by different types of noise, sometimes originating from
another physiological process of the body. Hence, noise
reduction represents another important objective of ECG
signal processing; in fact, the waveforms of interest are
sometimes so heavily masked by noise that their presence
can only be revealed once appropriate signal processing
has first been applied.

Electrocardiographic signals may be recorded on a long
timescale (i.e., several days) for the purpose of identifying
intermittently occurring disturbances in the heart
rhythm. As a result, the produced ECG recording amounts
to huge data sizes that quickly fill up available storage
space. Transmission of signals across public telephone
networks is another application in which large amounts
of data are involved. For both situations, data compression
is an essential operation and, consequently, represents yet
another objective of ECG signal processing.

Signal processing has contributed significantly to a
new understanding of the ECG and its dynamic properties
as expressed by changes in rhythm and beat morphology.
For example, techniques have been developed that char-
acterize oscillations related to the cardiovascular system
and reflected by subtle variations in heart rate. The
detection of low-level, alternating changes in T wave
amplitude is another example of oscillatory behavior
that has been established as an indicator of increased
risk for sudden, life-threatening arrhythmias. Neither of
these two oscillatory signal properties can be perceived by
the naked eye from a standard ECG printout.

Common to all types of ECG analysis—whether it
concerns resting ECG interpretation, stress testing, am-
bulatory monitoring, or intensive care monitoring—is a
basic set of algorithms that condition the signal with
respect to different types of noise and artifacts, detect
heartbeats, extract basic ECG measurements of wave
amplitudes and durations, and compress the data for
efficient storage or transmission; the block diagram in
Fig. 1 presents this set of signal processing algorithms.
Although these algorithms are frequently implemented to

operate in sequential order, information on the occurrence
time of a heartbeat, as produced by the QRS detector, is
sometimes incorporated into the other algorithms to im-
prove performance. The complexity of each algorithm
varies from application to application so that, for example,
noise filtering performed in ambulatory monitoring is
much more sophisticated than that required in resting
ECG analysis.

Once the information produced by the basic set of
algorithms is available, a wide range of ECG applications
exist where it is of interest to use signal processing for
quantifying heart rhythm and beat morphology proper-
ties. The signal processing associated with two such
applications—high-resolution ECG and T wave alter-
nans—are briefly described at the end of this article.
The interested reader is referred to, for example, Ref. 1,
where a detailed description of other ECG applications
can be found.

2. ECG PREPROCESSING

Considerable attention has been paid to the design of
filters for the purpose of removing baseline wander and
powerline interference; both types of disturbance imply
the design of a narrowband filter. Removal of noise
because of muscle activity represents another important
filtering problem being much more difficult to handle
because of the substantial spectral overlap between the
ECG and muscle noise. Muscle noise present in the ECG
can, however, be reduced whenever it is appropriate to
employ techniques that benefit from the fact that the ECG
is a recurrent signal. For example, ensemble averaging
techniques can be successfully applied to time-aligned
heartbeats for reduction of muscle noise.

The filtering techniques are primarily used for prepro-
cessing of the signal and have as such been implemented
in a wide variety of systems for ECG analysis. It should be
remembered that filtering of the ECG is contextual and
should be performed only when the desired information
remains undistorted. This important insight may be ex-
emplified by filtering for the removal of powerline inter-
ference. Such filtering is suitable in a system for the
analysis of heart rate variability, whereas it is inappropri-

Wave
delineation

Noise
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QRS
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Data
compression

ECG

Storage or 
transmission

 

Figure 1. Algorithms for basic ECG signal processing. The
timing information produced by the QRS detector may be fed to
the blocks for noise filtering and data compression (indicated by
gray arrows) to improve their respective performance. The output
of the upper branch is the conditioned ECG signal and related
temporal information, including the occurrence time of each
heartbeat and the onset and end of each wave.
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ate in a system for the analysis of micropotentials, as such
potentials spectrally overlap the powerline interference.

2.1. Baseline Wander

Removal of baseline wander is required in order to mini-
mize changes in beat morphology that do not have cardiac
origin, which is especially important when subtle changes
in the ‘‘low-frequency’’ ST segment are analyzed for the
diagnosis of ischemia, which may be observed, for exam-
ple, during the course of a stress test. The frequency
content of baseline wander is usually in the range below
0.5 Hz; however, increased movement of the body during
the latter stages of a stress test further increases the
frequency content of baseline wander (see Fig. 2). Patients
unable to perform a traditional treadmill or ergometer
stress test may still be able to perform a stress test by
either sitting, running an ergometer by hand, or using a
special rowing device. In such cases, baseline wander
related to motion of the arms severely distorts the ECG
signal.

The design of a linear, time-invariant, highpass filter
for removal of baseline wander involves several considera-
tions, of which the most crucial are the choice of filter cut-
off frequency and phase response characteristic. The cut-
off frequency should obviously be chosen so that the
clinical information in the ECG signal remains undis-
torted while as much as possible of the baseline wander
is removed. Hence, it is essential to find the lowest
frequency component of the ECG spectrum. In general,
the slowest heart rate is considered to define this parti-

cular frequency component; the PQRST waveform is at-
tributed to higher frequencies. During bradycardia, the
heart rate may drop to approximately 40 beats/minute,
implying that the lowest frequency contained in the ECG
is approximately 0.67 Hz (2). As the heart rate is not
perfectly regular but always fluctuates from one beat to
the next, it is necessary to choose a slightly lower cut-off
frequency such as 0.5 Hz. If too high a cut-off frequency is
employed, the output of the highpass filter contains an
unwanted, oscillatory component that is strongly corre-
lated to the heart rate.

In certain situations, baseline wander becomes parti-
cularly pronounced at higher heart rates such as during
the latter stages of a stress test when the workload
increases. Then, it may be advantageous to couple the
cut-off frequency to the prevailing heart rate, rather than
to the lowest possible heart rate, to further improve base-
line removal. Linear filtering with time-variable cut-off
frequency was initially suggested for offline processing of
ECG signals and later extended for online use (3,4).

The other crucial design consideration is related to the
properties of the phase response and, consequently, the
choice of filter structure. Linear phase filtering is highly
desirable in order to prevent phase distortion from alter-
ing various wave properties of the cardiac cycle such as
the duration of the QRS complex, the ST–T segment level,
or the endpoint of the T wave. It is well-known that FIR
filters can have an exact linear phase response, provided
that the impulse response is either symmetric or antisym-
metric; however, FIR designs result in high filter orders.
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Figure 2. (a) Electrocardiographic baseline wan-
der because of sudden body movements. The am-
plitude of the baseline wander is considerably
larger than that of the QRS complexes. (b) A
close-up in time (10 � ) of the ECG signal framed
in (a), the estimated baseline obtained by fitting a
cubic spline to the series of knots (indicated by
dots), and the corrected ECG signal.
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Forward-backward IIR filtering is a useful technique
that exhibits the linear phase property. Although an IIR
filter meets a magnitude specification more easily with a
much lower filter order than does an FIR filter, it comes
with a nonlinear phase response. The use of forward-
backward filtering remedies this disadvantage because
the overall result is filtering with a zero-phase transfer
function. Implementation of such a filtering scheme in-
volves three steps, namely, (1) processing of the input
signal x(n) with an IIR filter h(n), (2) time reversal of the
filter output, and repeated processing with h(n), followed
by (3) time reversal of the twice-filtered signal to produce
the baseline-corrected output signal.

A useful low-complexity implementation of linear fil-
tering involves sampling rate alteration (5). As the base-
line wander to be removed is a narrowband component,
filtering can be performed at a much lower sampling rate
than at the rate of the original ECG signal. The main steps
of this multirate approach are: (1) decimation of the
original signal, which includes antialising filtering, to a
lower sampling rate better suited to filtering, (2) lowpass
filtering to produce an estimate of the baseline wander, (3)
interpolation of the estimate back to the original sampling
rate, and (4) subtraction of the estimate from the original
ECG so as to produce the baseline-corrected signal. In
addition to offering low complexity, the sampling rate
alteration technique has the advantage of easily accom-
modating a time-variable cut-off frequency.

Yet another approach is to fit a polynomial to repre-
sentative samples (‘‘knots’’) of the ECG followed by sub-
traction of the polynomial. The fit is done by requiring the
polynomial to pass through knots usually being selected
within the isoelectric PQ segments. As the knots can only
be located once QRS detection has been performed, the
location of knots illustrates the feedback mechanism from
QRS detection to noise filtering displayed in Fig. 1. Poly-
nomial fitting can be interpreted as time-varying filtering
in which the heart rate is controlling the cut-off frequency.

2.2. Powerline Interference

Electromagnetic fields caused by a powerline represent a
common noise source in the ECG that is characterized by
50 or 60 Hz sinusoidal interference, possibly accompanied
by a number of harmonics. Such narrowband noise ren-
ders the analysis and interpretation of the ECG more
difficult, as the delineation of low-amplitude waveforms
becomes unreliable and spurious waveforms may be in-
troduced (6). Although various precautions can be taken to
reduce the effect of powerline interference, for example, by
selecting a recording location with few surrounding elec-
trical devices or by appropriately shielding and grounding
the location, it may still be necessary to perform signal
processing to remove such interference. Several techni-
ques have been presented for this purpose, ranging from
straightforward linear, bandstop filtering to more ad-
vanced techniques that handle variations in powerline
frequency and suppress the influence of transients man-
ifested by the occurrence of QRS complexes (5,7).

A major concern when filtering out powerline interfer-
ence is the degree to which the QRS complexes influence

the output of the filter. The QRS complex acts, in fact, as
an unwanted, large-amplitude impulse input to the filter.
As linear, time-invariant notch filters are generally more
sensitive to the presence of such impulses, powerline
filters with a nonlinear structure may be preferable (8).
In order to assure that a filter does not introduce unac-
ceptable distortion, its performance should be assessed by
means of simulated signals so that distortion can be
exactly quantified.

3. QRS DETECTION

The presence of a heartbeat and its occurrence time is
basic information required in all types of ECG signal
processing. As the QRS complex is that waveform that is
most easily discerned from the ECG, beat detection is
synonymous to the detection of QRS complexes. The de-
sign of a QRS detector is of crucial importance because
poor detection performance may propagate to subsequent
processing steps and, consequently, limit the overall per-
formance of the system. Beats that remain undetected
constitute a more severe error than do false detections; the
former type of error can be difficult to correct at a later
stage in the chain of processing algorithms, whereas,
hopefully, false detections can be eliminated by, for exam-
ple, performing classification of QRS morphologies.

A QRS detector must be able to detect a large number
of different QRS morphologies in order to be clinically
useful and able to follow sudden or gradual changes of the
prevailing QRS morphology. Furthermore, the detector
must not lock onto certain types of rhythm, but treat the
next possible event as if it could occur at almost any time
after the most recently detected beat. Several detector-
critical types of noise and artifacts exist depending on the
ECG application of interest. The noise may be highly
transient in nature or be of a more persistent nature, as
exemplified by the presence of powerline interference. In
the case of an ECG recording with episodes containing
excessive noise, it may be necessary to exclude such
episodes from further analysis. Figure 3 illustrates two
types of noise that are particularly problematic in QRS
detection.

Most detectors described in the literature have been
developed from ad hoc reasoning and experimental in-
sight. The general detector structure can be described by
the block diagram in Fig. 4 (9,10). Within such a detector
structure, the purpose of the preprocessor is to enhance
the QRS complexes while suppressing noise and artifacts;
the preprocessor is usually implemented as a linear filter
followed by a nonlinear transformation. The output of the
preprocessor is then fed to a decision rule for detection.
The purpose of each processing block is summarized
below.

The linear filter is designed to have bandpass charac-
teristics such that the essential spectral content of the
QRS complex is preserved, while unwanted ECG compo-
nents such as the P and the T waves are suppressed (see
Fig. 5). The center frequency of the filter varies from 10 to
25 Hz and the bandwidth from 5 to 10 Hz. In contrast to
other types of ECG filtering, waveform distortion is not a
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critical issue in QRS detection. The focus is instead on
improving the SNR to achieve good detector performance.

The nonlinear transformation further enhances the
QRS complex in relation to the background noise as well
as transforming each QRS complex into a single positive
peak better suited for threshold detection. The transfor-
mation may consist of a memoryless operation, such as
rectification or squaring of the bandpass-filtered signal, or
a more complex transformation with memory. Not all
preprocessors employ a nonlinear transformation, but
the filtered signal is instead fed directly to the decision
rule.

The decision rule takes the output of the preprocessor
and performs a test on whether a QRS complex is present
or not. The decision rule can be implemented as a simple
amplitude threshold procedure, but usually include addi-
tional tests, for example, on reasonable waveform dura-

tion, to assure better immunity against various types of
noise. The threshold is usually adapted to the most recent
waveform amplitudes so that gradual changes in ampli-
tude can be tracked.

It is interesting to note that the above detector struc-
ture can be derived from a model-based perspective by
applying maximum likelihood estimation to a statistical
model whose parameters describe the unknown occur-
rence time y and amplitude a (5),

xðnÞ¼asðn� yÞ þ vðnÞ: ð1Þ

In this model, the observed signal x(n) is assumed to be
composed of the waveform of interest, denoted s(n), and
additive noise v(n), being a stationary, white Gaussian
process. Although this model only accounts for a single
heartbeat, the resulting detector structure can still be
used to process successive intervals of the ECG signal.

Detector performance is commonly measured in terms
of the probability of a true beat being detected, denoted
PD, and the probability of a false beat being detected PF.
The probability of a missed beat PM is related to the
probability of detection through PD¼ 1� PM. These prob-
abilities are usually estimated from the performance
figures that results from analyzing a database of ECGs
containing a large variety of QRS morphologies and noise
types. The estimators are defined by ratios that include
the number of correctly detected QRS complexes ND, the
number of false alarms NF, and the number of missed
beats NM [i.e., P̂F¼NF=ðNDþNFÞ and
P̂D¼ND=ðNDþNMÞ]. As each probability is determined
for each of the ECG recordings in the database, it is
customary to compute a ‘‘gross’’ average of the estimates
in order to reflect the overall performance of the QRS
detector.

The numbers ND, NF, and NM can only be computed
once the database has been subjected to manual annota-
tion. Such annotation is typically a laborious process,
involving one or several skilled ECG readers, and leads
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Figure 5. Power spectrum of the P wave, QRS complex, and T
wave. The diagram serves as a rough guide to where the spectral
components are located; large variations exist between beats of
different lead, origin, and subjects.
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occurrence times of the detected QRS complexes.

Figure 3. Examples of noise being proble-
matic in QRS detection caused by electrode
motion artifacts (top) and electromyographic
noise (bottom).
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to every QRS complex being assigned its correct occur-
rence time yi. A beat is said to have been detected when
the difference between the estimated occurrence time ŷj
and the annotation time yi is within a certain matching
window defined by Dy. A false detection is produced when
ŷj is located at a distance larger than Dy from any yi, and a
beat is considered to have been missed when no detection
occurs closer than Dy to yi (Fig. 6).

As indicated by its name, the QRS detector is designed
to detect heartbeats, while not producing occurrence times
of the QRS complexes with high temporal resolution.
Hence, it may be necessary to improve the resolution
using an algorithm that performs time alignment of the
detected beats. Such alignment reduces, for example, the
problem of smearing that may occur when computing the
ensemble average of several beats.

4. WAVE DELINEATION

Once the QRS complex has been detected, the T wave can
be analyzed because ventricular repolarization always
follows depolarization. Conversely, the P wave does not
lend itself as easily to analysis because atrial and ventri-
cular rhythms may be independent of each other. In the

vast majority of cases, however, atrial and ventricular
rhythms are associated so that P wave detection may be
based on a backward search in time, beginning at the QRS
complex and ending at the end of the preceding T wave.

A method of wave delineation determines the bound-
aries of each wave within the PQRST complex so that,
with the resulting time instants, different wave durations
can be computed (see Fig. 7). Once a wave has been
delineated, other measures characterizing the wave,
such as amplitude and morphology, can be easily com-
puted. Such a method must also be able to detect when a
certain wave is absent; this situation is commonly en-
countered because, for example, only the R wave or the S
wave is present in certain leads or pathologies.

The classic definition of a wave boundary is the time
instant at which the wave crosses a certain amplitude
threshold level. Unfortunately, this definition is not well-
suited for the common situation when the ECG contains
baseline wander, and, therefore, this definition is rarely
applied in practice. Instead, many methods for wave
delineation exploit the change in slope that occurs at a
boundary to avoid the problems because of low-frequency
noise. Hence, the first derivative of the signal is calculated
and analyzed with respect to zero crossings and extreme
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values. This type of delineation is illustrated by Fig. 8
where the aim is to find the end of the S wave; the other
wave boundaries of the PQRST complex can be found in a
similar way. In this example, the search for the endpoint
starts when the steepest upslope of the S wave occurs and
continues until the derivative of the signal falls below a
certain threshold value. The time instant at which the
level is crossed defines the QRS end. As the above search
procedure is based on the assumption that each of the
different waves is present, it is necessary to first establish
which waves are absent to ensure meaningful delineation.
Such wave detection is usually done by analyzing the
pattern of successive peak amplitudes and interpeak

distances of the differentiated signal in an interval posi-
tioned around the QRS complex.

The threshold level that determines the position of a
wave boundary may be fixed and chosen with reference to
a slope value that is representative of the boundary to be
determined. Alternatively, the threshold may be related to
signal morphology so that its level is set to a certain
percentage of the maximum slope (11). The latter type of
thresholding is more suggestive of a cardiologist’s ap-
proach to delineation because the boundaries of a large-
amplitude wave with steep slopes and a low-amplitude
wave with less steep slopes will occur at about the same
position.

In noisy signals, wave delineation from the differen-
tiated signal performs poorly because an already low
signal amplitude at the wave boundary is disturbed by
noise. The performance can, to a certain degree, be im-
proved by combining signal differentiation with lowpass
filtering to attenuate high-frequency noise. The cut-off
frequency of the lowpass filter may be fixed or, better,
adapted to the spectral content of the wave to be deli-
neated (12). For example, delineation of the QRS complex
should be based on a filter with a higher cut-off frequency
than the filter used to find the end of the T wave, reflecting
the fact that the T wave contains much less high-fre-
quency components (see Fig. 9).

The threshold levels, or the shapes of the waveform
templates, should be chosen such that the resulting
delineation agrees with those obtained by cardiological
expertise. Following training of the delineation method to
obtain suitable parameter values, its performance should
be evaluated on a database with P, QRS, and T wave
boundaries having been manually annotated (13,14). De-
lineation performance is described in terms of the mean
and standard deviation of the error between the bound-
aries produced by the method and the experts (15,16). It is
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Figure 9. Wave delineation based on lowpass dif-
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differentiated and lowpass-filtered to yield the
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tion. The QRS end is the time at which the differentiated signal
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threshold level is usually expressed as a percentage of the
maximum slope.
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important to realize that a zero value of the standard
deviation can never be attained because a certain disper-
sion will always exist even among experts. However, a
method’s performance is judged as satisfactory when the
dispersion is approximately on the same order as that
among experts (17).

Wave delineation is particularly problematic when
determining the end of the T wave, which is often char-
acterized by a very gradual transition to the isoelectric
line of the ECG, see, for example, the T wave in Fig. 9. In
fact, its delineation is problematic even among cardiolo-
gists, and differences between cardiologists may occasion-
ally approach as much as 100 ms (17). Despite these
difficulties, the end of the T wave is an extremely impor-
tant boundary, required when computing the total dura-
tion of ventricular depolarization and repolarization. As a
result of the importance of this measurement, several
techniques have been developed for the purpose of ro-
bustly determining the T wave end (18–20). Multiresolu-
tion signal analysis of the ECG using the dyadic wavelet
transform, in which the signal is analyzed at different
time resolutions, has proven to be well-suited for T wave
delineation. By first determining a robust, but prelimin-
ary, boundary position from a smooth approximation of
the original signal, the position can be refined by analyz-
ing the properties of better approximations in an interval
positioned around the preliminary boundary. The wavelet-
based approach can, with an appropriate choice of wavelet
function, be viewed as a filter bank of lowpass differentia-
tors with varying cut-off frequencies. Evaluating the per-
formance of the methods based on either lowpass
differentiation or wavelet analysis, the latter method has
been found to produce T wave ends in better agreement
with those produced by cardiologists (21).

5. DATA COMPRESSION

As a wide range of clinical examinations involve the
recording of ECG signals, huge amounts of data are
produced not only for immediate scrutiny, but also for
storage in a database for future retrieval and review. It is
well-known that the availability of one or several previous
ECG recordings improves diagnostic accuracy of various
cardiac disorders, including myocardial infarction. Today,
such serial ECG comparison encompasses short-duration
recordings acquired during rest, but may in the future
encompass long signals, for example, acquired during
stress testing or ambulatory monitoring. Although hard
disk technology has undergone dramatic improvements in
recent years, increased disk size is paralleled by the ever-
increasing wish of physicians to store more information.
In particular, the inclusion of additional ECG leads, the
use of higher sampling rates and finer amplitude resolu-
tion, the inclusion of other, noncardiac signals such as
blood pressure and respiration, and so on, lead to rapidly
increasing demands on disk size. It is evident that efficient
methods of data compression will be required for a long
time to come.

Another driving force behind the development of meth-
ods for data compression is the transmission of ECG

signals across public telephone networks, cellular net-
works, intrahospital networks, and wireless communica-
tion systems. Such data transmission may be initiated
from an ambulance or a patient’s home to the hospital and
has, among other things, been found to be valuable for
early diagnosis of an infarct.

An ECG signal exhibits a certain amount of redun-
dancy, as manifested by correlation between adjacent
samples, the recurrence of heartbeats with similar mor-
phology, and the relative resemblance between different
leads. Considerable savings can be achieved in terms of
storage capacity and transmission time by exploiting the
different types of redundancy so that each sample can be
represented by fewer bits than in the original signal.
Hence, the data compression algorithm should account
for the fact that the signal contains recurrent heartbeats,
often with similar morphology, and that the signal is,
almost invariably, a multilead recording. Equally impor-
tant, it must account for the fact that both small- and
large-amplitude waveforms are present in the signal,
carrying important diagnostic information, whereas the
isoelectric line contains negligible information.

The overall goal is to represent a signal as accurately as
possible using the fewest number of bits, by applying
either lossless compression, in which the reconstructed
signal is an exact replica of the original signal, or lossy
compression, in which the reconstructed signal is allowed
to differ from the original signal. With lossy compression,
a certain amount of distortion has to be accepted in the
reconstructed signal, although the distortion must remain
small enough not to modify the diagnostic content of the
ECG. For both types of compression, it may be necessary
to perform noise filtering of the ECG signal before it is
subjected to data compression.

The outcome of data compression is critically depen-
dent on the sampling rate and the number of bits used to
represent each sample of the original signal. For example,
a signal acquired at a low sampling rate contains less
redundancy than one acquired at a high rate; as a result,
the compression ratio, defined as the bit size of the
original signal divided by the bit size of the compressed
signal, is lower for a signal acquired at a lower sampling
rate. Other factors that influence the outcome of data
compression are the signal bandwidth, the number of
leads, and the noise level. For example, a signal sampled
at a rate of 500 Hz but bandlimited to 50 Hz is associated
with a better compression ratio than is a signal bandlim-
ited to the Nyquist frequency of 250 Hz. Consequently, it is
imperative that any comparison of performance for differ-
ent compression methods is based on identical values of
the system parameters.

Methods for data compression may be categorized
according to the following three main types of data
redundancy found in ECG recordings:

* Intersample or, equivalently, intrabeat redundancy is
exploited by employing either direct or transform-
based methods.

* Interbeat redundancy is manifested, within each
lead, by successive, similar-looking heartbeats.
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Hence, their occurrence times must be determined by
a QRS detector before interbeat redundancy can be
exploited.

* Interlead redundancy is because of the fundamental
fact that a heartbeat is ‘‘viewed’’ concurrently in
different leads. Therefore, waveforms exhibit inter-
lead correlation that depend on the distance between
electrodes on the body surface.

It should be noted that many methods of data compression
have been designed to solely deal with the first type of
redundancy, although methods that deal with all three
types combined are becoming increasingly common. The
block diagram in Fig. 10 presents the two main steps in
data compression. In the first step, the redundancy of the
original signal is reduced so that a more compact signal
representation is obtained. The output data is then fed to
an encoder whose purpose is to produce an efficiently
coded bit stream suitable for storage or transmission.

5.1. Direct Methods for Data Compression

Direct methods operate in the time domain by extracting a
set of K ‘‘significant’’ samples x(nk) from the original signal
x(n) such that

ðn; xðnÞÞ;n¼ 0; . . . ;N � 1! ðnk; xðnkÞÞ;

k¼ 0; . . . ;K � 1;
ð2Þ

where KoN. The resulting subset of K samples is retained
for data compression, and the other samples are dis-
carded. Reconstruction of the samples between the sig-
nificant samples is achieved by interpolation using the
following general expression:

~xðnÞ¼

xðnÞ; n¼n0; . . . ;nK�1;

fn0 ;n1 ðnÞ; n¼n0þ 1; . . . ;n1 � 1;

..

. ..
.

fnK�2 ;nK�1
ðnÞ; n¼nK�2þ 1; . . . ;nK�1 � 1:

8

>

>

>

>

>

>

<

>

>

>

>

>

>

:

ð3Þ

The first and last significant samples of the signal x(n) are
usually chosen to be n0¼ 0 and nK�1¼N � 1, respectively.
The interpolating function fnk�1;nk

ðnÞ usually has a poly-
nomial form of low order, approximating the signal with
zero- or first-order polynomials, for example, by a se-
quence of plateaus or straight lines. First-order (linear)

interpolation has become especially popular because the
signal can be completely reconstructed from the set of
significant samples x(nk). Although more advanced inter-
polating functions can be used (e.g., rational or trigono-
metric functions), additional parameters need to be stored
as side information to reconstruct the signal. As a result,
improvements in performance may still be lost because of
the additional cost of representing the interpolating func-
tion.

The selection of significant samples can be viewed as an
‘‘intelligent’’ subsampling of the signal in which the iso-
electric segments are approximated by a small number of
samples, whereas the QRS complex is much more densely
sampled so that the essential information contained in the
ECG is preserved. A simplistic approach would be to select
the significant samples from among the turning points of
the signal (i.e., its peaks and valleys); however, the error
between the original and reconstructed signal may at
times be quite considerable. Therefore, the selection of
significant samples is usually based on a criterion assur-
ing that the reconstruction error remains within a certain
tolerance. The selection process can be performed sequen-
tially so that the next significant sample is selected with
reference to the properties of preceding signal properties.
Alternatively, a larger block of samples can be processed
at the same time so that significant samples are selected
with reference to the enclosing signal properties. Although
the block-based approach can be expected to yield better
performance, it is less suitable for real-time processing.

The performance of direct methods is particularly
influenced by the noise level of the ECG, as the number
of significant samples required to meet the maximal error
tolerance increases as the noise level increases. Accord-
ingly, poorer compression ratios are achieved at high noise
levels. Although direct methods work satisfactorily when
processing ECGs acquired during resting conditions, the
very idea of selecting significant samples can be ques-
tioned in noisy recordings.

AZTEC and SAPA are two well-known examples of
direct methods for data compression (22,23); several var-
iations and improvements on these two methods have
been suggested over the years (24,25).

5.2. Transform-Based Data Compression

Transform-based compression assumes that a compact
signal representation exists in terms of the coefficients of
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Figure 10. Data compression of ECG signals.
The output of the block performing redundancy
reduction is a sequence of data coefficients. The
output may also include side information, which,
for example, describes the set of basis functions
used for computing the data coefficients. The
encoder translates the input into an efficiently
coded bit stream.
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a truncated orthonormal expansion,

x¼
X

N

k¼ 1

wkuk; ð4Þ

where x denotes a column vector containing N ECG
samples, wk the coefficients, and uk the basis functions.
The basic idea is to obtain an estimate of x by truncation of
the complete series expansion in Equation 4 so that only K
out of the N terms are included. The coefficients w1; . . . ;wK

are retained for storage or transmission, hopefully provid-
ing adequate signal reconstruction, whereas the remain-
ing (N�K) coefficients, being near zero, are discarded.
The coefficients wk are obtained by correlating x with each
of the basis functions (i.e., by computing the inner product
wk¼uT

kx). Hence, the subset of K coefficients constitutes
the information to be compressed, and from which the
signal is later reconstructed. If the basis functions are a
priori unknown, the set of coefficients must be supple-
mented with the samples of the required basis functions.
Following data compression, the reconstructed signal ~xK

is obtained from

~xK ¼
X

K

k¼ 1

wkuk: ð5Þ

In contrast to most direct methods, transform-based
methods require that the ECG first be partitioned into a
series of successive blocks, where each block is subse-
quently subjected to data compression. The signal may be
partitioned so that each block contains one heartbeat, and,
therefore, QRS detection must always precede such com-
pression methods. Each block is positioned around the
QRS complex, starting at a fixed distance before the QRS
that includes the P wave and extending beyond the T wave
end to the beginning of the next beat. As the heart rate is
not constant, the distance by which the block extends after
the QRS complex is adapted to the prevailing heart rate.

A fixed number of basis functions are often considered
for data compression, with the value of K being chosen
from considerations concerning overall performance ex-
pressed in terms of compression ratio and reconstruction
error. Although serving as an important guideline to the
choice of K, such an approach may occasionally produce an
unacceptable representation of certain beat morphologies.
As the loss of morphologic detail causes incorrect inter-
pretation of the ECG, the choice of K can be adapted for
every beat to the properties of the reconstruction error
ðx� ~xK Þ (26). For example, the value of K may be chosen
such that the RMS value of the reconstruction error does
not exceed the error tolerance e or, more demanding, that
none of the reconstruction errors of the entire block
exceeds e. It is evident that the value of K sometimes
becomes much larger than the value suggested based on
considerations on overall performance; however, it some-
times also becomes smaller. By letting K be variable, one
can fully control the quality of the reconstructed signal,
while also being forced to increase the amount of side

information because one must keep track of the value of K
for every data block.

A crucial question to address is which set of basis
functions to choose for data compression. It is well-known
that the Karhunen–Loève (KL) expansion is optimal in
that it minimizes the MSE of approximation, and, there-
fore, the KL basis functions have become popular (26–28).
The basis functions are obtained as eigenvectors of the
correlation matrix Rx that is determined from one or
several datasets. The basis functions are labeled ‘‘univer-
sal,’’ when the dataset originates from many patients, or
‘‘subject-specific,’’ when the data originates from a single
recording. Although it is rarely necessary to store or
transmit universal basis functions, subject-specific func-
tions need to be part of the side information. The use of
universal KL basis functions is illustrated by Fig. 11.

The above-mentioned compression methods are de-
signed to reduce intersample redundancy of the ECG,
while not dealing with the fact that successive beats often
have almost identical morphology. A simplistic approach
to dealing with interbeat redundancy is to use the pre-
vious beat to predict the next, and to only code the
difference. By repeating the prediction for all beats, a
difference signal is produced whose magnitude is much
smaller than the original one, thus requiring fewer bits for
its representation. A major drawback of the simple ‘‘pre-
vious-beat’’ predictor is its vulnerability to noise, a prop-
erty that can be improved by using a predictor based on
averaging of the most recent beats (29).

A fundamental assumption of the beat subtraction
approach is that the beats, used to predict the next beat,
exhibit similar morphology. To ensure this similarity, it is
necessary to first categorize the beats according to their
respective morphology so that several average beats can
be initialized. A straightforward approach to such beat
categorization (clustering) would be to consider the energy
of the prediction error

P

n e
2
i ðnÞ in a beat interval: A new

average beat is initialized if the energy exceeds a certain
threshold, unless the current beat matches an already
existing average beat category.

As considerable correlation exists between different
ECG leads, data compression of multilead ECGs would
benefit from exploring interlead redundancy rather than
just applying the previously described methods to one lead
at a time. Direct methods for single-lead data compression
have turned out to be not easily extended to multilead
compression, although a few adaptations have been pre-
sented. With transform-based methods, interlead correla-
tion may be dealt with in two steps, namely, a
transformation that concentrates the signal energy spread
over the total number of leads into a few leads, followed by
compression of each transformed lead using a single-lead
technique (5).

5.3. Performance Evaluation

The compression ratio PCR is a crucial measure when
evaluating the performance of data compression methods.
It is defined as the ratio between the number of bits
required to represent the original signal x(n) and the
number of bits required to represent the compressed

ELECTROCARDIOGRAM (ECG) SIGNAL PROCESSING 9



signal ~xðnÞ. Another crucial measure is the bit rate PBR,
defined as the average number of bits required per second
to represent the ECG, and is, in contrast to PCR, indepen-
dent of sampling rate and word length. However, none of
these two measures provide sufficient detail on the per-
formance when lossy data compression is used because
they do not reflect the distortion of the reconstructed
signal. Accordingly, an excellent PCR or PBR may be
achieved at the expense of a severely distorted signal,
and, therefore, an essential aspect of data compression is
to define complementary performance measures that re-
flect the accuracy with which the diagnostic information
in the original ECG signal is preserved.

The percentage root mean-square difference (PRD) is a
frequently employed distortion measure that quantifies
the error between the original signal x(n) and the recon-
structed ~xðnÞ, defined by

PPRD¼ 100 �

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

X

N�1

n¼ 0

ðxðnÞ � ~xðnÞÞ2
,

X

N�1

n¼ 0

x2ðnÞ;

v

u

u

t ð6Þ

where it is assumed that the mean value of x(n) has been
subtracted prior to data compression. The measure PPRD

has become popular because of its computational simpli-
city and the ease with which distortion can be compared
from one signal to another. However, PPRD has certain
flaws that make it unsuitable for performance evaluation.
For example, compression of ECGs with large-amplitude
QRS complexes results in less distortion than does com-
pression of an ECG with small-amplitude QRS complexes,
even if the squared error ðxðnÞ � ~xðnÞÞ2 is identical in both
cases. This disadvantage can, to a certain degree, be
mitigated by replacing the energy normalization in PPRD

with a fixed normalization so that the modified measure,
denoted PRMS, describes the error in absolute terms,

PRMS¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1

N

X

N�1

n¼ 0

ðxðnÞ � ~xðnÞÞ2:

v

u

u

t ð7Þ

This measure is somewhat more suggestive of diagnos-
tic ECG interpretation where criteria are expressed as
millivolt wave amplitudes rather than in percentages of
signal energy. However, care should be exercised when
noisy signals are compressed because PRMS then would
represent the noise discarded by the compression method,
as measured by the difference between x(n) and ~xðnÞ,
rather than by the distortion of the ECG.

Performance is often presented as a rate distortion
curve where signal distortion is displayed as a function
of PBR. Such a curve is shown in Fig. 12 for transform-
based data compression (based on the KL transform), with
PRMS as the chosen distortion measure. With this type of
curve, the operating point of a compression method can be
easily defined, specifying the bit rate at which acceptable
distortion of the reconstructed signal is achieved. By
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from 10 minutes of ECG data, selected from the MIT–BIH data-
base.
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requiring the distortion to be low, for example, a PRMS of
only 12 mV, it is tempting to believe that the diagnostic
information in the reconstructed signal is preserved.
However, both PPRD and PRMS suffer from an inability to
reflect loss of diagnostic information; instead, all samples
are treated equally whether located in the QRS complex or
in the uninformative isoelectric segment. Although the
loss of a tiny Q wave in the reconstructed signal essen-
tially goes unreflected, the absence of a Q wave represents
an essential loss from a diagnostic point of view when, for
example, diagnosing myocardial infarction.

The weighted diagnostic distortion (WDD) measure
PWDD is one of the few mathematically defined measures
that addresses the limitations of distortion measures
based on the error between samples of the original and
reconstructed signal (30). The measure PWDD is composite
because it involves various wave parameters essential to
ECG interpretation, especially wave amplitudes and dura-
tions of the PQRST complex. Assuming that measure-
ments of the kth ECG parameter have been obtained
from the original and reconstructed signals, denoted bk
and ~bk respectively, a normalized error Dbk can be defined,

Dbk¼
jbk � ~bkj

maxðjbkj; j ~bkjÞ
; ð8Þ

which is constrained to the interval 0oDbk � 1; it is
assumed that bk and ~bk have nonzero values. When
several beats are available for measurement, the resulting
values of Dbk are averaged before further processing is
done. For a set of P different parameters on amplitude and
duration, the WDD performance measure is defined as

PWDD¼ 100 �
X

P

k¼ 1

akðDbkÞ
2

,

X

P

k¼1

ak; ð9Þ

where the coefficients ak make it possible to weight the
parameter measurement errors Dbk in relation to their
overall significance. Such weighting can be used to em-
phasize measurements of particular significance, such as
ST segment measurements in ischemia monitoring.

An important aspect of performance evaluation is, of
course, the choice of ECG database. As the performance of
a method depends on the noise level, the evaluation
should be based on data representative of the application
in question. The amount of ectopic beats and arrhythmias
are other factors that, to various degrees, influence the
evaluation outcome.

6. CLUSTERING OF BEAT MORPHOLOGIES

Feature extraction may be performed for the purpose of
characterizing the morphology of a QRS complex.
Although the durations and amplitudes that result from
wave delineation contain important diagnostic informa-
tion, additional features are required to reliably group
beats with similar morphology into the same cluster. One
approach to feature extraction is to derive a set of ‘‘heur-
istic’’ features that, for example, describe the area, polar-

ity, and slopes of the waves. Another, more robust,
approach is to make use of the coefficients that result
from the correlation of each beat with either a set of
predefined orthonormal basis functions or a set of QRS
templates. Based on the set of extracted features, cluster-
ing of QRS morphologies can be performed. In its simplest
form, clustering may be used to single out beats that
deviate from the predominant morphology, which is
usually that belonging to the normal sinus beat (see Fig.
13). Once this is done, beats belonging to the ‘‘sinus
cluster’’ can be subjected to, for example, ensemble aver-
aging or heart rate variability analysis. In other situa-
tions, reason to study the entire range of beat clusters
exists. As clustering does not assign a label with a
physiological meaning to a beat, it may be necessary to
classify the beats according to their cardiac origin.

Clustering is based on a set of features, contained in the
column vector pi, which describe waveform morphology
and, possibly, also rhythm properties of the current beat.
In its simplest form, pi contains time-domain samples of
the QRS samples, and is often used in combination with
the cross-correlation coefficient ril as a measure of pattern
similarity (31–34),

ril¼
pT
i ll

k pi k2k ll k2
; ð10Þ

where 8 � 82 denotes the Euclidean norm. The column
vector ll defines the mean of the lth beat cluster (and is
commonly referred to as a ‘‘template’’ beat). The ECG
samples of the current beat are usually bandpass-filtered
before clustering so that the influence of baseline wander
and EMG noise is reduced. A straightforward approach to
clustering is given by assigning the ith beat to the cluster
for which the highest correlation coefficient is achieved,
provided that it exceeds a certain minimum threshold; if it
does not, a new cluster is created. More advanced ap-
proaches to clustering have recently been presented that
make use of artificial neural networks, see, for example,
Refs. 35 and 36.

Using the cross-correlation coefficient as a measure of
similarity, it is easily shown that clustering becomes
invariant to changes in QRS amplitude. Amplitude invar-
iance is acceptable in certain types of ECG analysis where
the information in demand is restricted to the timing of
sinus beats. However, invariance to amplitude changes
exceeding those induced by respiration is undesirable
when the purpose is to average the sinus beats of a cluster
for noise reduction as required, for example, in high-
resolution ECG analysis; averaging of similar-shaped
beats with widely differing QRS amplitudes produces a
nonrepresentative ensemble average.

The basis function representation, previously consid-
ered for data compression, has also been considered for
feature extraction when clustering heartbeats, often ex-
pressed in terms of the Karhunen–Loève or the Hermite
basis functions (35–39). In such cases, the coefficients of
the series expansion that correspond to the most impor-
tant basis functions would define the feature vector pi.
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Improved accuracy of the occurrence time is intimately
related to the clustering process because the current beat
pi can be optimally aligned in time to ll when similarity is
measured. The availability of morphologic information
through ll may be used to improve the accuracy of the
time, originally determined by the QRS detector that
operates at a lower temporal resolution (and determined
without considering the morphology of previous beats).
When clustering is based on the cross-correlation coeffi-
cient, the samples of pi are correlated to the mean of the
cluster ll and shifted in time until the highest cross-
correlation value is obtained; the resulting value is used
for cluster assignment. It is important to realize that
omission of the time alignment operation leads to the
initiation of undesired clusters.

7. ECG SIGNAL PROCESSING IN APPLICATIONS

Numerous types of ECG analysis have been developed
that draw on the ECG signal processing so far presented.
It is outside the scope of this text to provide a comprehen-
sive description of such types of analysis. Instead, this
article is concluded by briefly mentioning two types of
analyses that both exploit low-level activities of the ECG,
aiming either at characterizing static properties of the
ECG (‘‘high-resolution ECG’’) or dynamic properties (‘‘T
wave alternans’’).

7.1. High-Resolution ECG

For many years, the interpretation of resting ECGs was
based on measurements derived from waves whose am-
plitude were at least several tens of microvolts; waves
with smaller amplitudes were ignored because these were
almost always caused by noise. This limitation was, how-
ever, removed with the advent of the high-resolution ECG
with which it became possible to detect signals on the

order of 1mV thanks to signal averaging techniques. The
high-resolution ECG has helped unlock novel information
and has demonstrated that signal processing for the
purpose of noise reduction is a clinically viable technique.
The acquisition procedure is usually the same as for the
resting ECG, except that the signal is recorded over an
extended time period so that a sufficiently low noise level
is attained by averaging.

Different subintervals of the cardiac cycle have re-
ceived special attention in high-resolution ECG analysis,
and low-level signals have been considered in connection
with (1) the bundle of His that depolarizes during the PR
segment (40,41), (2) the terminal part of the QRS complex
and the ST segment where so-called ‘‘late potentials’’ may
be present (42–44), (3) intra-QRS potentials (45,46), and
(4) the P wave (47,48). Of these four applications, the
analysis of late potentials has received the most wide-
spread clinical attention. Late potentials may be found in
patients with myocardial infarction where ventricular
depolarization can terminate many milliseconds after
the end of the QRS complex (Fig. 14). This prolongation
is because of delayed and fragmented depolarization of the
cells in the myocardium that surround the dead region
(scarred tissue) caused by infarction; the conduction cap-
ability of the bordering cells is severely impaired by
infarction. Many studies have demonstrated the impor-
tance of late potentials when, for example, identifying
postinfarct patients at high risk of future life-threatening
arrhythmias, see, for example, Ref. 49.

The high-resolution ECG rests on the assumption that
the signal to be estimated has a fixed beat-to-beat mor-
phology. As the high-resolution ECG is often expected to
contain high-frequency components up to at least 250 Hz,
the sampling rate is at least 1 kHz. It is essential that the
occurrence time of each beat (the ‘‘fiducial point’’) is
accurately determined from each individual beat before
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Figure 13. Clustering of an ECG that contains two
different beat morphologies. Cluster 1 contains the sinus
beats, whereas cluster 2 contains the two ectopic beats.
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ensemble averaging to avoid smearing of low-amplitude,
high-frequency components of the ECG.

Ensemble averaging is related to the following signal
model in the ith beat xi is assumed to be additively
composed of a deterministic signal component s and
random noise vi, which is asynchronous to cardiac activ-
ity,

xi¼ sþvi; i¼1; . . . ;M: ð11Þ

It is assumed that only sinus beats are modeled (i.e., beats
of ectopic origin have already been sorted out by means of
some technique for morphologic clustering). Representing
the entire ensemble with the matrix X,

X¼ ½x1 x2 � � �xM�; ð12Þ

where each column vector contains one beat, an estimate
of the signal s is obtained by computing the ensemble
average,

ŝ¼
1

M
Xw; ð13Þ

where w denotes a weight vector whose elements are all
equal to one. When the noise is uncorrelated from beat to
beat and with a standard deviation that remains constant
throughout the ensemble, the noise level is reduced by a
factor

ffiffiffiffiffi

M
p

. In situations when the noise level varies over
time, it is instead preferable to use weighted averaging in
which each weight of w is inversely proportional to the
noise level (5).

Once a low-noise ECG signal is produced by ensemble
averaging, the late potential components can be eluci-
dated from the terminal part of the QRS complex and the
ST segment using linear, time-invariant highpass filter-
ing. In order to avoid that filter ringing may obscure the
low-amplitude components, the ensemble average ŝ is
filtered backward in time rather than forward as is
customary. The detection of late potentials is commonly
accomplished by first determining the time instant when
the signal activity ends, involving a threshold procedure
that relates to the residual noise level of ŝ (44); then, the

amplitude of the interval immediately preceding the
determined endpoint must be sufficiently low for a detec-
tion to occur.

7.2. T-Wave Alternans

Tiny beat-to-beat alternations in T wave morphology are
related to myocardial ischemia and have been found
useful as a predictor of malignant ventricular arrhyth-
mias that often lead to sudden cardiac death (50,51). The
morphologic alternations follow a flip-flop pattern in
which every other T wave has the same morphology (see
Fig. 15). The alternans is often a low-amplitude phenom-
enon in the microvolt range; therefore, it cannot be easily
perceived by the naked eye from a standard ECG printout,
but requires signal processing techniques for its detection
and quantification (52).

Similar to the detection of late potentials, it is crucial
that successive T waves are properly aligned in time so
that the alternans relates to underlying physiology rather
than to inaccurate alignment. On the other hand, ensem-
ble averaging cannot play a central role in detecting T
wave alternans as such an operation would obliterate the
alternating behavior. Of the several detection methods
that have been devised, the most popular detectors are
based on the following statistical model of the T wave. At a
certain predefined time instant within each T wave, the
observed amplitude x(i) is modeled by

xðiÞ¼Aþað�1Þiþ vðiÞ; i¼ 1; . . . ;M; ð14Þ

where i denotes beat index, M denotes total number of
beats, A denotes T wave amplitude, and a denotes alter-
nans amplitude (although it is 2a that has physiological
significance because it describes the difference between
two beats). The additive noise v(i) is assumed to be a zero-
mean, random process that is stationary and white. As the
amplitude A does not convey any information on alter-
nans, its influence is typically removed from x(i) by
subtracting the mean value �x of xð1Þ; . . . ; xðMÞ so that the
corrected signal yðiÞ¼ xðiÞ � �x is instead analyzed.

By applying statistical detection theory to the model in
Equation 14 under the assumption that the noise v(i)
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Figure 14. (a) The high-resolution ECG ob-
tained by signal averaging the orthogonal X, Y,
and Z leads. (b) The terminal part of the QRS
complex and the ST segment (i.e., the interval
shaded gray in (a), is magnified 10 times in
amplitude to better display the small undula-
tions known as late potentials).
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obeys a Gaussian probability density function, it can be
shown that the optimal detector performs a correlation
between y(i) and the alternating pattern (� 1)i, for exam-
ple:

TG¼
X

M

i¼ 1

yðiÞð�1Þi
 !2

: ð15Þ

The M successive T waves are judged to contain alternans
when the decision statistic TG exceeds a certain threshold
value. Interestingly, the detector in Equation 15 can be
interpreted in terms of power spectral analysis because TG

is exactly the periodogram computed for the highest
normalized frequency at 0.5. In fact, one of the most
popular detectors was heuristically developed from the
observation that alternans is manifested by an increase in
spectral power at 0.5 (53); alternans was detected when
the power at this frequency exceeded a certain factor of
the surrounding spectral power.

The Gaussian detector in Equation 15 is sensitive to
the presence of outliers in y(i) caused by, for example,
baseline wander and ectopic beats. By assuming instead
that the noise v(i) obeys a Laplacian probability density
function (i.e., with heavier tails than the Gaussian func-
tion), the optimal detector becomes more robust to im-
pulsive noise. In the Laplacian detector, the following
decision statistic is compared with a threshold (52),

TL¼
X

M

i¼ 1

ðjyðiÞð�1Þij � jyðiÞð�1Þi � âjÞ; ð16Þ

where â denotes the maximum likelihood estimator of the
alternans amplitude, being defined by

â¼medianðyð1Þ � ð�1Þ; yð2Þ � 1; . . . ; yðMÞ � ð�1ÞMÞ: ð17Þ

It is evident from Equation 16 that the Laplacian detector
puts less emphasis on large-amplitude values in y(i) than
does the Gaussian detector in Equation 15, replacing the
squaring operation with absolute values. Moreover, the
alternans amplitude a is robustly estimated by computing
the median of the signal yðiÞð�1Þi.

Although the above detectors are designed to process a
single interval, they can be easily extended to process
intervals defined by a sliding window with the detection
procedure repeated in each new interval. With the sliding
window approach, a series of successive alternans ampli-

tudes can be produced, thereby providing means for
characterizing the morphology of the ‘‘alternans wave-
form.’’

Using simulated ECG signals, the Laplacian detector
has been found to perform better than the Gaussian one
(52,54). In general, performance assessment is difficult to
study on ECG recordings because manual annotation of T
wave alternans episodes cannot be performed because of
their low amplitude. However, the use of simulated signals
has been found valuable because the presence and extent
of T wave alternans can be controlled in detail.
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1. INTRODUCTION

The electrocardiogram (ECG) is a signal commonly used in
medicine mainly because of its simple acquisition process
and the diagnostic information that can be extracted
concerning the pathophysiological condition of the heart.
It represents the electrical activity of the heart in the
surface of the body. It was observed for the first time by
Waller, in 1889, who recorded it using a capillary electro-
meter. In 1903, Einthoven recorded various cardiac ab-
normalities in human subjects using a string
galvanometer. He introduced several concepts in electro-
cardiography that are still in use, such as the labeling of
the various ECG waves, using the letters from P to U, the
electrode placing for some of the recording types (bipolar),
as well as the definition of the first theoretical cardiac
model, the ‘‘single time-varying dipole.’’ Furthermore,
Einthoven used for the first time the acronym ‘‘EKG’’
instead of ‘‘ECG,’’ as the word ‘‘cardio’’ in Dutch is spelled
with ‘‘k’’ (1).

The recording of the ECG waveform can be achieved by
the amplitude differential measurement between two
points. Each differential recording is referred to as a
lead. Einthoven used three leads, namely I, II, and III,
and defined them as: I¼VLA – VRA, II¼VLL – VRA, and III
¼VLL – VLA, where LA¼Left Arm, RA¼Right Arm, and
LL¼Left Leg. As the human body is a very good conductor
of electricity, the electrodes in the above leads can be
placed in the torso, close to the shoulders and hips instead
of the limbs, without losing any information about the
cardiac electrical activity. It should also be mentioned that
the linear relation holds: II¼ Iþ III, which is known as
the Einthoven’s law.

In 1934, Wilson introduced the concept of ‘‘unipolar’’
recordings combining the three limbs together and defin-
ing their potential average as a reference point. In this
way, each lead can record the differential amplitude with
respect to the same reference. From the work of Wilson
and hereafter, the standard ECG recording consists of the
three limb leads of Einthoven, I, II, and III, the three
augmented leads, aVL, aVR, and aVF, and the six
unipolar (or thoracic) leads, V1–6, placed across the chest.
The 12 leads are shown in Fig. 1. The augmented leads

introduced by Wilson are:

aVL¼
2VLA � VRA � VLL

2

aVR¼
2VRA � VLA � VLL

2

aVF¼
2VLL � VLA � VRA

2
:

The unipolar leads are defined using the following for-
mula:

Vi¼ui �
1

3
ðVLA þVRA þVLLÞ;

where i¼ 1, 2, y , 6 and ui is the measured potential in
each chest point.

It should be mentioned that the above electrode place-
ments are not optimal for all cardiac events. However,
these leads define the standards of electrocardiography.
Various efforts have been made during the past years to
develop new ways of recording the ECG. The vectorcar-
diogram uses a weighted set of recordings in order to
produce the orthogonal leads X, Y, and Z. The benefit
from this approach is the utilization of the minimum
number of leads for recording the cardiac electrophysiol-
ogy, but few physicians still use it. Another approach is
body surface mapping, which uses several recording
sites (464) and produces a number of isopotential sur-
faces. However, the clinical relevance of this technique is
still under investigation. Furthermore, various subsets of
the 12-lead ECG are used in different clinical conditions
such as the ambulatory ECG, where two or three leads are
employed, or the telemetric monitoring of patients not
confined in bed, where one lead is sufficient. Recently, the
high-resolution ECG has been introduced, which
averages the acquired ECG signal. This technique suffi-
ciently eliminates the random noise and is used to evalu-
ate the late potentials (low-amplitude waveforms) in the
ECG, which are predictive of future life-threatening car-
diac episodes. In all the above ECG recording approaches,
the technological advances have replaced the conventional
hardware with integrated microprocessors and vacuum
tubes and have led to increased clinical functionality.

The first computer applications in medical technology
were used for ECG signal processing and analysis. The
early computer-based ECG systems consisted of a main-
frame that processed the signal and detected its charac-
teristics, like those shown in Fig. 2. Modern ECG
recording instruments employ highly integrated electro-
nics and are capable of acquiring, printing, processing,
and analyzing the signal. Moreover, more sophisticated
systems exist that can provide medical interpretation as
well. These interpretations refer mainly to myocardial
ischemia, arrhythmias, and chronic myocardial diseases.
The physician, however, remains responsible to evaluate
the systems’ output and make the diagnosis.

1
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2. HISTORICAL REVIEW

Various instruments have been designed or adapted for
recording and representing the bioelectric signals; some of
them being mechanical or biological and not electronic (2).
The first bioelectric recorder was the rheoscopic frog,
which consisted of a sciatic nerve and a gastrocnemius
muscle. This recorder was placed around the chest and
could sense signals like the heartbeat or muscle contrac-
tions. Obviously, this instrument was far from sensitive.

The capillary electrometer was created especially for
ECG recording, and Marey used it for the first time in
1876. Burdon-Sanderson, in 1879, used a rheotome (type
of galvanometer) for ECG recording and managed to
reconstruct part of the signal, the one generated by the
ventricles. Waller was the first to obtain the human ECG,
in 1887, as all the previous experiments were conducted
on animals. He concluded that not all of the electrode
placements are optimal, with some of them producing
larger signal amplitudes. Furthermore, he was the first
who stated that the cardiac muscle could be modeled
electrically as a dipole.

However, capillary electrometer could not represent
adequately in time the signal amplitude. Burch, in 1892,

addressed it with a geometric method estimating the
tangent at each recorded point. Einthoven with his correc-
tion method revealed new characteristics of the recorded
signal, the various ECG waves. In 1903, Einthoven, aim-
ing at a more accurate signal representation that would be
clinically useful, improved the string telegraphic galvan-
ometer of Ader. His work combined several findings of
other researchers such the 25mm/s recording speed of
Marey and the bucket electrodes and leads of Waller. Soon
after, the string galvanometer was used in hospitals (1912;
Rockefeller Institute Hospital in the United States).

Waller introduced the concept of the electrical axis, or
cardiac vector, and Einthoven was the one who trans-
ferred it to clinical practice in 1913. He stated that the
heart could be placed theoretically in the center of an
equilateral triangle with the apices located in the right
and left shoulders and in the middle of the bottom part of
the torso. Also, after several experiments, he concluded in
the three limb leads (right and left arm and left leg) as
standard ECG electrode placements. Combining the con-
cept of the equilateral triangle with the three standard
leads, he established a method to calculate the direction
and magnitude of the electric cardiac vector. His theories
are still in use today, but the equilateral triangle has been
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Figure 1. The 12-lead ECG consists of the three
bipolar surface leads, I, II, and III, the three
augmented limb leads, aVR, aVL, and aVF, and
the six unipolar thoracic leads, V1, V2, V3, V4, V5,
and V6.
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Figure 2. The ECG features used in clinical
examination.
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replaced by the axial reference system of Bayley, in order
for the three augmented leads to be embedded in the
cardiac vector estimation (Fig. 3).

In 1931, Marvin and Leibing designed the vacuum-tube
ECG recorder. This device was battery-operated and in-
cluded a screen indicating the motion of the galvanometer
beam. Matthews, in 1935, introduced the ink-writing
electrocardiograph, which sampled the signal 500 times
per second. The major drawback of this instrument was
the recording speed. It was slow and inadequate to
represent all the ECG details, so the string galvanometer
was preferable. In 1936, Haynes designed the hot-stylus
recorder and introduced an approach that more or less is
used today. Using a wax-coated paper and a heated stylus,
he managed to reduce the pressure for scraping, which
caused problems in signal representation.

Modern ECG recorders demonstrate three basic func-
tionalities: signal acquisition, processing, and output gen-
eration. The signal that is acquired by the sensors is
amplified and then is presented on a screen or represented
by a mechanical stylus on a paper sheet. Each device
provides various options to control the output form of the
recording. A hot stylus reacts with a special treated
chemical paper and produces the ECG trace. More sophis-
ticated instruments use thermal arrays (set of pins) for
better signal representation. They can also store a number
of ECGs for later use. Modern recorders are portable (size
30 � 30 � 10 cm and weight B10 lbs); operate with bat-
teries; include LCD and software interfaces; support net-
work connectivity and multilead recordings; contain
modules for ECG analysis, interpretation, and diagnosis;
and have extension capabilities and storage capacity.

3. PHYSIOLOGY

Four chambers constitute the heart muscle: the two atria,
which are located in the upper part of the muscle, and the
two ventricles, which are located in the lower part. The
atria have thin walls and pump the blood received from
the veins with low pressure. The heart pacemaker is
located in the upper right atrium. Via a complex transfor-

mation of ion concentration in the cellular membranes
(source of continuous current), an extracellular potential
field is created that excites the neighboring cells and
propagates from one cell to the other, generating an
electrical event. As a result of the electrical conductivity
of the human tissues, these currents disperse all around
the body. The observed waveform in the surface depends
on the stimulated tissue mass and the current velocity,
which explains why the pacemaking excitation, which is
generated by a small part of the heart, cannot be recorded
with surface electrodes. As the pacemaker current reaches
the larger tissue of the atrial muscle, the first wave (P) is
observed in the ECG signal. The current passes from the
atria to the ventricles through the A-V node and the His-
Purkinje bundle, which is expressed in the ECG trace as
an isoelectric line (PQ or PR interval). When the ventricles
are excited, a large abrupt wave is recorded in the ECG,
the QRS complex. It should be mentioned that the ven-
tricles’ contraction circulates the blood through the body.
The waveform of the QRS complex differs among the
recording leads, which means that, in some of them, the
Q or the S components might not be visible. However, any
type of deflection at this part of the ECG cycle is called
QRS complex, despite the absence or presence of the Q or
S wave. The QRS complex is followed by a rather iso-
electric segment, the ST segment, and then a repolariza-
tion wave is recorded (T wave) that expresses the
returning of the ventricles to their electrical resting state.
In some cases, the Twave is followed by a relatively small
wave, the U wave, which is considered to be a fraction of
the repolarization potential. After the T (or the U) wave,
the whole ECG cycle starts again. Figure 4 shows how the
electrical current propagates through the heart muscle
and depicts the waves observed in an ECG cycle, as well as
their origin. Table 1 summarizes all ECG characteristics.
This a priori knowledge could be of great help in the
analysis of ECG.
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Figure 3. Cardiac vector calculation based on the equilateral triangle of Einthoven and the axial
reference system of Bayley.
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4. ECG INTERPRETATION

The study and evaluation of ECG characteristics can
describe reliably the pathophysiological heart condition.
The ECG examination starts with the estimation of the
general ECG characteristics such as: (1) the type of the
cardiac rhythm (e.g., sinoatrial, atrial ectopic, atrial fi-
brillation is present), (2) the heart rate (number of beats
per minute), (3) the cardiac electrical axis (right, left, or
normal), (4) the myocardium positioning (e.g., vertical
position), and (5) the transition zone (the cardiac torsion
degree is estimated from the unipolar or precardial leads).
The sectional examination follows and the ECG waves are
measured and evaluated (3).

The examination of the ECG interval from the P wave
to the end of the QRS complex can provide indication for
the presence of myocardial infarction, branch blocks,
atrial or ventricular hypertrophies, as well as pre-excita-
tion syndromes. Myocardial infarction causes alterations
in the Q wave (becomes wider and larger). Using the leads
where these alterations are evident, the infarct location
can be determined. Branch blocks in the His-bundle cause
the QRS complex to degrade globally and become wider.
As in the case of infarction, the type of the block can be
determined by the difference in QRS morphology between
the leads. In atrial hypertrophies, the P waves have larger
amplitudes (right atrium hypertrophy) or longer dura-
tions (left atrium hypertrophy), whereas in ventricle
hypertrophies, the QRS amplitude increases. The pre-
excitation syndromes are: (1) in the Wolff–Parkinson–
White syndrome, which is the most common one, the so-
called ‘‘d’’ wave is observed in the QRS complex, the PQ
interval shortens as the QRS complex widens; (2) in the
Lown–Ganone–Levine syndrome, the PQ interval is sup-
pressed causing the P wave and the QRS complex to
practically connect; and (3) in the Mahaim fibers syn-

drome, the ‘‘d’’ wave is observed again and the QRS
widens.

The changes in the ST segment and the T wave can be
used to identify myocardial ischemia, myocardial infarc-
tion, pericarditis, and pulmonary embolism. They can also
reveal electrolytical disorders as well as the effect of
digitalis. The ST segment deviates (upward or downward)
in ischemia or infarction, and the ischemic or infracted
part of the heart can be determined using the leads where
the deviation is more clear. Deviations larger than 1mm
are considered as abnormal. However, other threshold
values and the evaluation of additional ECG features
(e.g., the ST slope) have also been proposed. Ischemia
can also be identified from the Twave alterations (polarity
inversion, flattening, and increased negative amplitude)
and the dispersion of the QT interval. In some cases,
ischemia is not apparent in the resting ECG and the
patient must take an exercise test, where the ischemic
alterations are still the same but enhanced and better
identifiable. In pericarditis, either the ST segment is
elevated in all leads except aVR (acute pericarditis) or
the wave potentials weaken and the T wave flattens or
becomes negative (chronic pericarditis). Pulmonary embo-
lism alters the ECG cycle in many ways but concerning
the ST-T interval, the ST depresses in some leads while
the T wave is negative in the precardial leads. Potassium
disorders generate T waves with acute peaks (hyperkale-
mia) or ST depression (hypokalemia). Acute Twave peaks
are also observed in the case of acidosis. Calcium disorders
influence the repolarization propagation and either
shorten the QT interval (hypercalcemia) or extend it
(hypocalcemia). In alkalosis, the QT interval widens and
the T and P waves almost coincide. In digitalis, the ST is
depressed and forms a characteristic cup-like shape.
Finally, it should be mentioned that ST-T alterations are
not specific and can be produced by several other causes
(e.g., indigestion, stress).

Arrhythmias refer to cardiac rhythm or heart rate
abnormalities and require the evaluation of a set of ECG
characteristics that will classify them as sinoatrial, atrial,
nodal, and ventricular. They can also be classified accord-
ing to their risk factor. The identification of arrhythmias is
based on the evaluation of the intervals PQ, P–P, and R–R;
the P wave and the QRS complex morphologies; as well as
the cardiac rhythm. Using these ECG features, arrhyth-
mias can be characterized as tachycardias, bradycardias,
exclusions, arrests, extrasystoles, escaped beats, flutters,
fibrillations, segregations, ectopics, idioventriculars, or
parasystoles. The precise classification of arrhythmias is
a very complex problem even for medical experts. It is
common practice to recognize only the most dangerous
ones.

Other abnormal conditions can also be observed in the
ECG. Briefly, hypertension alters the P wave as does
pulmonary emphysema; anemia can induce changes simi-
lar to global ischemia; cerebral episodes and myocarditis
affect the ST segment and the Twave; heart cancer causes
arrhythmias or it is expressed as infarction; mitral valve
stenosis alters the P wave, whereas aorta stenosis alters
the T wave.

Figure 4. The main ECG deflections: (1) Sinoatrial node’s depo-
larization: no excitation, (2) Atria activation: P wave, (3) Activa-
tion of the atrioventricular node and the His-bundle: no
excitation, (4A) Activation of the atrioventricular diaphragm:
beginning of the QRS complex, (4B) Automatic (free) activation
of the ventricles’ walls: completion of the QRS complex, (5)
Complete activation of ventricles: no excitation, (6) Ventricles’
repolarization: Twave, and (7) Late activation of the ventricles:U
wave.
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5. ECG APPLICATIONS

Apart from the standard 12-lead ECG, other recording
modes can be used, even with fewer leads. These applica-
tions are of high clinical and commercial significance. The
most common are described below.

5.1. Ambulatory ECG

It refers to 24-hour continuous ECG recordings where 2 or
3 leads are used. It is also called Holter ECG because
Holter designed the original tape-based analog ECG re-
corder in the 1960s. It was a wearable system of consider-
able size. Soon, other devices were manufactured small
enough to be worn in the belt. The first clinical use of
Holter recorders was for identifying patients requiring
pacemaker implantation. Those systems required an aux-

iliary module that could rapidly play back the tapes with
the 24-hour recordings and detect the episodes with
abnormally low heart rate (using a tachometer). Newer
detectors could read the tapes at speeds up to 60 times
faster than the real time and produce their output in CRT
screens. With this reading ability, new observations were
made concerning, for example, the identification and
quantification of premature ventricular complexes. The
evolution of antiarrhythmic drugs created the need for a
diagnostic tool that can assess their effect. Therefore, ECG
tapes were recorded before and after the treatment and
any changes in the ECG were analyzed. Ambulatory ECG
is still a widely used diagnostic tool, especially for identi-
fying arrhythmias and detecting ischemia. Modern hospi-
tal units use integrated systems that acquire these signals
and analyze them either in real-time or offline. Such

Table 1. Description of the ECG Characteristics

ECG Characteristic Description

P wave * obtuse repeated deflection of the isoelectric line
* precedes the QRS complex
* normally it is rhythmical with small variations and no uniformity
* duration o 0.12 s
* amplitude o 2.5mm
* same frequency with QRS

QRS complex * all the three waves that constitute it are abrupt deflections of the isoelectric line
* duration o 0.12 s
* amplitude o 10mm (6mm–10mm)
* the Q wave has duration o 0.03 s and amplitude around the 1/4 of the R wave
* the S wave has duration o 0.04 s and amplitude around the 2/5 of the R wave

T wave * obtuse deflection of the isoelectric line
* follows the QRS complex
* duration o 0.2 s
* amplitude o 4mm (2mm–4mm)
* asymmetrical with the peak closer to the end

U wave * obtuse small (perhaps nonexistent) deflection of the isoelectric line
* it is located around the end of the T wave
* duration o 0.04 s
* amplitude o 0.5mm

PR (PQ) interval * it is measured from the beginning of the P wave until the beginning of the QRS complex
* normal duration 0.12 s–0.22 s

QT interval * it is measured from the beginning of the QRS complex to the end of the T wave
* duration E1/2 of R–R (e.g., with 70 beats min� 1 QT E0.4 s)
* heart rate dependent (faster heart rate decreases QT)

ST segment * it is measured from the end of the QRS complex to the beginning of the T wave
* isoelectric, normally with a divergence of 71mm
* fuzzy duration (but o 0.08 s)

R–R interval * heart rate dependent (faster heart rate means shorter R–R)
* R–R E0.86 s with a cardiac rhythm of 70 beats min� 1

P–P interval * Approximately equal to R–R

TP segment * heart rate dependent
* TP o 0.4 s with a cardiac rhythm of 70 beats min� 1

1(Recording Speed 25mms�1, ECG recorder’s sensitivity 1mV¼ 10mm and 0.04 s¼ 1mm)
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systems do not usually record all the 12 leads but only 2 or
3 of them.

5.2. Continuous Monitoring

The establishment of coronary care units created the
requirement for continuous patient monitoring. The pa-
tients treated in these units suffer from severe cardiac
disorders or have undergone cardiac surgery, and subse-
quently need intensive monitoring. Apparently, monitor-
ing can be achieved either by employing a large number of
nursing personnel or by automating some of the basic
demands (e.g., monitoring of the cardiac rhythm). These
automated techniques do not differ essentially from those
used in Holter ECGs. Based on high-end computer sys-
tems, various ECG features and vital signs are monitored
in real-time for a number of patients. The monitoring
system can also be linked with a patient database in order
to store or retrieve medical data. An interface module is
also included to display the interpretations and output
results of each patient in a comprehensive way.

5.3. Exercise Test

ECG recording under workload is a very common non-
invasive method for estimating the presence and severity
of coronary artery disease and myocardial ischemia. The
ECG recording during an exercise test can be done in
various ways depending on the used protocol. Usually, a
treadmill or an ergometric cycle is used. In the first case,
the test begins with an initial walking speed of 4.0–5.5 km/
h that is gradually increased by a factor that takes an
initial value of 5% and is increased by 5% at each stage of
the test. The exercise parameters (speed and incremental
factor) are adjusted at each stage and specifically every
two minutes. In the second case, the initial cycle workload
is 60–90Wand is increased by 25W every two minutes. As
already mentioned, various protocols have been proposed
for the use of the exercise test, which are modifications of
the two procedures described above. These variations
concern the test parameter values (initial load, increment,
and intermediate time between the test stages) and
depend on the recording leads, as well as the pathological
condition and sex of the patient.

5.4. High-Resolution ECG

Most digital ECG analyzers have the ability to perform
high-resolution ECG (HRECG) processing. The most
usual application of HRECG is the recording of low
potential signals (B1 mV) that occur after the QRS com-
plex. These signals are called late potentials, are not
evident on the standard ECG, and are generated from
abnormally functioning ventricular regions. HRECG is
derived from the three orthogonal XYZ leads that are
sampled at 1000–2000Hz per channel. Through a process
that employs beat alignment, signal averaging, and high-
pass filtering, the late potentials are revealed at the end of
each QRS complex. Several features are extracted like the
total duration of the QRS complex, including the late
potentials, the amplitude of the late potentials, and their
duration. The analysis of these features can identify

patients with ventricular tachycardia, which is life-threa-
tening, as well as those at high risk of suffering from this
type of arrhythmia.

5.5. Fetal ECG

Fetal electrocardiography provides a method for monitor-
ing the fetal cardiac cycle. Although the first fetal ECG
(FECG) recordings were carried out in the early 1950s,
this monitoring approach has not been accepted in clinical
practice. However, in the last few years, serious research
efforts have been made in order to study its clinical
significance. Two methods for FECG recording exist. The
first is invasive and acquires the signal through a scalp
electrode. The second is noninvasive and uses surface
electrodes that are placed on the mother’s abdomen.

FECG is mainly used for extracting the fetal heart rate,
but it can also be used to identify other cardiac abnorm-
alities of the fetus (4). A major problem in FECG analysis
is the elimination of the maternal ECG signal, which is
always present in the recordings. The fetus signal is
weaker than the maternal one (410 times), thus making
the removal task harder. Apparently, in the case of multi-
fetus pregnancy, FECG analysis becomes more compli-
cated as the ECG signals from each fetus need to be
separated. Sophisticated methods like blind source se-
paration and independent component analysis are used
to address those problems.

6. ECG ANALYSIS

Automated ECG analysis consists of a series of procedures
that can be used in order for useful clinical information to
be produced that will help the physician to reach a
diagnosis faster and safer concerning the pathophysiolo-
gical condition of the patient’s heart. The four stages of
ECG analysis are: (1) signal acquisition and preproces-
sing, (2) signal processing, (3) feature extraction, and (4)
diagnosis. Signal acquisition and preprocessing
should fulfill certain specifications concerning the sam-
pling frequency (100Hz–1KHz), the resolution (number of
bits for each sample, 6–16), and the sensitivity, which
expresses the signal’s amplitude range (usually 5mV or
6mV). In its digital form, the ECG signal is processed
and filtering is performed to suppress noise and enhance
the relevant ECG characteristics.

The ECG feature extraction follows the processing
stage. In this stage, all the relevant ECG characteristics
are recognized and some of their features are estimated.
The extracted features vary from simple ones, like the
duration and amplitude of some ECG characteristics, to
more complex ones, like slopes, intervals, frequencies, or
other discriminating indices, which are used in the diag-
nosis stage because the values of certain features are
indicators of the existence of an underlying disease.
Apparently, the measurement accuracy is vital at this
stage, and computerized methods are used to address it
efficiently.

The last stage in the automated analysis is the ECG
diagnosis, where explicit medical knowledge is used. The
collaboration with medical experts is necessary, and the
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individual characteristics of each patient complicate the
decision-making task. Various automated approaches
have been proposed for this stage having advantages
and disadvantages. These systems detect the abnormal-
ities in the ECG and some of them can also produce
interpretations for the decisions made (5).

As the majority of the research work has been focused
in the automated diagnosis stage, it will be discussed in
detail.

6.1. Signal Acquisition and Preprocessing

6.1.1. ECG Recording Standards. ECG is one of the older
medical diagnostic tools and its development followed the
technological advances in medical instrumentation. The
use of microprocessors enhanced the capabilities of ECG
devices and made it possible to monitor a number of
patients almost autonomously. Various standards have
been proposed for ECG systems (6,7). Briefly, the band-
width of a system must be in the range of 0.05 to 150Hz,
the frequency response less than 3dB, and the total gain
around 1000. The low-frequency response of the system is
crucial because a higher cut-off can eliminate low-fre-
quency characteristics of the signal, like the ST segment
or the T wave variations. Typical ECG amplitude values
are in the range 72mV. In systems where an A/D con-
verter is also employed for digital output, the conversion
employs a 12-bit resolution, but, in general, it varies from
8 to 16 bits.

In order to acquire the ECG signal, we must use special
electrodes. These electrodes are usually covered with
chemical paste, gel, or other materials characterized by
a high ion concentration, which play the role of signal
transducers. In simple ECG recordings, silver-coated or
metallic electrodes are used. For long-duration electrocar-
diography, as is the case in ambulatory or coronary care
unit monitoring, a more stable interface is required, so the
electrodes are constructed from Agþ /AgþCl� and a spe-
cial tape is used to maintain the electrode contact.

Older ECG instruments were able to record only one
lead or, in some advanced ones, three leads. The acquisi-
tion of the 12-lead ECG signal requires more complex
electronics. Modern systems eliminated this drawback by
separating the cables for each electrode placed in the body.
Thus, all the measured potentials can be digitized simul-
taneously and all the leads reconstructed using mathe-
matical formulas and the appropriate software. Making
use of the relationships among the leads, an 8-channel
system (V1–V6 and 2 limb electrodes) is sufficient to record
all 12 leads.

6.1.2. ECG Acquisition and Preprocessing. The electrical
cardiac signals are detected by the bioelectrodes and are
initially enhanced. Then, the analog signal is filtered to
reduce noise and limit the frequency bandwidth. The
digital transformation of the resulted analog signal re-
quires periodic sampling at constant time intervals and
conversion of all sample amplitudes into a time sequence
of binary numbers (8). The number of bits, n, used in the
analog to digital (A/D) conversion and the amplitude

range of the analog signal, V, define the resolution, R, of
the acquired signal, as: R¼ V

2n�1.
The A/D conversion depends also on the sampling rate

(or frequency). Larger rates produce more information
from the analog signal. However, more frequent sampling
leads to an increased number of data that need analysis
and storage. Usually, the sampling rates in electrocardio-
graphy vary between 250 (4ms segments) and 500 sam-
ples (2 ms segments) per second. The AHA (American
Heart Association) protocol and others, like the SCP-ECG
(Standard Communications Protocol for computerized
ECG), recommend that the 8-bit resolution and the
250Hz sampling frequency are the minimal requirements
for computerized ECG signal processing (9,10). The in-
formation contained at higher frequencies will be lost, but
this loss is a trade-off for reducing the signal’s storage
demands and computational effort in analysis. In cases
where this information is needed (analysis of late poten-
tials), the corresponding systems follow different recom-
mendations (high-resolution ECG).

6.2. Signal Processing

6.2.1. ECG Noise. The presence of noise in the ECG is
unavoidable even if the signal is acquired very carefully
(clean skin in the electrode’s interface and use of very
resistive materials). The most usual type of noise is the
power line or A/C interference (A/C) and is caused by
conversion of the alternate current to continuous (50 or
60Hz). This transformation causes interference potentials
between the body and the electrodes that, when combined
with the different electrode impedances, create differential
signals. Normally, these signals are not limited to the
frequency of 50 (or 60) Hz, but they also have phase
variations compared with the main voltage as well as
various harmonics. In Fig. 5a, an ECG signal contami-
nated with A/C interference is depicted.

Another type of ECG noise is the baseline, or isoelectric
line, wandering (BW). As can be seen in Fig. 5b, BW does
not distort the ECG as much as A/C. However, it is more
difficult to remove it. It is generated by the process of
respiration and, more precisely, by the spatial changes
caused by the lung movements. It can also be caused by
body movements, which result in electrode displacements.
The BW noise spectrum is localized in low frequencies
(usually not higher than 1Hz) but, in many cases, over-
laps with that of the ST segment. The removal of BW
based on classical techniques (e.g., high-pass filtering)
distorts the ST segment and, therefore, careful handling
is required.

Finally, the electromyographic (EMG) noise may exist,
which is embedded from the muscle tissues sited near the
electrodes placement. The bioelectrodes record electrical
potentials and, besides the cardiac muscle excitations, will
inevitably record every sensible potential regardless its
origin. Filtering EMG noise from ECG is a very difficult
task because EMG and ECG spectra overlap. Any type of
filtering that will remove EMG will also distort ECG.
Figure 5c shows the EMG type of noise and how it
corrupts the ECG signal.
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6.2.2. Filtering. Separate filtering modules are needed
to handle each type of ECG noise. For A/C interference,
simple notch filters have been used, but they distort the
ECG components around the main frequency (50 or 60Hz)
(11). Adaptive filters have solved this problem, but they
require an adaptation period after every abrupt change in
the ECG signal. As a result, they are not effective in cases
of extra systoles or arrhythmias in general. Two-step
adaptive filters are more suitable because one of them
adjusts the adaptability of the other (12). Digital subtrac-
tion filters can also be used (13). This approach divides the
signal into small segments. Some of them are considered
to be linear and are used as reference to estimate the
interference, which will subsequently be subtracted.

BW is considered less distorting than the main inter-
ference but more difficult to be removed or even reduced.
Several approaches have been proposed from simple high-
pass filters to finite impulse response and linear phase
filters (8,11,14–16). BW is a slow type of noise (low
frequencies) and is not limited in a specific band, so the
above filters do not perform efficiently for all types of BW.
In a recent approach (17), an adaptive method was used
that fitted a low-order polynomial to each cardiac beat
separately using a least squares procedure. In this way,
BW was completely removed without distorting the ECG
waveform.

Usually, EMG noise extends up to 35–45Hz. Low-pass
filtering is inappropriate because it would also reject
useful ECG information. Time-varying filters that com-
bine linear and nonlinear techniques could address this
problem to some extent (16). Also, adaptive least mean
square filters or filter banks could be used (18). The latter
divides the signal into bands and processes each band
separately using various filters. All the techniques are
highly sophisticated, but EMG noise is random, generated
by many sources, and overlaps with the ECG spectrum,
hence filtering in many cases is not effective.

Besides digital filtering, other approaches have been
proposed. Morphological filters can be used for signal
conditioning in terms of baseline correction and noise
suppression with minimum signal distortion (19). Wavelet
transform seems very promising in addressing the pro-
blems of A/C interference and EMG noise, and several
types of wavelets have been applied (20). Singular value
decomposition (21) has also been used for BW and EMG
noise removal but introduce slight distortions in the ECG
signal.

Apart from noise filtering, other signal processing
techniques can also be used in the same stage. Some of
the ECG characteristics can be enhanced or suppressed
according to the feature extraction method used (22).
Furthermore, the digitized signal can be down-sampled,
for faster data transfer or less storage capacity, or over-
sampled, for better signal resolution and more accurate
measurements (23).

6.3. Feature Extraction

At this stage, accurate detection of the ECG characteris-
tics is initially realized and a number of feature values are
then extracted. The detection process starts with the
recognition of the QRS complex, which is the most promi-
nent wave in the R–R interval and can be realized using
digital filters, wavelets, rule sets, artificial neural net-
works, hidden Markov models, genetic algorithms, as well
as other heuristic approaches (24). Specifically, the ac-
quired ECG signal is band-passed in order to suppress
noise and the frequency characteristics of the P and T
waves. Next, the filtered signal is differentiated, squared,
and averaged to enhance the gradient of the QRS complex
and increase its high frequencies. A set of rules is then
applied to the final form of the ECG signal to detect the
QRS complex. After the detection of each complex, the
parameter values used by the rules are updated accord-
ingly (25).

In problems like the estimation of heart rate variabil-
ity, the exact location of the main QRS point (peak of the R
or S wave) is needed. This point is detected based on the
maximum and minimum points of the complex. The inter-
val between two successive QRS complexes is called R–R
interval, even if the peak of the S wave is used. The heart
rate variability signal results from the ECG signal and
represents the time evolution of the R–R intervals in the
form of a tachogram as the one shown in Fig. 6.

After QRS detection, the isoelectric level is identified
usually with edge detection algorithms (17,26). Subse-
quently, the P wave, the three waves of the QRS complex,

A/C Interference

Baseline Wandering

(a)

(b)

(c)
Electromyographic Contamination 

Figure 5. The three types of the ECG noise.
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and finally, the margins of the Twave are detected. Pwave
refers to the atrial activity, whereas the QRS complex and
the T wave refer to the ventricular. Using a time-space
model, the ventricular activity can be represented and
subtracted from the recorded ECG (27), which will remove
the QRS complexes and the Twaves and leave the Pwaves
only. As for the detection of the T wave, it can be realized
with the application of search windows (17,22). The
margins of the windows can be determined from the
peak of the R wave and the duration of the R–R interval.

After the recognition of the ECG waves in every avail-
able lead, various features may be estimated. The P and T
amplitudes and slopes are estimated easily using their
minimum and maximum points. The QRS case is more
complex because it can get a number of possible morphol-
ogies. Nevertheless, all the local minimum and maximum
points are detected and characterized. Also, features that
correspond to the ST segment are extracted using the J80
point, which is the point that lies 80ms after point J,
which defines the end of the QRS complex. In cases where
the heart rate is faster than 120 beatsmin�1, the J60
point is used instead.

The feature extraction methods proposed in the litera-
ture are based mainly on digital signal processing algo-
rithms, knowledge systems, and artificial neural
networks. Digital signal processing methods either detect
the ECG characteristics or produce new discriminating
indexes. The employed techniques process the ECG signal
in the time or the frequency domains (25,26,28), they
transform it using parametric models (29) or wavelets
(30,31), determine its principal components (32), and
analyze it with nonlinear methods (33) or other heuristic
and hybrid approaches (34). In the knowledge-based
feature extraction method, sets of rules are used. The
ECG characteristics are detected with the application of
rules like Cþ x, where C defines a reference point in the
ECG signal (for example, the QRS location) and x is
expressed in ms (27,35). It should be mentioned that
such rules are used as rules of thumb and have been
determined after statistical analysis or medical knowledge
interpretation. Another knowledge-based approach is the
application of patterns that are used as templates and
compared with ECG segments (an interval or a whole
cycle) (36). Depending on the comparison formula, various
features can be extracted. The artificial neural networks
can be used in two ways. In the first way, they are trained
to recognize certain ECG characteristics using a set of

predefined patterns (37,38), whereas in the second, they
are trained to operate as digital filters that enhance or
cancel specific ECG characteristics (39,40). Both ap-
proaches require proper training in order to perform
efficiently.

Several methods have been developed for ECG feature
extraction and most of the problems have been addressed
successfully. However, the detection of the T and P waves
remains problematic. In pathological conditions or in
cases where the noise has distorted the signal, the detec-
tion of these waves is unreliable. The process becomes
more difficult when the amplitude of the two waves is
weak. It is worth mentioning that, in many cases, even the
medical expert cannot define accurately the margins of
these two waves.

6.4. Diagnosis

The main objective of automated ECG analyzers is to
assist in making a diagnosis. Obviously, they will not
replace medical experts, but their decision can be consid-
ered as an objective second opinion. The automated diag-
nosis systems developed so far provide reliable detection of
ischemic episodes and recognition of arrhythmias. A num-
ber of systems have also been proposed for identifying
other cardiac abnormalities. All systems use methods and
techniques from digital signal processing, knowledge en-
gineering, fuzzy logic, and artificial neural networks.

Digital signal processing techniques transform the
acquired ECG signal in order to reveal any discriminative
information. Using the Fourier transform, the signal is
analyzed in the time-frequency domain. The wavelet
transform, on the other hand, analyzes the signal in the
time-scale domain, using different scales of the same
wavelet. In general, the wavelet transform can be consid-
ered as a filter bank of band-pass filters. Nonlinear ECG
analysis produces new indexes capable of detecting the
pathological heart conditions. Principal component analy-
sis (PCA), or Karhunen–Loève transform, is a nonlinear
method for feature extraction, but it has been used for
diagnosis as well.

Knowledge-based diagnostic systems employ medical
knowledge in their decision-making process. This medical
knowledge is expressed by a set of rules that is applied on
the ECG features. For example, a cardiac beat can be
classified as ischemic or not according to the following set
of rules:
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Figure 6. Heart rate variability signal (tachogram).
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IF (ST depression r 0.08 AND ST slope Z 65o) OR
(ST elevation Z 0.08) OR
(T wave is inverted) OR
(T wave - 0) OR
(T wave becomes more negative)

THEN the beat is ischemic
ELSE the beat is normal
Usually, a representative template is employed that is
constructed after averaging a number of cardiac beats. All
the beats are compared with this template and classified
accordingly (template matching). Another approach is to
use the template for feature extraction. The feature values
are introduced to the set of rules and the produced
classification refers to the group of the beats that consti-
tute the template.

The rules employed in the knowledge-based systems
correspond to inflexible thresholds, which is the main
disadvantage of these systems. Near the threshold value,
the classification is realized without taking into account
the noise distortion or the subjectivity of each patient.
Fuzzy expert systems are more or less an extension of the
rule-based systems, designed to deal with this problem.
They employ similar sets of rules, but their logic is not
two-valued (yes or no) but fuzzy, which allows the repre-
sentation of possibility (called fuzziness) through member-
ship functions concerning the decision suggested by a rule,
which simulates better human-like reasoning and, conse-
quently, the diagnostic chain of thoughts followed by
physicians.

The use of artificial neural networks (ANNs) in medical
applications has grown constantly in the last few years.
Especially for the ECG signal, ANNs can be used for data
analysis, knowledge discovery, rule extraction, prediction,
and other tasks. Often, the medical data used in auto-
mated ECG analysis are characterized by one or more of
the following properties: (1) small dataset, (2) nonlinear-
ity, (3) high dimensionality, (4) noise, and (5) quantifica-
tion difficulties. The above characteristics cause several
problems to traditional digital signal analysis methods in
contrast to the ANNs.

In order to evaluate the performance of automated
diagnostic systems, standard reference databases have
been developed like the European Society of Cardiology
ST-T database for myocardial ischemia (41), the MIT-BIH
database for arrhythmia classification (42), the CSE
(Common Standards For Quantitative Electrocardiogra-
phy) project database for chronic alterations (43), and so
on. In Table 2, one we can see the performance of several
systems designed for automated ECG diagnosis (17,44–
51).

6.4.1. Automated Detection of Myocardial Ischemia. Is-
chemic episodes can be detected using the frequency
characteristics of the ST segment because in ischemic
patients the frequency spectrum is wider and contains
smaller frequency values (52). Ischemic patients can also
be diagnosed using the heart rate variability analysis in
the time-frequency domain (53). Using optimal adaptive
kernels, the spectrum of the corresponding tachogram can
be divided into three frequency bands (very low, low, and

high). The maximum and minimum values at each band in
combination with the corresponding energies can be used
to discriminate ischemic patients from normal. Spectral
analysis has also been used for the recognition of the
infracted patients (54). The ECG spectrum of patients
suffering from acute myocardial infarction is character-
ized by higher frequencies compared with normal subjects.
ECG is a nonstationary signal and parametric methods
have been used for its spectral estimation. The coefficients
of a second-order autoregressive model can be used to
classify ischemic and normal beats (55).

The transformation of the ECG signal using wavelets
reveals information that can be used to identify the
patient’s condition. Myocardial ischemia can be diagnosed
with the discrete wavelet transform (56) or the Morlet
wavelet (57) by evaluating the time-frequency distribution
variations of the QRS complex. Also, it can be diagnosed
using the fast wavelet transform on the ST-T interval of
the orthogonal ECG (the X, Y, and Z leads) (58). With this
approach, the time entropy of this interval is estimated
and the ischemic cardiac beats are detected.

The transient ST segment changes can be detected
using the first five principal components of the QRS
complex and the first five of the ST segment (44). Using
these components, a trajectory can be drawn and the
evaluation of the enclosed area can detect the ischemic
episodes. Similarly, PCA can be combined with time-
domain analysis to produce discriminative morphology
feature vectors (59). Another way to employ principal
components for ischemia diagnosis is to assess their
variations during the ventricular repolarization period,
which correspond to the ST-T interval (60). Another non-
linear approach is the use of the correlation dimension,
which has been used for diagnosing myocardial infarction
(61).

Average template matching has been used to classify
ischemic episodes according to their severity (62). Fea-
tures like the average ST segment depression and slope
were calculated in a 30 s window and were employed in a
set of rules. Other knowledge-based systems use rules
that express the probability of ischemia using information
extracted from the patient’s history and the ECG record-
ings (63). The use of data from the patient’s history may
increase the efficiency of a diagnosis system but requires
proper selection and analysis. A different approach is the
use of a geometric algorithm, where the ST deviations
from two leads are used to graphically represent a loop
(64). The application of a simple set of rules in that loop
can define the ischemic episodes.

A similar approach is the graphical representation of
the ST feature values versus the heart rate (ST/HR plots)
(65,66), like the one depicted in Fig. 7. This method has
been developed mainly for exercise test ECG examination.
From these plots, indices like the corresponding integral,
the direction of the points (clockwise or counter clockwise),
the slope, and others are produced. The concept behind
these plots is that myocardial ischemia leads to contin-
uous and variable hypoxia of the heart muscle that
depends on the heart rate. An increased heart rate will
intensify the difference between myocardial demand and
supply of oxygen. ST/HR plots sufficiently relate the ST
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segment changes of the exercise test (index of myocardial
ischemia and anaerobic metabolism) with the heart rate
(index of oxygen demand). Furthermore, the QT interval
can be used instead of the ST segment in a similar manner
for the recognition of acute myocardial ischemia. Specifi-
cally, the assessment of QT variability and HR variability
can detect ischemic episodes in patients with labile ven-
tricular repolarization (67).

A recent knowledge-based system analyzes the ECG
signal using a four-stage algorithm (17). In the first stage,
the ECG recordings are preprocessed in order to remove
noise and extract all the relevant features. These record-
ings are used in the beat characterization stage, where
each beat is classified as normal, abnormal (ischemic), or
artifact based on a set of three of rules. The first rule refers
to ST depression and examines the negative deviation
from the isoelectric line and the slope of the ST segment;
the second rule refers to ST elevation and examines its
positive deviation; the third rule refers to T wave inver-
sion or flattening and examines the polarity and ampli-
tude of the T wave. The classified beats are used in the
third stage, the window characterization stage, where a
sliding adaptive window technique is used. Each 30 s ECG
window is classified as ischemic or not depending on the
number of ischemic beats contained in that window. In the
fourth stage, the ischemic windows are merged and the
start and endpoints of each ischemic episode are identi-
fied. The above system was used for detecting the overall
episodes of ischemia but also to distinguish the ST epi-

sodes from the T episodes (68). The latter is of great
clinical importance because the prognosis of ischemic
episodes with ST segment changes is worse than those
with T wave alterations only.

The use of data mining approaches can generate, in an
automated fashion, more complicated but a better set of
rules in terms of ischemia discrimination (69). In such
approaches, a discretization algorithm is applied first to
every continuous valued ECG feature that is employed in
order to transform them categorically. Then, a rule mining
algorithm, like the one of classification based on associa-
tion (CBA), is applied to extract the set of association rules
that will establish the final classification model. Appar-
ently this type of classifier offers the ability to provide
explanations for the decisions made by interpreting the
corresponding classification rules. Moreover, the employ-
ment of association rules in ECG analysis potentially can
discover new knowledge in the form of rules, which can
assist the cardiologists in making more accurate decisions
during clinical practice.

Membership functions with trapezoidal shape have
been used in fuzzy systems for ischemia detection (45).
The proposed fuzzy rule set evaluates the ST segment
deviation and the amplitude of the Twave. Fuzzy logic can
also be applied in combining the decisions from different
ischemia diagnostic techniques (70). This multimethod
system combines the treadmill score, the ST/HR recovery
loop, the multivariate analysis, the ST/HR adjustment,
and the QRS factor. The ischemia probability is assessed

Table 2. Performance of Automated Diagnostic Systems in Ischemia Detection and Arrhythmia Classification

Ischemia Detection Systems Sensitivity Positive Predictive Accuracy1

Digital Signal Processing (44) 85% 86%
Knowledge-based (17) 94% 79%
Fuzzy logic (45) 81% 68%
Artificial Neural Networks (47) 90% 89%
Arrhythmia Classification Systems Sensitivity Positive Predictive Accuracy
Digital Signal Processing (48) 89% 89%2

Knowledge-based (49) 90% 93%2

Fuzzy logic (50) 81% 81%
Artificial Neural Networks (51) 83% 78%
Chronic Myocardial Diseases Sensitivity Specificity
Artificial Neural Networks (46) 65% 94%

1Positive Predictive Accuracy¼ TP
TPþFP (TP: true positive, FP: false positive).

2Refers to the specificity of the system.
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Figure 7. An example of the graphical representation of
the ST segment features versus the heart rate (ST/HR
plot).
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for each of the above tests, and a qualitative classification
is produced representing the possibility degree of the
diagnosis (normal, less possible, possible, very possible,
and very very possible).

A similar approach to fuzzy logic is multicriteria deci-
sion analysis (71). It deals with assigning objects, namely
the cardiac beats, into predefined categories. In order to
characterize each beat as ischaemic or not, the beat is
compared with already assigned category prototypes.
Similarity between each beat and the prototype is com-
puted, and each beat is assigned to the category to which
the most similar prototype belongs. The fuzzy pairwise
comparison is made for a number of criteria that employ
the ST segment deviation and slope, the Twave amplitude
and polarity, and the patient’s age. For each criterion, two
parameters are estimated, the similarity and the dissim-
ilarity, while the comparison outcome is aggregated into
an indifference index with the use of criterion weights. All
the parameters of the method, thresholds and weights,
can be adjusted using medical experience. As an alter-
native, genetic algorithms can be employed that, after
proper training, can automatically calculate the optimum
values for the above parameters (72,73).

Other approaches for beat classification are based on
the combination of an auto-associative nonlinear ANN
and a radial basis function ANN (74), bidirectional asso-
ciative memories (75), and the self-organizing map algo-
rithm of Kohonen combined with radial basis functions or
support vector machines (76).

Besides ischemic beat classification, multilayer percep-
trons have been used to detect myocardial infarction
(46,77,78). The input vectors of these ANNs may contain
information from the patient’s history (age, sex, and
clinical symptoms), the clinical examinations, and the
ECG signal. For ischemia detection, alternative neural
network architectures have also been considered like the
recurrent and the ‘‘knowledge-learning’’ ANNs (46). A
hybrid system combining ANNs and wavelets has been
proposed for coronary artery disease diagnosis (79).

Recently, another ANN-based methodology has been
developed for the detection of ischemic episodes in long-
duration ECG recordings (47). The network was a multi-
layer perceptron with one hidden layer and was trained
with the Bayesian regularization method to classify the
ischemic cardiac beats. The input was the ST-T interval,
but in order to reduce the large dimension of the input
vector, PCA was employed. Instead of PCA, parametric
modeling can also be used for the same purpose (80). The
neural beat classifier was integrated in a larger system for
ischemic episode detection. This system processed the
classified beats using a sliding adaptive window technique
and then a merging procedure determined the margins of
the ischemic episodes. Also, other hybrid approaches have
been proposed for the detection of acute myocardial ische-
mia and infarction that combine ANNs with rule-based
decision trees (81).

6.4.2. Automated Recognition of Cardiac Arrhythmia-
s. Arrhythmic patterns are characterized by a variety of
morphologies, which complicate their automated classifi-
cation. A common approach is to identify specific arrhyth-

mic types, usually those that are life-threatening.
Moreover, a number of automated systems detect only
one case of arrhythmias. The classification process in most
systems is based on the evaluation of several ECG fea-
tures; however, some of them use only the R–R interval, as
the majority of arrhythmia classes cause variations in this
ECG feature.

Arrhythmias and specifically premature ventricular
complexes can be identified with the use of matched filters
(82). Parametric modeling was also used in arrhythmia
detection, and specifically an auto-regressive model was
applied for the recognition of ventricular tachycardia
patients (83). Atrial fibrillation, on the other hand, can
be detected using the Wigner–Ville transform, which takes
advantage of the fact that the time variations of this type
of arrhythmia are limited in specific frequency bands (27).
Another time-frequency analysis approach employs a dis-
tribution with a logarithmic frequency scale for each
spectrum in order to estimate a representative spectral
profile and classify atrial arrhythmias (84).

Using scales from the Morlet and Grossman wavelets
in the bipolar leads X, Y, and Z, ventricular tachycardia
can be diagnosed from the QRS complex energy (85). In
normal subjects, this energy is more regionally concen-
trated than in patients. For the classification of cardiac
beats as normal, ischemic, and premature ectopic, the
Daubechies, cubic spline, and Morlet wavelets can be
used (86). Premature ectopic beats can also be identified
with orthonormal wavelets (87) or with the Haar wavelet
(88) applied to the R–R interval. The raised cosine wavelet
transform have been proposed for identifying the life-
threatening arrhythmias, that is ventricular fibrillation,
ventricular tachycardia, and atrial fibrillation (48).

The HR variability has been studied using nonlinear
methods like the Takens hysteresis tractors and the
correlation dimension in order to identify patients with
bigeminy (89). Similar to the HR variability is the QT
variability, which has been used in ventricular arrhyth-
mias identification as well, following a template matching
scheme (90). Also, ventricular fibrillation has been studied
with the correlation dimension, the recurrence plot, and
the time-frequency distribution of the ECG signal (91).
The values produced from these three techniques can be
used to discriminate arrhythmic patients from normal
ones.

The knowledge-based approach and the construction of
a representative ECG template have been used for ar-
rhythmia recognition as well (35,36,92). Features ex-
tracted from the QRS complex and the ST segment were
assessed. However, template matching is unreliable in
cases with small and transient alterations of the ECG
characteristics, which might be of clinical importance. In
addition, the durations of the ECG characteristics depend
on the heart rate, which directly affects the quality of the
constructed template.

More recent knowledge-based methods detect and clas-
sify arrhythmias using information extracted from ECG
waveform morphology (93) or the analysis of the R–R
interval in the time-frequency domain (49,94). Based on
a set of rules, arrhythmias can be classified as: (1) normal
sinus rhythm; (2) premature atrial, nodal, and supraven-
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tricular contractions; (3) premature ventricular contrac-
tions; (4) escape; and (5) ventricular flutter/fibrillation. A
variety of ECG features can also be used, extracted from
the Pwave, the Rwave, the QRS complex, the PR interval,
the R–R interval, and the P–P interval. Based on a
decision tree, all types of arrhythmias can be identified
(95). Although this approach seems very promising, its
performance is affected by the presence of noise, thus
proper filtering should be employed.

Arrhythmia classification can be realized using fuzzy
logic systems as well (96,97). Features relevant to the
heart rate, the QRS complex, the Twave, and the intervals
R–R, P–P, P–R, and R–T can be evaluated by fuzzy sets.
For each feature, different possibility distributions can be
employed to express the association degree of each rule.
However, the significant number of arrhythmia cases will
generate a large fuzzy set and, for each beat, multiple
rules will be associated from the corresponding feature
values. Thus, the fuzzy set needs to be sorted in a way that
only the rules leading to a classification can be selected.
Furthermore, the association degrees of all the applied
rules must be combined to produce the arrhythmia classi-
fication certainty.

Premature ventricular QRS complexes can be identi-
fied by fuzzy systems that evaluate features like the R–R
interval, the QRS complex, and the cardiac beat energy
(50). As differences in the ECG characteristics exist among
patients or even among different parts of the same signal,
the feature values are better to be calculated on a normal-
ized vector of a number of beats (e.g., 8) in order for the
method to be more objective.

ANN models combined with wavelet theory have been
tested on ventricular tachycardia recognition (98). In
general, the wavelet network can be considered as a
multilayer perceptron with the wavelet nodes acting as
processing units for feature extraction. During the train-
ing process, the network parameters (weights and biases),
as well as the wavelet parameters (scale, shift, and
frequency), are modified. In the wavelet nodes, the Morlet
wavelets can be used to process the information from the
QRS complex. The architecture of the network should not
be complex in order to avoid training difficulties. Another
similar approach uses the wavelet transform and specifi-
cally a quadratic spline wavelet to extract features and a
fuzzy ANN to identify ventricular premature contractions
(99).

Arrhythmia classification has also been addressed with
an auto-associative ANN (46). This network is trained
using the beats contained in the initial 15% of the ECG.
Specifically, the 150 ms ECG interval that starts from the
beginning of the QRS complex and information extracted
from the R–R interval are used as input. Furthermore,
using the whole cardiac beat as input, premature ventri-
cular QRS complexes can be identified with a feedforward
ANN (75). ‘‘Mixture of experts’’ is an ANN approach for
arrhythmia recognition, which uses an already trained
ANN (51). When new cardiac patterns are introduced to
the system, an updating process is realized using the self-
organizing map and the learning vector quantization
algorithms. Based on this architecture, ANNs with better
training can be embedded or diagnostic systems with

constant updating can be designed. Support vector ma-
chines are another type of ANN that have been applied to
arrhythmia classification (100,101). Specifically, this sys-
tem also employs a preprocessing step where the corre-
sponding features are extracted through time-frequency
analysis or higher-order statistics and the Hermite basis
functions expansion.

6.4.3. Automated Systems for Other Cardiac Disorder-
s. ANNs have also been applied for the recognition of
chronic myocardial diseases like the left, right, and bilat-
eral hypertrophies and the inferior, anterior, and mixed
myocardial infarctions (46). Data from the patient’s his-
tory and averaged values from the ECG were used as
input to the network. A pruning algorithm was applied
during training for reducing the size of the network.

Systems also exist that can diagnose a number of
diseases in parallel. They employ a set of ANNs, with
each one of them trained for a specific disorder. This
method has been applied for detecting bundle branch
blocks, infarctions, and arrhythmias using a variation of
the decision-based neural network (102). It has also been
applied for diagnosing different types of myocardial in-
farction (inferior, anterior, or both), left ventricular hyper-
trophy, or a combination of hypertrophy and infarctions
(103). In the last case, five multilayer perceptrons were
employed, one for each disorder, and various feature
extraction techniques were used to determine the optimal
input vector. The outputs of all networks were fed to a
decision tree, which provided the final decision.

Finally, a combination of Kohonen ANNs has been
applied for the detection of atrial and left and right
ventricular disorders (104). The system, called C.Net,
consisted of three Kohonen ANNs, which used various
ECG features (heart rate, R–R variations, ST deviation,
etc) as input. The system could provide beat classification
and patient diagnosis. It was found to be more accurate in
the decisions made compared with medical experts.
Furthermore, when transferred to clinical practice, it
significantly reduced the patient examination time, as
well as the number of patients requiring additional clin-
ical tests.

7. FUTURE DEVELOPMENTS

The number of systems that have been developed so far for
automated ECG diagnosis indicates the clinical impor-
tance of the problem. ANNs produce, generally, better
results than the other methodologies, but they cannot
provide interpretations for the decisions made, whereas
other systems (knowledge-based and fuzzy logic) can
provide explanation. Bearing this fact in mind, hybrid
systems should be developed that will combine different
methodologies and produce more accurate results followed
by decision interpretations as well.

Most of the presented techniques need proper training
to provide good performance. Several ECG databases have
been developed for that purpose. However, as the medical
knowledge continuously expands, these databases require
constant updating in terms of correcting any inaccuracies
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or adding new information. Nevertheless, the ECG data-
bases cannot substitute for clinical testing, which is the
only way to fully evaluate a diagnostic system.

The diagnostic accuracy of an automated system is
highly dependent on the feature extraction procedure.
The information that will be extracted and analyzed
afterwards should be useful and complete but not redun-
dant, which requires the collaboration with medical ex-
perts who will delineate the medical knowledge and assist
in its computerized coding. Sophisticated feature extrac-
tion techniques, like wavelets and time-frequency ap-
proaches, may provide more discriminative information.
On the other hand, the feature extraction process requires
accurate detection of the ECG characteristics. The pre-
sence of noise is the main difficulty that needs to be
handled. The filtering modules developed so far produced
acceptable results, but improvements should still be made,
particularly in handling the electromyographic noise.

The majority of the systems presented above were
developed for one cardiac disorder. Little effort has been
made toward the development of integrated diagnostic
systems. The combination of different systems can address
this problem, but would be more feasible if certain stan-
dards were followed. Such systems will provide more
substantial support to the physicians, especially to those
who are less experienced.
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1. INTRODUCTION

The whole area of sensor development continues to be an
extremely dynamic and growing area for scientific re-
search (1). It becomes immediately apparent that physi-
cal, chemical, and biological sensor development is
necessarily a multidisciplinary activity. It ranges within
several complementary technical disciplines. The devel-
opment of modern sensors has a close connection with
developments in the semiconductor and materials indus-
tries. The developing technologies serve to provide micro-
miniaturization on semiconductor substrates. The
commercial potential of these sensor devices has been
driven by the need for hydrocarbon detectors in the
automotive industry, clinical assays, and environmental
monitoring. A very large purview of sensor technologies
exists covering physical, chemical, and biological mea-
surements. The scope of this review shall attempt to
restrict itself to a summary of the essential issues con-
nected with electrochemical sensors as applied to biosys-
tems.

A problem develops in the attempt to draw hard and
fast lines so as to appear to make clear and distinct
classifications for the purposes of presentation. The divid-
ing line could emphasize the nature of the operative
recognition mechanism when generating the detection
and measurement signal. For example, a biosensor can
be viewed as a sensing device that employs a biological
entity (enzyme, antibody, bacteria, etc.) as an intrinsic
part of the sensing process. The difficulty quickly becomes
evident that the monitoring parameters in biosystems
require combining materials components with making
physical measurements. As a consequence the term biop-
robe has found some acceptance. By applying such a term,
one attempts to distinguish the sensing mechanism of
species of biological origin from the general methodology
used in sensing the parameters originating within biolo-
gical systems.

The discussion that follows provides an overview of the
discrete processes, materials, and measurement meth-
odologies.

2. DEFINITION

Making progress in any technological area eventually
requires a clear definition to guide discussion. The follow-
ing definition is a descriptive statement that alludes to a
mechanistic interpretation. A committee of the Interna-
tional Union of Pure and Applied Chemistry has proposed
the following as a recommended definition (2).

An electrochemical biosensor is a self-contained inte-
grated device capable of providing specific quantitative or
semiquantitative analytical information with a biological
recognition element (biochemical receptor) that is re-
tained in direct spatial contact with an electrochemical
transduction element.

To illustrate this concept, Fig. 1 shows a general block
diagram for an electrochemical biosensor. The diagram
illustrates the essential configuration of the biosensor
together with a data collection device suitable for measur-
ing, recording, and reporting the analytical information
developed by the sensor.

3. ATTRIBUTES OF AN IDEAL SENSOR

Ideality as applied to sensors is more a hope than a reality.
As a consequence, certain response specifications can be
given that serve as a means for comparing the relative
performance of sensors in any particular application.

Functional Dependence of the Amount of the Sample to
the Response Signal—Although a proportional signal
would be the most desirable case, a well-defined mathe-
matical relationship is also satisfactory. The reason for
this relationship is the availability of on-device signal
processing that can do the data processing and reporting
in real time. Of course, the relationship should be single
valued, or if not, the sought-after value can be easily
identified.

Absence of Hysteresis in the Sensor Response—The
signal should return to original baseline in any calibration
step.

Fast Response Time—Basically, the signal should re-
spond quickly to changes in the sensor environment. This
consideration is important when making real-time mea-
surements based on sensor readings. There are times
when slow kinetic steps require stabilization times for
achieving a stable and reliable measurement. The re-
sponse time is an important figure of merit in designing
sensor applications.

The Signal-to-Noise Ratio (SNR)—The SNR estab-
lishes the detection limit of the device. Ordinarily, the
sensor determines the noise limit, but this is not always
the case. Some improvement is possible with noise filter-
ing techniques.

Selectivity—The object of the measurement is to deter-
mine the existence and estimate the amount of the target
species. The response of the sensor to any other species

Sample

Data collection
system

Biological
detector 

Transducer

Figure 1. A general arrangement of the essential components of
a biosensor system is shown. To be an electrochemical biosensor,
the transduction element involves an electrochemical process.
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then constitutes an interference. Ideally, the sensor
should respond only to the species being measured. If
interferences exist, awareness of their presence and a
means for correcting for the interfering component is
helpful. Otherwise, the effect of the interference appears
as a component in the error inherent in the measurement.

Sensitivity—Sensitivity is the rate of change of the
detection signal with respect to the change in concentra-
tion of the detected species. The sensitivity changes as one
approaches the noise threshold.

4. ELECTROCHEMICAL DETECTION

The electrochemical biosensor is characterized by its use
of electrochemical methods as the means for transduction
(3). The simplest presentation currently in vogue for
classifying these methods is potentiometric, ampero-
metric, and conductometric.

1. Potentiometric sensors use the potential on an in-
dicating electrode in an electrochemical cell mea-
sured at virtually zero current. This potential is
determined from the measured voltage between an
indicator electrode and a reference electrode. Be-
cause the potential of the reference electrode is an
established constant, the potential of the indicator
electrode is determined. The potential of the indica-
tor electrode is proportional to the logarithm of the
concentration of the species being determined.

2. Amperometric sensors monitor the current mea-
sured at the indicating electrode as the consequence
of a current passing through the cell. The magnitude
of the current is correlated to the species being
determined.

3. Conductometric sensors monitor the conductivity of
an electrochemical cell and then use a correlation
between the conductance and the concentration of
the ionic species causing the conductivity.

This classification serves to generate distinct group clas-
sifications at the expense of a basic understanding of the
processes. Perhaps a few additional words of clarification
would be helpful.

4.1. Potentiometric Measurements

It goes without saying that to make a voltage measure-
ment across a cell, some finite current must pass, however
small that current might be. Because that finite current
must flow, the kinetics of the electron transfer processes at
the indicating electrode becomes an important considera-
tion. The user would like that all of the reactions (chemical
and electrochemical) occur at rates sufficiently fast that
the overall reaction approaches a condition of thermody-
namic reversibility. Alternatively, slow kinetics can make
the potentiometric determination useless or associated
with the slow step of the related kinetic processes. The
proximity to thermodynamic reversibility means the body
of thermodynamic data that is already in existence is
available for interpretation of potentiometric measure-
ments. For example, the electrode response follows the

Nernst equation, which gives a first principles description
of the electrochemical response of the interface. Thus, the
electrode response as a function of the logarithm of con-
centration is established. In this perspective, the potentio-
metric measurements have fundamental significance.

A special case and a significant application of potentio-
metry is the development of the ion-selective electrodes.
The original concept was the well-known glass electrode
that monitors the pH of an electrolyte solution. The
potential measurement of interest is the voltage drop
that developed across a glass membrane that separates
the analyte solution (the solution under test). The actual
electrode within the glass electrode system is constructed
as a fixed potential reference electrode. By doing that, the
potential drop across the membrane is what is being
monitored. An important variant of this concept was the
development of ion-selective electrodes. In these electro-
des, species other than hydrogen ion are detected and
measured. Also, pH can be determined with metal electro-
des such as palladium hydride electrodes.

Ion-selective field effect transistors (ISFETs) are basi-
cally FETs that incorporate an ion-sensitive surface. The
surface electrical potential is dependent on the ions inter-
acting with the semiconductor surface. This potential
change can be monitored. The ISFET is assembled by
coating the sensor electrode with an appropriately de-
signed polymer layer. When the polymer layer is selec-
tively permeable to analyte ions, these ions diffuse
through the polymer layer. The consequence of this pro-
cess is a change in the FET surface potential. In a similar
manner, an enzyme-sensitive FET (ENFET) can be as-
sembled.

4.2. Amperometric Measurements

Amperometry seems to be the name given to the set of
electrochemical measurements in which the electrochemi-
cal cell response occurs under a condition resulting in the
passage of a current. A point of confusion can occur here
because the set and a member of that set have the same
name.

This particular logical problem is occasionally observed
in other situations and has the tendency to result in some
unintended circular arguments. This condition usually
results in diminished clarity in expository presentations.
Here we have a good example of that situation. When the
term amperometry identifies the entire set of techniques,
the amperometric designation focuses particular attention
on the dynamic (nonequilibrium) aspect of the measure-
ment. It that way, amperometry, as a name given to a
collection of methods, stands separate from the potentio-
metric (or equilibrium) methods. However, the name,
amperometry, also applies to a specific analytical techni-
que. That is, amperometry is a technique wherein the
measured current passing at an electrode that is held at a
constant potential is monitored as a function of time. So,
amperometry is the name of one specific technique that
belongs to a collection (or class) of techniques in which the
collection has the same name, amperometry. Clearly, this
process is not good form consistent with logical exposition.
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However, if one keeps that distinction in mind there
should be no confusion.

The most common techniques in this amperometric
grouping are voltammetry, amperometry (the specific
application), and chronopotentiometry. In addition, a
rich assortment of other well-studied electroanalytical
techniques exists that can also be applied. However, the
data analysis is a little more sophisticated. This analysis
includes chronocoulometry as well as square wave and
differential pulse voltammetric methods.

As a point of clarification, a naming methodology has
evolved over time for electrochemical techniques in ana-
lytical determinations. The techniques are distinguished
by those experimentally measured parameters shown in a
two-dimensional graphical display of the data. For exam-
ple, voltammetry displays the current and voltage re-
sponse of the electrode system being examined. However,
several variations of the voltammetric technique exist.
Among them are cyclic, rapid scan, anodic stripping, stair
case, hydrodynamic, rotating electrode, and alternating
current. The differences relate to the unique mass transfer
and charge transfer conditions existing at the immediate
electrode interface applicable to that particular technique.
A discussion of each of these methodologies can be ex-
tensive and is the subject of several excellent monographs.
In a similar manner, chronopotentiometry and chronocou-
lometry display electrode potential and charge passed as a
function of time. Note that these methodologies have
several well-studied variants as in the case of voltamme-
try.

4.3. Conductometric Measurements

The conductance measurement uses the application of a
low-amplitude ac signal to an electrochemical cell. This
case is a special case of an impedance measurement.
Technically, the conductance is the real part of the com-
plex admittance of an electric circuit. The electrochemical
cell can be represented in terms of an equivalent circuit.
This circuit explains the measured impedance and phase
angle over a finite frequency domain. By fitting the values
of the circuit components and then correlating them with
the changes taking place in the electrochemical cell, an
excellent analytical method becomes available. This tech-

nique appears under different names including electro-
chemical impedance spectroscopy (EIS).

A brief summary of the electrochemical transducers is
presented in Table 1.

5. BIOMATERIALS FOR BIOSENSORS

Recognition is the essential step in the detection process
that occurs in biological systems. An example of this step
is the use of an enzyme acting specifically to convert a
reactant molecule into a product. Another example is that
existing in immune systems in which antigens interact
with antibodies. The antigen is recognized as a foreign
body. A specific antibody is generated to act against it by
binding to it and operating to remove the antigen. Each
type of cell has within it a unique signature in its DNA. All
of the information contained in the DNA appears encoded
in a series of amino acids and, as such, forms the identify-
ing backbone of that structure. The recognition of these
sequences is of fundamental importance to the control,
reading, and detection of these molecular structures.

5.1. Enzymes

An enzyme is a biocatalyst. It acts to significantly increase
the reaction rates of processes that would not normally
take place under biologically ambient conditions of tem-
perature, pressure, and pH. Some enzymes show a specific
sensitivity to a particular molecule (or substrate). Others
might react with another substrate in which a common
amino acid linkage appears. It is also to be noted that
many enzymatic reactions involve cofactors. These cofac-
tors are other molecules or ions that assist in the reaction.
During the catalysis, the cofactors may be chemically
changed, and as a consequence, the resulting physico-
chemical effects can monitor or detect the enzymatic
process. A general list of enzyme properties that are
advantageous in sensor applications are shown in Table 2.

5.2. Antibodies

An animal’s immune system has two distinct parts: the
innate and the adaptive immune systems. The innate
system is mediated by cells having a nonspecific response
to foreign molecules. Included among these cells are

Table 1. Types of Electrochemical Transducers for Various Types of Measurements with Corresponding Analytes (4)

Measurement Type Transducer Transducer Analyte

1. Potentiometric Ion-selective electrode (ISE); Kþ , Cl� , Ca2þ , F�

Glass electrode; Hþ , Naþ , y;
Gas electrode; CO2, NH3;
Metal Redox species
Metal hydride electrodes Hþ

ISFET; Hþ , Kþ , y
ENFET

2. Amperometric Metal or carbon electrode; O2, sugars, alcohols, y;
Chemically modified electrodes (CMEs) Sugars, alcohols, phenols, oligonucleotides, y

3. Conductometric, Impedance Metal electrodes; Urea, charged species, oligonucleotides, y
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phagocytes that engulf foreign particles and natural-killer
cells that bind to the foreign particles. The adaptive
immune system produces molecules that have a specific
response to foreign molecules based on their unique
structure. The cells that mediate the adaptive immune
system and produce antibodies are B-lymphocytes. These
antibodies are specific binding proteins that selectively
bind to the foreign molecules (the antigens) selectively.
Each B-lymphocyte can produce an antibody. This anti-
body appears on the surface of the B-lymphocyte as an
antigen receptor. The antibody reacts specifically with the
invading antigen.

By this specific recognition and interaction performed
on the molecular level, antibodies and antigens can be
exploited as a means for diagnostic testing. Antibodies can
be raised in vitro to detect specific molecules. In this way,
antibodies may serve as the basis for an electrochemical
detection system.

6. IMMOBILIZATION OF BIOMOLECULES FOR
BIOSENSORS

6.1. Biomolecule Matrices for Biosensors

It is essential to create a biosensing surface in which the
sensing mechanism is immobilized. The biosensing sur-
face may contain enzymes, antibodies, antigens, microor-
ganisms, mammalian cells, tissues, or receptors.

A short review of the immobilization procedures fol-
lows.

6.1.1. Physical Adsorption on a Solid Surface. This
method involves a physical attraction or adsorption onto
a film of plastic, glass, or cellulose. It is not considered a
reliable or reproduceable method for building a biosensing
matrix. Problems seem associated with leaching during
storage. The absorptive forces can be disruptive by the
effects of pH, temperature, and ionic strength. The advan-
tage of this method is its simplicity and chemically gentle
environment.

6.1.2. Use of Cross-Linking Reagents. Bifunctional cross-
linking reagents can stabilize proteins. The proteins can
be cross-linked to one another or to other inert proteins.

Greater sensor stability can be achieved with an immobi-
lized protein. However, some loss of activity occurs. The
cross-linking chemical could interact with the active sites
as in the case of enzymes. In the case of immunosensors,
antibody binding sites can be incorrectly oriented or
blocked. In practice, membranes can be cast directly on
electrode surfaces.

6.1.3. Entrapment with a Gel or Polymer. A convenient
and gentle method for immobilization is the physical
entrapment of biomolecules in gel matrices. This method
can permit the porosity or degree of cross-linking to be
controlled. The cross-linking serves to constrain the bio-
molecules so that leaching is minimized. This technique
can immobilize micro-organisms.

6.1.4. Use of Membranes to Retain the Biomolecule Close
to the Electrode Surface. By controlling membrane poros-
ities, biomolecules can be retained near the transducer
surface without the need for actual immobilization. Ion-
selective membranes can be used in conjunction with the
contained biomolecular species.

6.1.5. Covalent Attachment. The biosensing surface can
be established by the chemical coupling of the biomole-
cules. Such matrices show a resistance to pH, tempera-
ture, and ionic strength. The common supports are
inorganics, natural polymers, and synthetic polymers.

6.1.6. Exploitation of Biomolecular Interactions. This
miscellaneous category relies on specific biochemical reac-
tions whose properties can create a detectable response.
The reviews of Guilbault et al. (5) and Taylor (6) cover
enzyme, antibody, and receptor immobilizations for bio-
sensors.

7. CONCLUDING REMARKS

The exploitation of biospecific interactions has a key role
in the development of highly sensitive biosensors with
clinical, pharmacological, and biotechnical applications.
Recently published articles identify this area as one of the
fastest growing technologies with diverse applications in
many scientific fields (7).

Table 2. Enzyme Properties that Are of Value in Sensor Development

1. High specificity for substrate or analyte
2. Reusability
3. Well understood mechanism of operation
4. Alternative methods for monitoring catalyzed reactions
5. Established methodologies for immobilization
6. Synthetic substrates available that provide products as a consequence of enzymatic conversion, which are detectable: Direct

determination of enzymatic activity is easily monitored
7. Many analytical formats available
8. Stable forms of enzymes available: may be produced from thermophilic organisms or generated by chemical or genetic mutation; a very

active area for research and development
9. Commercial enzyme systems are well established (e.g., for determination of glucose, cholesterol, and other biomolecules)
10. Relatively inexpensive to produce and purify
11. Many cell- and tissue-based sensors are enzyme based
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The development of highly sensitive biosensors is built
on the biospecific interactions as the mechanism of detec-
tion and measurement. These biosensors have already
found application in clinical, pharmacological, and bio-
technical analysis.

This brief and constrained presentation covers an
interdisciplinary technology that has great depth and
breadth. For those readers who would like to pursue a
more detailed examination of this technology or to initiate
experimental programs to develop the technology, a list of
general references and review articles are appended and
may be found to be useful. Another information source is
the Internet. By using the search engines available, a
search can be performed with the keywords, ‘‘electroche-
mical biosensors.’’ A useful search engine can be found
having the URL address, http://www.google.com, and can
provide an interesting list of Internet addresses with
technical documents, manufacturer’s information, and
presentation graphics. This information can be down-
loaded and structured as needed.
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1. INTRODUCTION

Electrical stimulation of physiological structures has en-
joyed wide enthusiasm by physiologists, in collaboration
with bioengineers, ever since Galvani performed his first
stimulation experiments on frog legs in 1791 in Bologna.

Next to muscle, the heart was the first organ to be
stimulated (by A. Hyman, in 1932), which is not surprising
from an engineering point of view, as the heart can be
considered as an electrically driven pump. Therefore, the
first idea that came to mind was to replace the electrical
source of the pump (electrical activity of the heart) with an
artificial one. Later, many other organs were subjected to
electrical stimulation. Similar to nerves with efferent and
afferent functions, the idea was raised to use electrodes
not only for stimulation, but also for sensing purposes.
Contradictory conditions are required for this function:
On the one hand, for stimulation, a small surface is
required in order to lower the energy consumption, on
the other hand, for sensing, a large surface is ideal to be
used as a large antenna (1,2). The solution to these
contradictory requirements has led to ingenious metallo-
chemical solutions.

The aim of this article is to give an overview of some of
the difficult aspects of the fascinating world of electrodes
used for sensing or stimulating different bodily functions,
with special emphasis on cardiac sensing, pacing, and
defibrillation electrodes. Cardiac applications have been
most used because permanent implantable electrodes
have been in clinical use for 45 years.

2. BIOCOMPATIBILTY AND MATERIALS

2.1. Biocompatibility

A central issue in biomaterial research is the interaction
that takes place between the surface atoms and the
biomolecules of the biological system. All interactions
that occur are still not completely uncovered. The surface
of a solid can be considered as a special state of matter: a
zone with unique chemistry, organization, dynamics, and
electrical properties (3). Biocompatibility relates the sur-
face of solid implanted material into the human body to
biological interactions with tissue in a phase of proteins,
lipids, and ions and encompasses studies of reactions at
the interface.

Biocompatibility testing and evaluation of medical
devices are performed to determine the potential toxicity
resulting from contact of the device with the body. The
device materials should not—either directly or through
the release of their material constituents—produce ad-
verse local or systemic effects, be carcinogenic, or produce
adverse reproductive and developmental effects. There-
fore, evaluation of any new device intended for human use
requires data from systematic testing to ensure that the
benefits provided by the final product will exceed any
potential risks posed by device materials.

Historically, evaluating the biocompatibility of medical
devices and biomaterials has been a complex task. This
complexity develops from the fact that devices are made of
a diverse range of materials and have various intended
uses, with body contact ranging from transient skin con-
tact to contact with blood to permanent implantation.
Biocompatibility is generally demonstrated by testing
device materials, and their leachable chemicals, with
toxicological principles.

Chemical constituents and potential extractables
should be identified and quantified for an overall safety
assessment of the device. In general, the suggested biolo-
gical tests for determining the potentially adverse or toxic
effects of medical devices include procedures designed to
evaluate cytotoxicity; acute, subchronic, and chronic toxi-
city; irritation to skin, eyes, and mucosal surfaces; sensi-
tization; hemocompatibility; short-term implantation
effects; genotoxicity; carcinogenicity; and effects on repro-
duction, including developmental effects.

The 1976 Medical Device Amendments put a classifica-
tion scheme into place (website: http://www.phppo.cdc.-
gov/cliac/pdf/Addenda/cliac0204/Addendum%20B_-
Post-market%20Activities_FDA.pdf) for medical devices.

The various types of devices are placed into one of three
classes, depending on the degree of risk they present and
the level of regulatory control needed to provide reason-
able assurance of their safety and effectiveness.

Class I provides the lowest level of regulatory control
and is intended for those devices for which there is
sufficient information to conclude that safety and effec-
tiveness can be ensured by general controls alone. General
controls provide enforcement authority for misbranding,
adulteration, registration and listing, banned-device
authority, consumer notification and recall, product re-
porting, and good manufacturing practices (GMPs).

Medical devices designated as Class II are devices for
which general controls alone are not sufficient to ensure
safety and effectiveness, but for which there is sufficient
information to establish special controls to provide this
assurance. Therefore, in addition to the provisions for
general controls, these devices are subject to one or more
special controls that may include performance standards,
guidelines, patient registries, or postmarket surveillance.

Class III devices entail the highest level of regulatory
control. For such devices, there is insufficient information
to demonstrate that either general or special controls can
provide a reasonable assurance of safety and effectiveness.
As a result of a lack of valid scientific data, these devices
present the most risk and are therefore subject to general
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controls as well as premarket approval (PMA) prior to
marketing.

The requirements for medical devices to enter into
commercial distribution vary according to the regulatory
class of the device. Premarket approval and premarket
notification are the primary pathways to market for new
devices, yet their regulatory requirements differ. All Class
III devices are subject to PMA and must demonstrate a
reasonable assurance of safety and effectiveness as shown
by valid scientific evidence.

2.2. Materials

Electrode materials used especially for cardiac pacing
purposes, but for other implanted applications as well,
have been described in many text books (4–7).

To minimize inflammation and its effects on stimula-
tion threshold (the potential of a stimulus pulse at which
heart rate will follow the imposed frequency of the pulse),
pacing electrodes should be biocompatible, resistant to
chemical degradation, durable, and wear-resistant (8–11).
Some authors (12) have anticipated that the electrode
material itself provokes the foreign body reaction and,
therefore, many attempts have been undertaken to im-
prove thresholds through the use of better adapted mate-
rials. The sensing and pacing performance of pacemaker
electrodes is characterized by the electrochemical proper-
ties of the electrode/tissue interface affecting tissue reac-
tions and the kinetics of the ionic exchange. In early
systems, smooth metallic surfaces were preferred: Pt,
PtIr (13), Elgiloy (Co 40%, Cr 20%, Fe 16%, Ni 15%, Mo
7%, Mn 2%). The latter is a non-noble alloy and has been
adequately used as cathode, but shows a significant
degree of corrosion as an anode. The smooth metallic
electrode surface, however, results in a high-pass filter
characteristic for sensed signals as seen by the receiver
(pacemaker or other device). To better match the electro-
de’s filter characteristic to the spectral content of the
depolarization signal, various combinations of electrode
shape, material, and surface structure have been re-

searched, especially surface-coated electrodes (see also
section 4.2) (14).

Titaniumoxide, titaniumnitride (15,16), carbon, tanta-
lum pentoxide (neural implantation) (17), iridium, and
iridium oxide (18) have all been shown to be suitable for
chronic use as pacing electrodes. Titanium oxide has been
shown to be highly corrosion-resistant and proved to show
excellent long-term performance as a pacing electrode.
Iridium-coated electrodes are also used as defibrillation
electrodes, and it was shown that the coating significantly
lowered the defibrillation threshold (19).

In the early days of pacing, carbon tips (20) were used,
whereas later on its glassy state was also used (21),
sometimes called the vitreous state or pyrolytic (22).
Pyrolytic carbon belongs to the family of turbostratic
carbons, which have a similar structure to graphite.
Graphite consists of carbon atoms that are covalently
bonded in hexagonal arrays. These arrays are stacked
and held together by a weak interlayer binding. Pyrolytic
carbon and other turbostratic carbons differ in that the
layers are disordered, resulting in wrinkles or distortions
within layers, which give pyrolytic carbon improved dur-
ability compared with graphite. Physiologic results were
reported to be comparable with steroid-eluting electrodes
(23) (see below). They are microporous (Fig. 1) and pro-
duce lower thresholds.

Vitreous carbon electrodes have been improved by
roughening the surface, a process known as activation
(23), increasing the surface and reducing polarization (the
phenomenon occurring at the interface tissue electrode in
which ions migrate to form a double layer; it is the
electrical equivalent of the loading of a Helmholtz capaci-
tance [Fig. 2]).

Experimental work in canine ventricles for electrodes
without steroid elution has shown that the site of fixation
does not influence pacing thresholds. Similarly, epicar-
dially (the outside layer of the heart) applied corkscrews,
transvenous corkscrews, and passively fixed epicardial

Figure 1. Porous electrodes design (Courtesy of Medtronic, Inc.). Upper part: electron microscopy
photographs. Lower part: schematic drawings (from left to right): CapSures 8.0 mm2 porous
electrode, CapSures 5.8 mm2 platinized porous electrode, CapSures Z Novus 1.2 mm2 platinized
porous electrode. Magnification is at 1000.
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electrodes all tend to have equivalent thresholds in ca-
nines.

Nonetheless, it has been agreed that epicardial or
myocardial (the myocardium: heart muscle) electrodes
without steroid elution have less desirable threshold
performance than endocardial (the inside layer of the
heart) leads in humans. The concept of steroid elution
has produced endocardial electrodes with superior perfor-
mance compared with steroid-free transvenous active
fixation electrodes and epicardial or myocardial ones
(Fig. 3). A steroid-eluting electrode is a drug-eluting
electrode. It has a silicone core that is impregnated with
about 1 mg dexamethasone sodium phosphate. The slow
elution of this steroid not only eliminates the early thresh-
old peaking phenomenon, but also maintains chronic
thresholds at a lower level compared with nondrug-elut-
ing electrodes.

2.3. Fixation

Electrodes can have active or passive fixation into the
myocardium (24). With active fixation, a part of the
electrode penetrates into the myocardium (heart muscle).
Most in use are screw-in types. Drawbacks of this method
are: (1) possible formation of scar tissue, leading to an
increase of the pacing threshold; and (2) possible perfora-
tion of the myocardial wall.

Passive fixation is based on an adequate positioning
and anchoring of the electrode between the trabeculae
(small muscle fibers at the internal wall of the heart) of
the myocardium. Leads have been adapted with tines
(Figs. 3 and 4). In principle, less fibrotic tissue is gener-
ated with this electrode tip.

An important fact is that most epicardial or myocardial
leads are used in a pediatric setting (25), where threshold
rises are relatively frequently observed (26,27). It might
be that passively fixed leads perform better because their
electrodes incorporate newer innovations. State-of-the-art
passive electrodes are porous and steroid-eluting. Trans-

venous active fixation electrodes and epicardial or myo-
cardial leads are significantly more complex and difficult
to design with all attributes needed to produce low chronic
thresholds.

3. EXTERNAL ELECTRODES

Electrodes are used to make electrical contact with tissue
and to conduct electrical current. They can be used
internally (inside the body, in contact with organs), in
this case, the electrode is embedded in an ionized fluid
environment, or externally (on the skin), in which case the
electrode is surrounded by air.

Silicone rubber plug
containing steroid

Porous, platinized
tip for steroid
elution Lead body

Tines for
stable fixation

Figure 3. Example of electrode with steroid elution: The steroid
is embedded in a silicone rubber plug and starts eluting following
implantation of the electrode. (Courtesy of Medtronic, Inc.).
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Figure 2. Simplified electronic equivalent of the pacemaker-
lead-electrode interface with Ch: Helmholtz capacitance, RW:
Warburg resistance, Rlea: lead resistance, RS: tissue-electrode
resistance.

Figure 4. Rate responsive pacemaker system with a piezo-elec-
tric crystal sensor encapsulated in the pacemaker can (Courtesy
of Medtronic, Inc.) and tined lead.
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3.1. External Electrodes for Sensing and Stimulation

The conduction of current in tissue is ionic. Therefore, to
measure electrical effects in tissue, it is necessary to make
a transfer from this ionic conduction to the electronic
conduction that occurs in the measuring circuit. This
transfer is accomplished in the tissue-electrode interface.

At any electrode/electrolyte interface, the tendency
exists for the electrode to discharge ions into the solution
and for ions in the electrolyte to combine with the elec-
trode. These phenomena result in redox (reduction/oxidi-
zation) reactions. The net result is the creation of a charge
gradient, the spatial arrangement of which is called the
electrode double layer, consisting of two parallel areas of
charge of opposite signs. The electrode double layer exist-
ing between a practical electrode and an electrolyte may
be regarded as a battery in parallel with a reasonably high
impedance. This impedance is of the order of 10,000 Ohms,
and the battery may be equivalent to a 10 microF capa-
citor.

For external use (on the skin), silver/silver-chloride
electrodes are the most common used, because of its ease
of manufacture. The electrode is a silver wire that is
coated with a thin layer of silver chloride either by
electroplating or by dipping the wire in molten silver
chloride. When the electrode is placed in a saturated
potassium chloride solution, it develops a potential of
199 mV vs. the standard hydrogen electrode. The potential
developed is determined by the chloride concentration of
the solution, as defined by the Nernst equation. The
potential of the electrode remains constant as long as
the chloride concentration remains constant. The silver-
silver chloride reference electrode develops a potential
proportional to the chloride concentration, whether it is
sodium chloride, potassium chloride, ammonium chloride,
or some other chloride salt. The concentration of chloride
in the reference electrolyte determines the potential of the
reference element. Potassium chloride is the most widely
used electrolyte because it does not generally interfere
with pH measurements and the mobilities of the potas-
sium and chloride ions are nearly equal. This equal
transference minimizes junction potentials because the (
þ ) potassium and (� ) chloride ions move at the same
rate. These ions provide the conductive path between the
reference element and the sample, commonly referred to
as a salt bridge, which is by far the most common
reference type used today by many electrochemists be-
cause it is simple, inexpensive, very stable, and nontoxic.
It is mainly used with saturated potassium chloride
electrolyte, but can be used with lower concentrations
such as 1 M potassium chloride. Note that changing the
electrolyte concentration changes the potential. Silver
chloride is slightly soluble in strong potassium chloride
solutions, so it is sometimes recommended that the potas-
sium chloride be saturated with silver chloride to avoid
stripping the silver chloride off the silver wire. Most of
reference electrodes use a saturated KCl solution with an
excess of KCl crystals. The extra KCl dissolves into the
electrolyte as the potassium and chloride ions diffuse out
through the liquid junction in normal use. This extra
buffer of KCl extends the time before the reference cell

starts to drift because of the depletion of chloride ions in
the electrolyte.

A sparingly soluble salt, silver chloride is in equili-
brium with a saturated solution of this salt that precipi-
tates in the course of electrolysis. The reversible electrode
reaction consists of silver ions going into solution and then
combining with the chloride ions to form silver chloride.
Thus, its potential is determined by the following reac-
tions:

Ag$ Agþ e�

Agþ þCl� $ AgClðsÞ

AgþCl� $ AgClðsÞþ e�:

The potential is dependent on temperature and the con-
centration of chloride ions in accordance with the follow-
ing equation:

E¼E0�
RT
F ln½Cl�� :

Where E0, R, F, and T are the standard potential, gas
constant, Faraday Constant, and temperature, respec-
tively. The reaction has been proved to obey these equa-
tions in solutions with pH’s of between 0 and 13.5. The
potential is, however, very sensitive to traces of bromide
ions, which make it more negative.

The net result is a low impedance, low offset potential
interface between the silver and the electrolyte.

Most electrodes form soluble metallic salts and, thus,
are highly toxic and can be used only as surface electrodes
on intact skin. Silver electrodes, however, are nontoxic, as
silver chloride is almost insoluble in a chloride-containing
solution, thus very few free silver ions exist, and tissue
damage from them is negligible. Thus, silver or silver/
silver-chloride electrodes are definitely preferred for use
on exposed tissue.

All electrode types offer better performance if applied
after cleaning and abrading the skin with a small amount
of slightly abrasive electrode paste, which tends to remove
dead cells from the surface and decreases the electrode
contact impedance.

Mechanical disturbance (because of motion artifacts) of
the electrode double layer causes electrode noise because
the double layer acts as a region of charge gradient,
disturbance of which gives rise to a change in capacitance
and, thus, a change in voltage. The electrical stability of
an electrode is considerably enhanced by mechanical
stabilization of the electrode-electrolyte ‘‘jelly’’ or ‘‘paste’’
between the electrode and the tissue.

Almost all of the external electrode types may be used
as stimulating electrodes. When using electrodes for sti-
mulation, current is deliberately passed between the
electrodes. This current, unless it is truly biphasic, will
increase the electrode offset potential, thus making the
electrodes increasingly unsuitable for future use as re-
cording electrodes, even if silver/silver-chloride electrodes
are used as stimulating electrodes.

4 ELECTRODES



Silver should be used for stimulating electrodes as it is
nontoxic and does not tend to produce iontophoresis
caused by the passage of electric current. Iontophoresis
is the driving of external ions through the skin that can
produce considerable irritation if unsuitable electrodes
are used.

3.2. Electrode Placement for ECG Recording

The electrocardiogram (ECG) is one of the most often
repeated physical examinations. The heart can be re-
garded as an electrical generator enclosed in a volume
conductor, the torso. The ECG is a measure of the poten-
tial between various points on the surface of the volume
conductor and uses the information obtained to determine
the clinical condition of the heart. Although only two
measurements are theoretically necessary to determine
the relative amplitude and angular position of the frontal
plane vector, it is common electrocardiographic practice to
record at least three projections of the frontal plane vector
along three axes at 60 degrees to each other. The triangle
formed by these three axes is known as the Einthoven
triangle. A description of ECG recording can be found in
every textbook on cardiology and ECG analysis (28).

4. INTERNAL ELECTRODES: THE ELECTRODE-TISSUE
INTERFACE

In the large domain of electrical stimulation, contact is to
be made between an energy source and underlying tissue
or nerves to be stimulated. Therefore, in the following
paragraphs, the interactions that take place at the elec-
trode-tissue boundary will be briefly reviewed.

In discussing the electrode-tissue interface, two differ-
ent elements should be considered (29,30): (1) its electro-
chemical behavior and (2) its electrophysiologic behavior.

4.1. The Electrochemical Interface

The electrochemical situation is rather complex but can be
simplified as follows: The charge carriers are different in
nature in the two phases—electrons in the (solid) elec-
trode material, ions within the electrolyte (Fig. 5). Im-
mersed in the electrolyte, charge will flow from one phase
to the other until the electrochemical potentials are equal.
Hence, a very thin space layer is generated around the
electrode surface. This layer is the so-called Helmholtz
layer, which is, considered electrically, a capacitor with
surprisingly high capacitance (CH, up to 50 mF/cm2). In
parallel to the capacitor, there is an ohmic path, depen-
dent in its conductivity on frequency and current density.
It is called the Warburg resistor (RW).

By placing the metal electrode against the tissue,
separation of charges (positively charged ions in the tissue
are attracted by the metal ‘‘filled with’’ electrons; nega-
tively charged ions are repelled) creates a voltage element
(this effect is called polarization) that must be added to the
equivalent diagram, which is called the Polarization Vol-
tage, Up. It should be stressed that this equivalent elec-
tronic diagram is only a first-order approximation. The

conductivity of the tissue in the range of stimulation
impulses is considered as purely ohmic.

4.2. The Electrophysiologic Behavior of the Interface

Pacing and sensing are two different functions that can be
accomplished by one and the same electrode. Optimal
pacing requires a high tissue resistance in order to mini-
mize the stimulation energy, making a small surface
electrode highly desirable. For adequate sensing, however,
the tissue resistance should be as low as possible, which
requires a larger electrode surface area (2).

4.2.1. Stimulation. From electrophysiology, it is known
that excitation of nerve or muscle fiber is initiated when
the permeability of the membrane with respect to sodium
is greatly increased, resulting in a breakdown of the
potential profile across the membrane, which can be
thought as to be established by a force acting on obstacles
within the pores of the cell membrane. This force can be
described as the electric field. Thus, cardiac stimulation
requires the formation of a localized and transient elec-
trical field to depolarize a few cells in the vicinity of the
electrode.

For stimulating electrodes, a threshold current Ith is
required to cause depolarization. When an electrode is
implanted, the tissue around the electrode changes to
fibrous tissue, changing this threshold to a chronic value,
Ich. If Jth is the critical threshold density, r is the electrode
radius, and d is the shortest distance from the electrode
surface to healthy tissue, then

Ith¼ Jth � 4p � r2;

Ich¼ Jth � 4p � ðrþdÞ2; and

Ich=Ith¼ ð1þ ðd=rÞÞ2:
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Figure 5. The electro-chemical electrode-tissue interface (VP¼

polarization voltage, CH¼Helmholtz capacitor, RW¼Warburg
resistance, RS¼ tissue-electrode resistance).
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These relations show the importance of electrode size. For
a longer pulse duration, a pulse can stimulate through a
larger d for the same current intensity. Also, loading
factors must be considered. Smaller electrodes present
larger loads and require a larger voltage threshold to
achieve depolarization, and power consumption will be
higher.

4.2.2. Sensing. For adequate sensing, however, the tis-
sue resistance should be as low as possible, which requires
a larger electrode surface area. The underlying tissue acts
as a voltage source. An ideal pacing electrode has a high
impedance to reduce current for the same voltage applied.
This impedance rise must be concentrated in the electrode
tip, otherwise it would result in voltage losses in the
conductor. Therefore, it should have a large local surface
providing a high capacitance. The high capacitance mini-
mizes polarization losses and sensing impedance to reduce
attenuation of the signal by the input amplifier.

It is important to note that from the electronic circuit
viewpoint, there must be a match between the electrode
interface impedance and the connected amplifier.

This apparent paradox: a small electrode surface
needed for pacing and a large electrode surface needed
for sensing, has been resolved with the introduction of a
combination of a small geometrical surface covered with a
large porous microstructure with fractal geometry. The
electrodes are manufactured either using powder metal-
lurgical techniques [Elgiloy (powder size 8–25m) or Pt-Ir
(powder size 20–50 mm) powder] or with a surface coating
(with a sputtering technique) with activated C or TiN. TiN
builds an oxide layer of TiO2 with an equilibrium thick-
ness of 4.5 nm.

Also Ta, Nb, and Zr have been considered for coating
material. Surface coating with a sputter deposition tech-
nique produces fractal surfaces with an active surface
area increased by a factor of 210 to 212.

5. DIFFERENT TYPES OF ELECTRODES

5.1. Different Types of Electrodes: Cardiac Pacing

One of the domains where electrodes have been used for
almost fifty years now is the area of cardiac pacing. In the
beginning, to connect the pulse generator and the heart,
the first electrodes were screwed in the outer surface of
the heart (epicardium) and connected to the pacemaker
placed in the abdomen (Fig. 6). Today, such electrodes are
still routinely implanted. Figure 6 shows various designs
of electrodes to be hooked on the epicardium, to be screwed
in the epicardium, or simply to be sutured onto the
epicardium.

This technique required surgical exposure of part of the
myocardium for fixation. The lead was sutured to the
heart during major heart surgery or with a subxyphoid,
subcostal, or left lateral thoracotomy. As a result of the
active fixation mechanism of needle, fish-hook or screw-in
type, dislodgement was rare, but repositioning of the
electrodes sometimes was required for sensing and thresh-
old problems caused by the inherent myocardial trauma.

Later (in the late 1970s), when the pacemaker moved
from the abdominal to the pectoral area, and lead im-
plantation through the venous system, the internal heart
proved to be even more accessible than the epicardium
(outside border of the heart), transvenous electrodes were
required (Fig. 7). These electrodes are inserted into the
venous system in the area of the pacemaker pocket
(pectoral region), into cephalic, subclavian, or jugular
veins. As the venous structure finally directs to the right
atrium, atria and ventricles are easily accessible, provided
the electrode is sufficiently thin and rigid to steer it
through the venous system during implantation, which
is in conflict with the design need to produce flexible
electrodes, being able to follow body and cardiac move-
ment and valve movements.

Flexibility is also required to prevent myocardial per-
foration, frequently observed with the stiff leads in the
early years of transvenous pacing. This design constraint
has been resolved making the electrode hollow using
coiled conductors inside, so a rigid stainless steel stylet
can be introduced in its core to make the electrode steer-
able during implantation, to guide it through the venous
system and the tricuspid valve to finally reach the apex of
the right ventricle. Another design constraint is the
visualization of the lead under fluoroscopy, in order to
move the lead to the ideal position. As the electrode(s)
must pass through the venous system, a maximum to the
electrode and tip diameter is imposed. Different materials
have been used as insulation (silicone, polyurethane, or
PTFE), each material having its own characteristic prop-
erties and advantages with respect to biocompatibility,
stiffness, tear strength, tensile strength, abrasion, com-
pression, creep, crush (cyclic compression), and elonga-
tion. Furthermore, it is important for these materials, in
contact with blood and tissue, to be nontoxic and non-
carcinogenic as well as to have a low thrombogenecity
(tendency to form blood clots on themselves).

Figure 6. Different types of epicardial (active) electrodes. From
top to bottom: stab-in ‘‘fishhook’’, screw, and suture-on design.
(Courtesy of Medtronic, Inc.).
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In the early days of pacing, silicone was usually chosen
as an insulation material having all these properties.
Later, polyurethane was introduced as a material that
met the requirements, but that also had a higher tensile
strength, allowing production of leads with a lower dia-
meter. Also, the friction of polyurethane proved to be
lower, making it easier to pass two leads through one
single vein, an interesting feature for dual chamber im-
plantations.

For the electrode tips, different materials have been
used over the course of time, optimizing biocompatibility,
dimensions, electrode-tissue contact, pacing, and sensing
properties. The need for fixation of the tip to the endocar-
dium led to the development of two kinds of leads: (1) tined
leads for passive fixation (Fig. 4) and (2) screw-in systems.
The advent of the extendable retractable screw reduced
the risk of vein, endocardial, and tricuspid valve damage
during the implantation.

As dual-chamber pacemakers became commercially
available in the early 1980s, development of atrial leads
started as well: To get a sufficient fixation in the right
atrial appendage, where not as many trabeculae exist as
in the right ventricles, leads with the extendable-retract-
able screw mechanism became increasingly popular.
Furthermore, because the lead must be directed to the
right atrial appendage, a preshaped J form (Fig. 7) was
applied to increase lead positioning comfort (31).

When the so-called rate adaptive pacemakers appeared
in the mid-1980s, many sensor mechanisms were studied
to adapt the pacemaker frequency to the metabolic need of
the patient.

Some of those sensors, like accelerometers and piezo-
electric elements measuring patient motion or muscle
activity, were imbedded in the pacemaker can itself, well
protected from body fluids (Fig. 4). Other sensors, evalu-
ating characteristics such as blood oxygen saturation,
blood pH, blood temperature, and blood pressure (32)
were to be measured in the blood flow, and it was initially
thought that the electrode body was a good place to embed
the sensor.

None of these mechanisms or sensors placed on leads
have survived, however, because of sensor drift, fragility
of the lead, nonstandard connectors required to pass the
sensor information to the pacemaker, or intolerable in-
crease of lead thickness. Only electrical measurements,
done via the already existing electrodes on the lead, such
as transthoracal impedance being correlated with minute
ventilation (Fig. 8), as well as QT time [the time frame
between the large QRS excursion on the ECG (due to
repolarization of the ventricles) and the subsequent T
wave (due to depolarization of the ventricles)] measure-
ments, are still applied and successful, together with the
in-built pacemaker sensors.

Initially abandoned for their poor electrical properties
and difficult implantation technique, epicardial leads have
become more popular for use in pediatric settings and in
patients where implantation of transvenous pacing leads
are impossible (artificial tricuspid valves, obstruction of
venous system, e.a.). The initial design with fishhook or
screw (Fig. 9) has been optimized for better pacing thresh-
olds to a suture-on design, and corticosteroid addition to
lower chronic thresholds occurred as well.

Even the connector, the interface between the stimu-
lator and the lead, has been subject to modification (Fig.
10). Initially, each manufacturer had its own connection
standard, leading to incompatibilities between pace-
makers and leads from different manufacturers. Also,
within the products of one manufacturer, different con-
nectors have been available for unipolar and bipolar leads
until, at the end of the 1980s, a universal standard
connector was developed (IS-1).

Figure 8. Minute ventilation is measured by the changes in
electrical impedance across the chest cavity to calculate changes
in lung volume over time. Using standard electrodes mounted on
a pacemaker can, this electrical measurement is reliable over the
long-term. (Courtesy of Medtronic, Inc.).

Figure 7. Position of a straight tined lead in the right ventricular
apex and a J-preshaped lead in the right atrial appendage
(passive fixation). (Courtesy of Medtronic, Inc.).
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It is clear that with the technological improvement over
time, lead diameters have been dramatically reduced. The
facility of the lead to be introduced in the venous system
might have increased, modern designs, however, tend to
be more fragile and require experienced hands for im-
plantation. These factors might also lower long time
reliability.

5.2. Different Types of Electrodes: Electrodes for the Left
Ventricles

After 45 years of single-chamber pacing and approxi-
mately 25 years of dual-chamber pacing, a relatively
new technique is the implantation of transvenous electro-
des on the surface of the left ventricles, into a cardiac vein,
via the coronary sinus, a technique known as CRT (cardiac
resynchronization therapy) (Fig. 11). This technique exists
as well for dual-chamber pacemakers as for dual-chamber
implantable cardioverter defibrillators (ICDs), leading to
the so-called three-chamber pacemakers or ICDs. Based
on acute and chronic studies, the goal is to place this lead
on the left ventricular free wall, in a mid-cardiac position
with good physical and electrical separation from the right
ventricular electrodes, to obtain a kind of ‘‘resynchroniza-
tion’’ in a heart where the synchrony between the con-
traction of right and left ventricles has been impaired (33).
These electrodes are usually long, thin, and unipolar and
have special circular tips for contacting the stimulated
tissue. They are rough-edged or have tines to fix them in
the cardiac veins (Figs. 12 and 13), because the only place
where the electrodes can be fixed to the tissue is the
insertion point (pectoral area), because in cardiac veins,
screw mechanisms are useless. The classical stylets are
usually too rigid to move the electrodes to their final
position. Therefore, they have a central lumen by which
they can move over a flexible guidewire into even the

farthest and most tortuous cardiac vein structures. As
length and thinness of these electrodes reduce the steer-
ability at the tip, these leads are moved in place by a so-
called delivery system: a kind of tube maneuvered into the
orifice of the coronary sinus, serving as a guiding system
to bring the transvenous electrodes in this final position.

Complications for these leads include late dislodgement
and failure to keep the leads in a stable position after
delivery. Sometimes the insertion in a cardiac vein is
impossible because of the lack of veins in the correct
area or simply because the existing veins are too small.

5.3. Different Types of Electrodes: Implantable Defibrillators

Normal pump function of the heart requires a regular
heart rhythm within some limits, roughly between 40
beats/min and 200 beats/min. Lower rates are defined as
bradycardia and higher rates as tachycardia. The latter
can even degenerate to still higher rates that are incom-
patible with the normal functioning of the heart: The
different parts of the myocardium do not contract coher-
ently and the pump function stops, leading to death after a
few minutes. This situation is called ‘‘fibrillation.’’ A large
electrical shock (induced by the discharge of capacitors), a
so-called defibrillation shock, can restore the initial reg-
ular rhythm.

Leads for implantable cardioverter defibrillators
(ICDs) have experienced about the same improvement as
pacemaker leads. Invented in the late 1960s by Michel

Figure 11. CRT therapy: Together with an atrial and a right
ventricular lead, a third lead is introduced into the coronary sinus
and cardiac veins to provide left ventricular stimulation. (Cour-
tesy of Medtronic, Inc.).

Figure 9. Examples of lead types with active fixation. From top
to bottom: fixed-screw and extendable-retractable screw mechan-
ism. (Courtesy of Medtronic, Inc.).

Figure 10. The international standard con-
nector (IS-1): The standard for cardiac pace-
maker connectors. (Courtesy of Medtronic,
Inc.).
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Mirowski, the first clinical ICD implant occurred in 1980.
Implantable defibrillators were very big devices, initially
requiring implantation in the abdomen, as did the early
pacemakers. They were connected with the heart by
epicardial electrodes allowing brady stimulation and sen-
sing (34). For the administration of the defibrillation
energy, large epicardial patches were developed and
placed directly on the epicardium during cardiac surgery
(most often median sternotomy) (35). As the placement of
these electrodes required open thorax surgery, increasing
the mortality of these procedures, a solution was found
with the introduction of the transvenous systems. The
defibrillation patches were transformed into defibrillation
coils, mounted on transvenous electrodes to be inserted by
the venous system (as implantable pacemaker electrodes).
Besides two poles for pacing and sensing, these electrodes
now all have one or two defibrillation coils resulting in a
tripolar or quadripolar design (Fig. 14). These electrodes
also exist as screw-in or tined electrodes. Modern defibril-
lators have a volume that has been tremendously reduced:
their dimensions have to be compared with the pace-
makers of the late 1980s, although the energy they deliver
(up to 35 Joules) requires special high-voltage circuitry,
not easily combined with the low-voltage electronic cir-
cuitry. The defibrillation energy comes available as a
biphasic, truncated exponential shock, limiting the energy
to be delivered to a minimum. One of the defibrillation
poles is the pectorally implanted can of the defibrillator,
the other being the coil (or system of two coils) on the
transvenous electrode. In cases where the patient’s defi-
brillation threshold is still too high, an additional elec-
trode with a long coil can be implanted underneath the
skin by a minimally invasive tunneling procedure, from
forward to the rear encircling the left thorax.

Figure 12. Examples of passively fixed leads. From
top to bottom: tined lead design, finned type, and
canted type (fixation in narrow venous structures,
e.g., coronary sinus or cardiac vein). (Courtesy of
Medtronic, Inc.).

Figure 13. Different tip designs for some corticosteroid-eluting
leads from lower to higher impedance electrodes. (Courtesy of
Medtronic, Inc.).
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5.4. Different Types of Electrodes: Other Areas of Stimulation

5.4.1. Spinal Cord Stimulation. Electrical stimulation
does not only apply to heart stimulation: Spinal cord
stimulation (36) is another vast area that has existed for
some time where impulses from a pulse generator, applied
to the spine, treat patients with chronic, intractable pain
(Fig. 15). It involves selective electrical stimulation of low-
threshold, large-diameter nerve fiber collaterals in the
dorsal columns of the spinal cord and is intended to block
the transmission of pain signals to the brain. First applied
in 1967 (37), it has emerged as a clinically appropriate
treatment for certain inoperable chronic pain conditions.

A stimulation lead is implanted into the epidural space
through a transcutaneous needle under a local anesthetic.
Electrodes are made from PtIr and have a surface of 3–6-
mm long on a lead of 1-mm diameter. Four electrodes are
placed on the lead at a distance from 4–6 mm. Paresthesia
coverage, and thus lead placement, is indicated by patient
feedback during intraoperative testing. One or two quad-
ripolar leads are inserted, and stimulation works best
when the electrical field generated by pairs of electrodes
is oriented so it parallels the nerve fibers to be recruited.
Furthermore, the electrical field should have just enough
width and depth to stimulate these fibers without signifi-
cantly affecting dorsal root fibers. Root fiber stimulation is
problematic because it causes painful radicular stimula-
tion and can provoke painful muscle contractions. The
orientation, depth, and breadth of the electrical field are
also functions of electrode size and spacing. Therefore,
lead selection and design becomes a critical factor.

5.4.2. Parkinson’s Disease. Another revolutionary
treatment is that of tremor and symptoms of Parkinson’s
disease (38). The device is completely implantable and
works effectively to re-establish motor function and raise
quality of life in patients suffering essential tremor and
Parkinson’s disease (39). It is based on delivery of elec-
trical impulses to key areas deep within the brain. Quad-
ripolar electrodes for delivery of the impulses are inserted
into the brain and connected to a stimulator in the
pectoral region. The PtIr electrodes usually have four

poles of cylindrical shape, with small interelectrode (0.5–
1.5 mm) distances. The quadripolarity can enable the
selection of different polarity combinations, so there is
flexibility in the choice of the cerebral target. Depending
on the dominant symptoms, the thalamus, globus pallidus
interna, or subthalamic nucleus can be targeted. Also for
this purpose, leads are thin and have a polyurethane
insulation, similar to pacing leads. A tungsten stylet can
be introduced to obtain optimal push and steerability
during lead positioning. The inner coils are flexible to
accommodate movement of the brain.

5.4.3. Incontinence. Millions of people suffer from urge
incontinence, retention, and symptoms of urgency-fre-
quency. Individuals with these problems often face debil-
itating challenges in their everyday lives. In patients
where traditional drug treatment, behavior modification,
diet changes, and pelvic floor exercises are less effective or
cause side effects (40), sacral nerve stimulation (41) for
urinary control is designed to be an alternative (Fig. 16). A
small incision over the sacrum, the triangular bone that
includes the tailbone, is made. The lead is implanted
through a needle and is placed near the sacral nerve.
This therapy uses mild electrical stimulation of the sacral
nerves to modulate neural reflexes that influence bladder,
sphincter, and pelvic floor muscles. A specially designed
electrode (PtIr) is implanted in the sacral space and
connected, first to a temporary stimulator to evaluate
proper functioning and later to a permanently implanted
unit that will deliver stimuli.

5.4.4. Gastroparesis. Gastroparesis is defined as de-
layed emptying in the absence of mechanical obstruction.
Patients with gastroparesis experience a number of upper
gastrointestinal symptoms, including nausea, frequent
vomiting, early satiety, abdominal bloating, and abdom-
inal pain (see http://www.medtronic.com). A new electri-
cal therapy has become available that uses mild electrical
stimulation (42) to activate the nerves of the lower sto-
mach. Two electrodes (PtIr) are inserted by laparoscopy
and connected to a neurostimulator. This therapy is also a

Figure 14. Example of a lead for an ICD:
Defibrillation electrodes (coils) are added on
the lead body. (Courtesy of Medtronic, Inc.).
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form of electrical stimulation, relieving the symptoms of
patients. This treatment is still new and rather experi-
mental. Worldwide, some 1000 implantations have been
performed so far.

For each implantable electrode, the underlying techni-
que relies on the basic principles of electrical stimulation,
known for a long time in the field of bradycardia pacing.
The electrodes are adapted to the site of stimulation, be it
the epidural space, the sacrum, the brain, or the stomach.
It can be expected that this will be an ever-expanding
domain, where not all applications of electrical stimula-
tion have yet been explored. It will remain a challenge to
provide optimal electrode configurations with respect to
transmission of the electrical impulses to the required

physiologic response, where the same requirements for
ease of implantation as well as long-term stability, efficacy,
and reliability will always show up.

6. PHYSIOLOGICAL, GEOMETRICAL, AND PHYSICAL
CONSTRAINTS OF PACEMAKER ELECTRODES

Without any doubt, artificial cardiac pacing is one of the
domains where an enormous amount of energy is spent to
design pacemakers and, even more so electrodes. The
pulse generators (pacemakers), which contain batteries,
electronic circuitry, and software algorithms, the leads,
and finally, the electrodes are all pieces of one chain that is
only as strong as its weakest link. Therefore, every piece
must be optimized.

Conducting impulses from the generator to the heart
(called stimulation or pacing) is one characteristic deter-
mining many physiologic constraints, but also passing
information from the heart back to the generator (here-
after referred to as detection or sensing) is another one.

Since the implantation of the first artificial pacemaker
in 1958, designed by R. Elmqvist and implanted by A.
Senning at the Karolinska Hospital in Stockholm, Swe-
den, implantable electrodes for heart stimulation have
undergone a tremendous evolution, and this evolution has
not completely ended 45 years later.

6.1. Stimulation and Stimulation Threshold

A basic requirement of a pacing electrode is to conduct
electric impulses to the cardiac muscle, to trigger a self-
propagating wave of depolarization within the myocar-
dium. Therefore, an electric field of sufficient intensity
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Figure 15. System components for treatment of pain: The stimulator (left) is connected to one or
two leads positioned in the epidural space (right). Selecting the appropriate pairs of electrodes for
optimal paresthesia coverage during intraoperative testing is determined based on patient
feedback. (Courtesy of Medtronic, Inc.).

Figure 16. Approach for electrode introduction in the sacral
space for urinary control. (Courtesy of Medtronic, Inc.). A small
incision over the sacrum, the triangular bone that includes the
tailbone, is made. The lead is implanted through a needle and is
placed near the sacral nerve.
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must be applied between a pair of stimulation contacts.
The current density theory maintains that the critical
factor required to induce a regenerative wave of depolar-
ization is the magnitude of current flowing through a
critical mass of myocardium between the stimulation
poles and, hence, the limit of stimulation, further defined
as stimulation threshold. The latter is a function of
current density (A/cm2) (43–46). The competing electric
field theory holds that the critical factor is the magnitude
of the electric field (V/cm) beneath the stimulating elec-
trodes or between the two electrodes (29,47). Hence, a lot
of confusion exists in the scientific literature about thresh-
old measurements, and a multitude of parameters are
used to express stimulation thresholds including current
(mA), potential (V), energy (mJ), or charge (mC). Whichever
theory may be correct, it can be stated that the stimulation
threshold is the minimum stimulus amplitude at any
given pulse width to consistently achieve myocardial
depolarization outside the heart’s refractory period (43)
(the time frame within which the heart cannot be stimu-
lated because of repolarization of the cells).

Anyway, by definition, stimulation always requires two
contacts, one of which will act as an anode, the other as a
cathode. In a unipolar pacing system, the pulse generator
will act as an anode, whereas the second contact is at the
extremity of the so-called unipolar electrode and acts as a
cathode. In a bipolar pacing system, the two contacts are
placed on the electrode in the same heart chamber to be
paced and sensed. In a bipolar pacemaker system, the can
of the pacemaker has no electric contribution in the
stimulation process (Fig. 17).

A great deal of debate exists about the merits of
unipolar versus bipolar pacing, but most of these debates
relate to issues other than stimulation. More than for
pacing, the differences between unipolar and bipolar sen-
sing are profound, and we will come to this later in this
text.

To optimize pacing thresholds in bipolar pacing sys-
tems, it has become standard practice to ensure the anode

is at least four to five times larger than the cathode.
Furthermore, it is generally accepted that as the electro-
des move closer together, the signal-to-noise ratio as well
as resistance to cross-talk increase and that signal ampli-
tude will decrease. Today, 8–10 mm is considered as an
acceptable trade-off (48).

6.2. Design Features Affecting Performance of Pacing
Electrodes

Size, surface structure, and biologic response are critical
factors in the design of pacemaker electrodes. Secondary
factors include shape, spacing, fixation, and materials.

It has been observed that pacing threshold varies
inversely with size or geometric surface area of the
stimulation electrode (43,44,49,50). It has been argued
in the past that the threshold of a spherical electrode
should decrease as its radius decreases to a minimum
value (43,44). Furthermore, it has long been recognized
that the stimulation threshold increases in the weeks
following implantation of the electrode, related to the
development of a conductive but nonexcitable fibrotic
capsule that forms around the electrode, separating it
from normal, excitable myocardium creating a virtual
electrode with greater dimensions than the original one.
The fibrotic capsule is a biologic response to the presence
of a foreign body (Fig. 18). Smaller electrode sizes are
associated with a greater percentage increase in the
radius of the virtual electrode because the fibrotic layer
will be as thick for small electrodes as for big electrodes,
which explains the fact that these smaller electrodes have
a lower acute threshold at the beginning but develop a
greater rise in threshold over a period of time. In reality,
because most electrodes are not spherical, electrode size is
usually discussed in terms of geometric surface area.

On the other hand, the amplitude of the signal sensed
by the input amplifier of the pacemaker is less than the
amplitude of the available signal in the myocardium. This
attenuation is related to the source impedance ratio (of the

Figure 17. Unipolar (left) versus bipolar
(right) lead schematics and conductor design.
(Courtesy of Medtronic, Inc.).
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electrode-myocardium interface) and the sensing ampli-
fier input impedance. It has been believed for a long time
that an optimal compromise between a small surface area
allowing a low stimulation threshold and an acceptably
high surface for optimal sensing was around 8 mm2, and
this has been the state-of-the-art for electrode size for a
long time. Today, it has been recognized that smaller
porous and microporous electrodes provide both excellent
stimulation thresholds and sensing performance.

It has been claimed that electrodes with pores that
allow tissue in-growth have lower thresholds than solid or
polished surfaces (51–54). Although fibrotic tissue cannot
grow in small structures, like in activated carbon electro-
des or platinized submicron-sized surface microporous
electrodes, it was observed that these microporous elec-
trodes had significantly lower stimulation thresholds (31).
Modern electrodes all have a porous or microporous sur-
face structure, and polished electrodes have become ob-
solete, at least for passively fixed electrodes. For actively
fixed electrodes (with a screw mechanism), both transve-
nous and epicardial, polished electrodes still exist. An-
other reason for this phenomenon is that thresholds also
evolve over the course of time after the implant procedure:
typically, a peak is achieved after some weeks. Porous
electrode types show a faster stabilization with respect to
these threshold changes than do polished electrodes.

Today, a major part of the implanted electrodes elute a
glucocorticosteroid, further reducing the evolution of sti-
mulation threshold as a function of time following im-
plantation.

Reasons for increasing thresholds as a function of time
and electrode design are to be found in the foreign body
response to the electrodes.

Passively fixed pacing leads with (micro)porous electro-
des on the order of 10–100 mm allow the in-growth of
collagen as a result of the inflammation process, in a
sense promoting the inflammation process. Porous elec-
trodes are also associated with relatively thin collagenous
capsules. It has long been recognized that systemically
administered glucocorticosteroids decrease acute and
chronic stimulation thresholds. Steroid-eluting leads, in
which a dexamethasone sodium phosphate or acetate is
gradually released from a reservoir within or around the
electrode, have been produced since the mid-1980s. De-
spite the clinical benefits of steroid elution on the evolu-
tion of pacing thresholds, the exact mechanism of this
effect is not well understood.

Regarding the electrode-tissue interface, it should be
acknowledged further that mechanical instability at the
myocardial-electrode interface can provoke a significant
pathological response in the myocardium and, as such,
produce marked histologic and physiologic effects that
results in deterioration of stimulation thresholds.

Some second-order effects of electrode design influence
its behavior. For example, size and shape of electrodes
may be important factors under some circumstances. A
small displacement can affect the performance of a smaller
electrode because its high-density field influences rela-
tively few cells (43,44). A larger electrode is not as thresh-
old-efficient, but perforation is less likely and
displacements have less effect on electrode performance.
Although myocardial screws, barbs, and hooks are trau-
matic to the underlying myocardium, these electrodes all
have points that serve as sources of high field strengths, as
long as undue forces on the electrode-myocardium inter-
face are applied.

6.3. Sensing Characteristics

Another important characteristic on top of the threshold is
the sensing behavior of an electrode (1,2). Indeed, normal
pacing behavior requires coordination between the pulse
generator and the spontaneous activity of the heart. The
ability of the pulse generator to appropriately sense
electric signals originating in the myocardium depends
largely on the characteristics of the underlying myocar-
dium, but also depends on the electrode within or in
contact with the heart, the conductor in the lead, and
the sensing amplifier of the pulse generator (55–57).

In addition to an existing separated charge across the
cell membrane, normal myocardium is characterized by
the ability to generate self-propagating action potentials
that result from a cascade of currents that flow across the
membrane through ion channels and between cells
through intercalated discs. As for pacing, a sensing system
is essentially composed of two electrodes. Sensing is the
difference in electric potential between these two electro-
des produced by electrical currents within the myocar-
dium generating the intracardiacr electrogram. In this
respect, the orientation between the sensing pair of elec-
trodes relative to the wavefront of depolarization can have
an influence on the morphology of the intracardiac elec-
trogram.

Although each sensing and pacing system consists, by
definition, of two electrodes, a clear distinction exists

Figure 18. Formation of a fibrotic tissue
encapsulation following implantation of an
electrode causing threshold rises and reduc-
tion of sensed signals. (Left: at implantation;
right: chronic after 8 weeks or longer). (Cour-
tesy of Medtronic, Inc.).
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between so-called unipolar and bipolar systems with
respect to cardiac pacing. Unipolar systems use one
electrode in contact with the myocardium (usually the
cathode) and one in contact with the pulse generator case
(tissue far away from the myocardium), usually function-
ing as an anode; bipolar systems have two electrodes in
close proximity of each other within the heart. Although
both configurations show enormous differences clinically,
the same sensing principles apply to both configurations.
As electrograms are the graphic representation of a
potential difference between two electrodes over time,
signals in unipolar systems that are nearer to the elec-
trode, but not in contact with the noncardiac electrode,
will influence the electrogram. For example, unipolar
atrial electrograms are more likely to record large-field
cardiac signals such as R-waves than bipolar electro-
grams. Events near the extracardiac electrode, such as
skeletal myopotentials, affect this electrode more than the
intracardiac signals and also inscribe their electrical
signals in the unipolar electrogram. In conclusion, uni-
polar sensing systems have the disadvantage of greater
susceptibility to unwanted far-field intracardiac signals
and skeletal myopotentials. On the other hand, bipolar
signals may be more susceptible than unipolar signals to
orientation of the interelectrode axis in some cases.

The intrinsic deflection of an electrogram is the rapid
downstroke of the electrogram as the myocardium under-
lying the electrode suddenly becomes electrically negative
during depolarization.

The intracardiac electrogram is usually characterized
in terms of its amplitude (mV) and its slew rate (V/s),
which represents the maximum rate of change of the
electric potential between the sensing electrodes: The
change of electrogram voltage over time. The amplitude
of an electrogram depends on several factors, such as the
mass of myocardium underlying the electrode, the contact
of the electrode with the myocardium, the orientation of
the electrode with respect to the axis of depolarization,
and the presence of inexcitable tissue between the myo-
cites and the electrode. As the right ventricle has a much
greater mass of myocites than the atrium, the ventricular
electrogram usually has a much greater amplitude than
the atrial electrogram.

Similar to stimulation thresholds, intracardiac electro-
grams typically demonstrate changes during the first
several weeks following lead implantation. Usually, sig-
nals tend to decrease to a minimum in the weeks following
electrode implantation, before increasing again to a
chronic value slightly lower than that at implantation
(58,59). The evolution is often more dramatic with active
fixation leads, but tends to be less when a corticosteroid-
eluting mechanism is present (60). The decrease of elec-
trogram amplitude is related to the development of a layer
of inexcitable tissue surrounding the electrode in contact
with the myocardium.

Following the delivery of a stimulation impulse, the
myocardium in contact with the stimulation electrode
becomes electrically charged as current is transferred
from the electrode to the myocardium. For a cathodal
pulse, the negatively charged electrode in contact with
the endocardium becomes surrounded by positively

charged ions (Naþ , H30þ ), and negatively charged
(OH� , Cl� y) are repelled from the electrode. This
phenomenon is called polarization of the electrode. As
ions re-establish electric neutrality, the degree of polar-
ization gradually dissipates. This polarization effect can be
represented as a voltage source in the tissue that will be
sensed as an electrical signal of opposite polarity to the
stimulation waveform. The effect is related to several
factors, including the amplitude and duration of the
stimulation impulse, and the radius, surface area and
geometry, surface structure, and chemical composition of
the electrode. After a pacing stimulus, the polarization
disappears. This phenomenon can be identified by the
sensing circuit and can inappropriately inhibit pacing
output. In dual-chamber pacemakers, aftereffects result-
ing from atrial stimulation may be sensed by the ventri-
cular sense amplifier and inhibit ventricular output, a
phenomenon known as cross-talk.

The electrical current in the underlying myocardium,
generating the intracardiac electrogram, may become
distorted as it is transmitted by the pacing lead to the
sensing amplifier of the pulse generator. Referring to what
has been mentioned previously about the electrode-tissue
interface, the interaction between the sensing impedance
and the input impedance of the amplifier (match or
mismatch) can lead to more or less attenuation of the
electrogram as recorded by the pacemaker. As a conse-
quence, it has been suggested by various investigators in
the past that small electrodes have poor sensing charac-
teristics. However, in modern sensing amplifiers, the
input impedance is sufficiently high so that even small
electrodes provide excellent pacing and sensing character-
istics.

6.4. About Size, Interelectrode Distance, and Orthogonal
Electrodes

As discussed earlier, the electrode radius (between 1 and
3 mm) is an important electrode characteristic determin-
ing threshold, pacing and sensing impedance, and polar-
ization behavior. Provided the input impedance of the
connected sensing amplifier is high, small electrodes
provide electrograms that are equivalent in amplitude
and slew rate compared with larger ones (61).

The interelectrode distance also has little effect on
signal amplitude and slew rate, but has a major impact
on its duration. To further minimize far-field signals and
to improve signal-to-noise ratio, Goldreyer et al. (62,63)
developed an orthogonal pacing lead incorporating a pair
of platinum-iridium electrodes placed perpendicularly to
the long axis of the electrode catheter. These orthogonal
electrodes floated freely in the right atrium (at 1 cm from
the atrial appendage tip and with electrode size 4 mm�
1 mm) without necessarily contacting the atrial wall.
These type of electrodes provided an improved signal-to-
noise ratio combined with highly improved far-field rejec-
tion (55,64).

Orthogonal electrodes have been used successfully for
VDD pacemakers that provided atrial synchronous pacing
with a single ventricular lead (65). The only apparent
disadvantage of such a lead is the inherent complexity of a
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multiconductor lead making it less reliable over the long
run and the inability to stimulate the atrium with free-
floating orthogonal electrodes in many patients. Sensing is
frequently impaired in the presence of either lead fracture
or insulation failure. Partial or intermittent fracture may
not only alter sensing impedance and cause an impedance
mismatch and attenuation of the electrogram amplitude,
but can also produce artifacts as the fractured ends of the
wires make and break contact. Hence, fractures generate
failure of both pacing and sensing.

On the other hand, insulation failure is a more common
clinical problem, especially in coaxial bipolar leads. In the
event of an inner insulation failure, the inner and outer
conductor coils intermittently contact one another, spur-
ious signals are often recorded, causing frequently false
inhibition of the pacing pulses or false tracking of the
ventricles to the atrium when the isolation failure occurs
in the atrial lead. In pacemakers that measure dynamic
lead impedance (such as minute ventilation sensors),
pacing might be at the upper rate because of oversensing.

An important decision to be made prior to lead im-
plantation is the choice of unipolar or bipolar leads.
Unipolar leads have historically been associated with a
lower incidence of problems caused by insulation failure or
wire fracture, which is most probably related to the
simpler construction of unipolar leads. Furthermore, be-
cause of their smaller diameter, it is theorized that uni-
polar leads may be less likely to induce subclavian or vena
cava superior vein thrombosis. Repair is easier with
unipolar leads, and pacing artifacts on the ECG resulting
from unipolar leads are much larger than bipolar spikes,
making interpretation and troubleshooting simpler.

Besides all this, bipolar leads have other advantages,
including a smaller likelihood of sensing myopotentials or
other extracardiac signals and less oversensing of far-field
intracardiac signals. Furthermore, muscle stimulation is
not a clinical concern in bipolar pacing.

7. CONCLUSION

In summary, it can be stated that electrode technology,
which seems so simple to apply, is yet at the frontiers of
high technology. Indeed, it involves cooperation and inter-
action between many disciplines such as physiology,
bioengineering, material engineering, metallurgy and car-
diology. To the contrary of most implantable stimulators
that are changed after 5 to 10 years, electrodes remain in
place for a lifetime. Therefore, not only biocompatibility at
implant and reliability over the long-term but also bio-
compatibility over the long-term (i.e., after decades of
implantation) must be optimized.

Electrode technology, as a typical example of bioengi-
neering and collaboration between medical and engineer-
ing professions, will remain a very important domain for
life sciences engineering. The collaboration between
bioengineers and the medical community must be optimal
in order to develop the ideal product with a reliable
function for many decades. From this symbiosis, large
medico-electrotechnical companies have emerged.
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1. INTRODUCTION

The term ‘‘neuromuscular disorders’’ (NMDs) comprises
all disorders that affect the peripheral nervous system.
Traditionally, the peripheral nervous system has been
divided in several anatomically defined parts, from the
anterior horn cells and sensory ganglia proximally, via the
nerve roots, plexuses, and peripheral nerves to the neu-
romuscular junction and finally muscles distally (Fig. 1).
They serve as a starting point for neurologists in making a
differential diagnosis and finding the underlying etiology
of the illness. Another important clue to the underlying
etiology besides its anatomical localization is the distribu-
tion pattern of the disorder throughout the body. For
example, only an isolated structure can be affected (e.g.,
a single peripheral nerve or root), or all similar structures
can be involved in the same pathological process (e.g., a
polyneuropathy or radiculopathy). Similarly, muscle dis-
orders are often most severe in proximal muscles (‘‘limb-
girdle distribution’’), whereas neuropathies usually pre-
sent first with distal symptoms in the feet and later the
hands. Patchy disorders, such as a mononeuritis multi-
plex, are usually inflammatory in origin, and are some-
times treatable, whereas most congenital or degenerative
NMDs are not.

Table 1 gives an overview of some of the more common
disorders affecting the various parts of the peripheral
nervous system, presented according to their anatomical
localization and distribution patterns.

2. NEUROGENIC DISORDERS

2.1. Nerve Conduction Studies

Nerve conduction studies (NCS) provide several para-
meters that inform the investigator about the number of
axons and the conductive properties of a nerve. Distal
stimulation of motor nerves with responses recorded from
muscles give information on the maximum compound
motor action potential amplitudes, reflecting the number
of motor axons and in pathological states the extent of
reinnervation, and distal motor latencies, that reflect the
integrity of the most distal part of the myelin sheath.
When more proximal stimulation is performed next, the
distance between both stimulation sites can be divided by
the time it takes for the impulse to travel between them,
thus yielding a nerve conduction velocity (NCV; see Fig.
2). In demyelinating neuropathies, conduction velocities
often fall dramatically, as the loss of myelin sheaths
between the nodes of Ranvier prevents adequate saltatory
impulse conduction. In axonal neuropathies, the loss of
the largest and fastest-conducting axons will eventually
also lead to a decrease in NCS, but to a much lesser extent
as in demyelinating disorders, and not reaching the
demyelinating range of o70% of the lower limit of normal
until the CMAP becomes less than 1 mV. For this reason,
one cannot interpret a low NCS, if the CMAP is less than
1 mV; it could be either due to demyelination, massive
axonal loss, or a combination of both. Sometimes focal
conduction blocks are observed in certain segments of the
nerve, for example, in entrapment neuropathies such as
carpal tunnel syndrome.

In a similar fashion, responses can be recorded from
sensory nerves. Sensory NCS can be performed in two
ways: orthodromic or antidromic. In orthodromic NCS, the
nerve is electrically stimulated through the skin, and a
response is recorded more proximally over the sensory or
mixed nerve supplying that skin area. In antidromic NCS,
the nerve is stimulated proximally, and a response is
recorded distally from the nerve with surface electrodes.
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Figure 1. The peripheral nervous system. At the
left a cross-section of the spinal cord. In the dorsal
root ganglion lies the cell body of the sensory axons
(coming from the different sensory receptors in the
skin (top right). The ventral root conveys the motor
axons to the muscles.
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Compared with antidromic sensory NCS, orthodromic
studies have some disadvantages, such as more painful
stimulation (because electricity is applied to the most
distal parts of the extremities, which have the highest

density of pain- and touch-receptors), and more difficult
surface recording of the sensory nerve action potential
(SNAP) or compound nerve action potential (CNAP, from
mixed nerves) because of a larger subcutaneous layer
proximally. An advantage of orthodromic NCS is that
they do not induce artifacts caused by concomitant motor
nerve stimulation with subsequent muscle contraction,
which produce a response in the order of millivolts that
can potentially mask the SNAP amplitude (which is in the
order of microvolts).

In a clinical setting, SNAP amplitudes reflect the
number of axons in a particular nerve in a more reliable
way than the CMAP amplitude does. This is because the
CMAP amplitude can be maintained even when axonal
degeneration occurs by regional sprouting and reinnerva-
tion of motor units. SNAP NCVs also provide an indication
of the integrity and quality of the myelin sheath.

Proximal conduction studies include recording of F-
responses and H-reflexes. F-responses are elicited by the
antidromic conduction of a supramaximal electrical sti-
mulus in a motor nerve, which causes depolarization and
backfiring of a few anterior horn cells. When recording
from a distal muscle, the F-responses are observed follow-
ing the main CMAP, with amplitudes in the order of 1–3%
of the main complex (Fig. 3). The main parameter used in
F-responses, however, is latency. Although the latency of
individual F-response varies slightly from one stimulus to
the next, their overall latency range in a clinical setting
can be compared with normal values. Latencies can be
increased in several NMDs affecting proximal nerve seg-
ments, such a radiculopathies. Another parameter is F-
response persistence, or the percentage of stimuli that will
evoke an F-response. This percentage can be decreased in
disorders with reduced motor neuron pool excitability (for
example, immediately after a stroke), or when a proximal
conduction block fails to deliver a supramaximal stimulus
at the anterior horn cell.

Another proximal conduction technique is the so-called
H-reflex (after Hoffman, who first elicited them). H-re-

Table 1. Disorders of the Peripheral Nervous System According to Anatomic Localization and Distribution

Localization Focal Lesions Generalized Lesions

Anterior horn cells Monomelic spinal muscular atrophy Spinal muscular atrophy
Focal degenerative myelopathy Amyotrophic lateral sclerosis

Sensory ganglia Sensory neuronopathy (e.g., M. Sjögren or paraneoplastic)
Nerve roots Entrapment lesions (e.g., by a hernia nucleii

pulposi or malignancy)
Inflammatory polyradiculopathy (e.g., Guillain Barré

syndrome)
Infectious (e.g., Borrelia infection)

Nerve plexuses Trauma
Inflammatory (e.g., neuralgic amyotrophy)

Peripheral nerves Entrapment neuropathies (e.g., carpal tunnel
syndrome, ulnar entrapment at the elbow)

Polyneuropathies (e.g., diabetic, hereditary, inflammatory)

Inflammatory lesions (e.g., mononeuropathy
multiplex) Trauma

Neuromuscular junction Bulbar myasthenia gravis Generalized myasthenia gravis
Lambert Eaton myasthenic syndrome

Muscle Focal or infectious myositis Congenital myopathies
Muscular dystrophies
Metabolic myopathies
Myotonias
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Figure 2. The compound muscle action potential of the ulnar
nerve evoked at the wrist, below and above the elbow and axilla,
respectively. Note the more or less invariable amplitude. The
differences in latency are used to measure the conduction velocity.
Time scale: 50-ms sweep time. Amplitude: 5 mV/div.
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flexes are CMAPs elicited by afferent activation of a
monosynaptic reflex arc in the spinal cord, and as such,
they are the electrical equivalent of tendon reflexes. In
practice, H-reflexes are observed on submaximal nerve
stimulation, and will disappear with the supramaximal
stimulation used to evaluate regular CMAPs (Fig. 4). In
adults they cannot be elicited from every muscle, and only
the soleus muscle (S1 root), quadriceps (L3 and L4 root),
and flexor carpi radialis muscle (C6 and C7 root) H-
reflexes are used routinely for assessment of the proximal
segments of these nerves.

2.2. EMG Assessment of Neurogenic Disorders

In neurogenic disorders, both nerve conduction studies
and needle EMG are equally important. NCS are used to
assess the integrity of the long afferent and efferent
second-order axons and their myelin sheaths, which carry
impulses from the central nervous system (CNS) to mus-
cles and from the sensory organs to the CNS. Besides their
distribution pattern, neurogenic disorders are further
subdivided into primarily sensory, primarily motor or
mixed neuropathies, and alternatively into primarily ax-
onal or myelin sheath (demyelinating) disorders.

Following the anatomical localization of NMDs, EMG
findings will be discussed below for some exemplary
disorders in anterior horn cell, nerve root, plexus, and
peripheral nerve pathology.

2.2.1. Anterior Horn Cells: Motor Neuron Disease. Mo-
tor neuron disease is a term that encompasses acquired,
hereditary, and degenerative disorders that result in the
loss of anterior horn cells and their motor axons from the
spinal cord. Spinal muscular atrophy, a hereditary dis-
order with a variable onset age, and amyotrophic lateral
sclerosis (ALS), in which there is also central motor
neuron degeneration, are the two best-known examples
of these disorders. The incidence of spinal muscular
atrophy is estimated at 10–14 per 100.000 per year, and
that of ALS at about 1–2 per 100.000 per year.

2.2.1.1. NCS. Motor NCS in motor neuron disease
generally show reduced CMAP amplitudes in affected
limbs. Especially when the disease process progresses
quickly, there will be little or no time for axonal sprouting
and collateral reinnervation of motor units to occur, and
the loss of motor neurons and their axons will be reflected
in low amplitude responses. When there is more time for
collateral reinnervation from neighboring motor axons,
the CMAP amplitudes can remain intact for a long time,
even when substantial axonal loss is already present. If
motor neuron loss is severe, the NCV will also drop as
many large, fast-conducting axons are lost.

Sensory NCS are by definition normal in motor neuron
disease.

Proximal conduction studies can reveal lower F-re-
sponse persistence and sometimes a slight increase of
latencies. H-reflexes are generally normal or can be
facilitated due to central disinhibition of tendon reflexes
in ALS.

2.2.1.2. Needle EMG. Needle examination of muscles
can show loss of motor neurons by a reduced recruitment
of motor unit action potentials (MUAPs) on voluntary
contraction. After a few weeks, when Wallerian degenera-
tion of the whole motor axon has occurred, denervation
becomes apparent by spontaneous activity in the shape of
fibrillation potentials and positive sharp waves at rest
(Fig. 5). Spontaneous activity can be evoked in the muscles
during insertions of the needle. It arises from an electri-
cally unstable muscle membrane, in which the resting
membrane potential can reach threshold levels for depo-
larization without synaptic transmission in the neuromus-
cular junction. The subsequent single muscle fiber action
potentials are observed as fibrillations and as positive
sharp waves with a needle electrode.

As time progresses, and some collateral reinnervation
takes place, the remaining MUAPs will show a neurogenic
appearance by becoming polyphasic, higher in amplitude,
and of a longer duration. When the needle is placed in the
muscle and left there for a minute or so, fasciculation
potentials can often be observed (Fig. 5, bottom panel).
Fasciculation are spontaneously depolarizing motor units
giving rise to a single twitch. They are thought to arise
from hyperexcitability of parts of the peripheral and

Figure 3. F-response measurements. At the left the compound
muscle action potential. The right frame shows a different time
and amplitude scale, the later occurring F-responses. Note the
variable occurrences and latencies. Time scale: 10-ms and 100-ms
sweep time, respectively. Amplitude:. 2 mV/div and 200 uV/div,
respectively.
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maybe even the central nervous system and can be
recorded with an EMG needle.

In the diagnosis of motor neuron disease, it is impor-
tant to screen all regions of the body (limbs, trunk, head,
and neck) for the presence or absence of these findings, so
as to exclude focal lesions as the cause of the disorder.
Especially in ALS, with an average survival of only 1–3
years after the diagnosis (making this a ‘‘death sentence’’
for patients), much care needs to be taken to make sure
the electrophysiological evaluation is as accurate as pos-
sible.

2.2.2. Nerve Roots: Guillain–Barré Syndrome. The Guil-
lain–Barré syndrome, or acute inflammatory demyelinat-
ing polyneuropathy (GBS or AIDP), is the most common
cause of acute generalized weakness. Clinically it mani-
fests itself with a rapidly progressive ascending paralysis
of the limbs and trunk and sometimes respiratory and
facial muscles. Its estimated incidence is about 2 per
100,000 per year.

2.2.2.1. NCS. Because GBS usually starts as a poly-
radiculopathy, proximal NCS will the first to be abnormal,

showing increased latencies (4120% of the upper limit of
normal) or absence of F-responses and H-reflexes. After a
few days to weeks, regular motor nerve conduction studies
will become abnormal in 480% of the patients, showing
reduced NCVs in the demyelinating range (o80% of the
lower limit of normal, or o70% if CMAP amplitudes are
low) and conduction blocks along certain nerve segments.
CMAP amplitudes often decrease to less than 50% of
normal; very low amplitudes are associated with poorer
outcome clinically. Distal motor latencies usually increase
to 125–150% of the upper limit of normal.

2.2.2.2. Needle EMG. The first finding on needle EMG
examination in GBS is a reduced voluntary MUAP re-
cruitment pattern. When Wallerian degeneration has
occurred after 1–2 weeks, denervation potentials in the
shape of positive sharp waves and fibrillation potentials
are observed.

As GBS is a monophasic disorder in which recovery
usually starts after 4–6 weeks, the denervation activity
will slowly disappear with time, leaving more or less
neurogenic MUAPs depending on the extent of axonal
damage that has occurred.

Figure 4. H-reflex. With increasing stimulus
strength, the late response (top traces) diminishes
and an early direct response appears. The H-reflex
can only be obtained from some muscles, in this
case, from the soleus muscle stimulating the tibial
posterior nerve. Time scale: 50-ms sweep time.
Amplitude: 1 mV/div.
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2.2.3. Brachial and Lumbar Plexus: Traumatic Plexo-
pathy. Nerve plexuses are formed by the intermingling
of nerve fiber bundles coming from the cervical or lumbo-
sacral nerve roots. In traumatic plexus lesions, mechan-
ical forces abruptly contort the normal anatomy of a limb,
causing variable disruptions of tissue architecture de-
pending on the amount and direction of force applied.

Peripheral nerves, including the plexuses, can sustain
damage by traction injury, contusion, compression, ische-
mia, laceration, or avulsion. The mildest form is a disrup-
tion of the myelin sheath only, which causes a temporary
conduction block until remyelination has taken place after
a few weeks to months. This type of lesion is called
neurapraxia, or a first-degree injury. If the axon has also
been damaged, but the supporting connective tissue of the
nerve sheath remains intact, the injury is called axonotm-
esis, or a second-degree injury. In this case, recovery takes
much longer because the whole axon distal to the lesion
will undergo Wallerian degeneration, and a new axon will
have to regrow the length of the nerve. This process can
taken many months to a few years. In the most severe
form, ‘‘neurotmesis’’ or a third-to fifth-degree injury, mye-
lin sheath, axon, and the connective tissue of the nerve
have been disrupted, and the proximal and distal nerve
segments are no longer in continuity. This type of lesion
has a poor chance of healing spontaneously.

2.2.3.1. NCS. To determine the full extent of the trau-
matic damage to the plexus and/or nerve roots, an ex-
tensive EMG examination will have to be performed,
assessing all parts of these structures. As plexopathies
are by definition very proximal lesions, distal NCS can
remain normal the first 10–14 days until Wallerian degen-
eration has taken place and the distal axonal segments
have degraded. Proximal NCS will probably show abnorm-
alities such as increased latencies or absent responses, but
they are fairly nonspecific about either site or type of
lesion that has occurred, and as such have no prognostic
value.

After Wallerian degeneration has occurred, motor NCS
will show low CMAP amplitudes, and with severe axon
loss also slightly reduced NCVs. Sensory NCS will show
absent or reduced SNAP amplitudes in the distribution of
the affected parts of the plexus. When sensory and motor
responses are absent at this point, it is not yet possible to
differentiate between partial lesions, e.g., axonotmesis,
and total nerve lesions such as neurotmesis or nerve
root avulsion. Conversely, if SNAPs and CMAPs are
intact, this strongly suggests that little or no axonal loss
has occurred, and prognosis is favorable once the conduc-
tion block resolves.

If, however, the nerve damage has occurred proximal
from the sensory ganglion (Fig. 1), no Wallerian degenera-
tion of the distal sensory axon will occur (because it
remains in continuity with its cell body), and distal
sensory responses can remain intact even while the
patient has complete sensory loss clinically. The prognosis
for these very proximal lesions that usually involve nerve
root avulsion from the spinal cord is poor, as no sponta-
neous recovery can occur. Patients with loss of continuity
of either nerve roots from the spinal cord or neurotmesis of
parts of the plexus will usually require reconstructive
surgery or nerve grafting to regain some function in the
extremity.

2.2.3.2. Needle EMG. As in other axonal-type lesions,
the first finding on needle EMG examination is a reduced
voluntary MUAP recruitment pattern. When Wallerian
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Figure 5. Examples of needle EMG measurements. Top panel
shows spontaneous muscle fiber activity (fibrillations and positive
waves) as a result of denervation. This activity is measured
during rest; i.e., voluntary contraction is absent. Middle panel
shows normal motor units during voluntary contraction at a low
contraction level. Bottom panel shows enlarged motor units due
to reinnervation. Time scale: 100-ms sweep time. Amplitude:
20 uV/div., 200 uV/div, and 2 mV/div, respectively.
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degeneration has occurred after a few weeks, denervation
potentials in the shape of positive sharp waves and
fibrillation potentials are observed. As in the course of
the next months to a few years, axonal sprouting from
intact neighboring axons and proximal to distal reinner-
vation takes place, spontaneous activity disappears, and
reinnervation potentials will be observed, later reorganiz-
ing into broad, high-amplitude (‘neurogenic’) MUAPs as
time progresses, depending on the extent of the axonal
damage.

2.2.4. Peripheral Nerves: Polyneuropathy. Polyneuropa-
thy is the term used for any disorder in which all periph-
eral nerves are involved in a length-dependent fashion.
The primary pathophysiology in polyneuropathies can be
either demyelinating, axonal, or sometimes both. In de-
myelinating polyneuropathy, the myelin sheath lesions
result in slower propagation of the action potential along
the nerve. Electrophysiologically, this can mean signifi-
cant slowing of nerve conduction velocities and prolonged
distal latencies (also see section on GBS above). In axonal
polyneuropathies, the axonal damage of the nerves pre-
sumably develops due to dysfunction of axonal transport.
The distal axon is entirely dependent on the metabolic
activity of the neuronal cell body for maintaining its
integrity. When axonal transport fails, the terminal part
of the axon is deprived of nutrients and degenerates
following a distal-proximal gradient. Because of this gra-
dient, the longer nerves are the first to be affected, with
symptoms appearing earlier and more severe in the lower
extremities.

The EMG can help in diagnosing a polyneuropathy and
differentiating its many possible causes by assessing the
amount and distribution of the involvement of motor,
sensory, and autonomic nerves.

2.2.4.1. NCS. In motor NCS, prolonged distal latencies
and slow NCVs of less than 70% of normal with relatively
preserved CMAP amplitudes point to a demyelinating
neuro-pathy. Conversely, axonal neuropathies are charac-
terized by decreased amplitudes and relatively normal
distal latencies and NCV. When CMAP amplitude and
NCV are compared on distal and more proximal stimula-
tion, conduction block in the course of the nerve can be
detected. F-response studies will help in assessing the
most proximal part of the motor axons.

Sensory NCS will also allow for recording of NCV and
amplitudes, with slowing in demyelinating polyneuropa-
thies, and reduced SNAP amplitudes in axonal disorders.

For the assessment of the smallest nerve fibers (the so-
called A delta and C fibers), special EMG techniques need
to be used. Relatively easy to perform is the so-called
‘‘sympathetic skin response,’’ in which an aspecific star-
tling stimulus (sudden loud noise, electrical current)
elicits a change in the electrical resistance of the skin
through the sweat glands. This change is mediated by
intact autonomic nerve fibers, and it can be measured by
applying surface electrodes over the skin. Its absence
suggests a dysfunction of these small autonomic fibers. A
more elaborate technique is quantitative sensory testing,

which measures thresholds for perception of cold, heat,
and vibration.

2.2.4.2. Needle EMG. In polyneuropathies, needle
EMG supplements the NCS findings. It can help demon-
strate a distal to proximal gradient in the extent of axonal
damage, and the amount of spontaneous activity gives an
impression of the speed with which the disorder pro-
gresses (i.e., if there has been time for reinnervation to
occur). In cases where demyelination is predominant, it
can show a reduced recruitment pattern signifying con-
duction block, and the extent of concomitant axonal
damage as described above.

3. MYOPATHIES

Myopathies are neuromuscular disorders in which muscle
is the primary tissue involved. Broadly, the group of
myopathies comprises disorders in which there are her-
editary or congenital structural abnormalities of the mus-
cle cytoskeleton or contractile apparatus, either with loss
of muscle fibers (muscular dystrophies) or with atrophy of
muscle fibers (congenital myopathies), and acquired dis-
orders of muscle such as the inflammatory myopathies
(myositis). A special group of myopathies is formed by the
myotonias, in which there is an electrical instability of the
muscle cell membranes. Clinically, most myopathies man-
ifest with predominant proximal weakness of the so-called
limb-girdle type.

3.1. NCS

Nerve conduction studies are usually performed to ex-
clude disorders of the peripheral nerves in patients with
suspected myopathies. Sensory NCS and proximal re-
sponses are by definition normal in myopathic disorders.
Motor NCS may show low CMAP amplitudes when muscle
fiber loss is more severe; NCV remains normal.

3.2. Needle EMG

The needle examination of muscles is an important tool in
the differential diagnosis of myopathies. Typically, myo-
pathic muscles have atrophic and sometimes segmentally
degenerated and partly regenerated muscle fibers, giving
rise to motor units made up of muscle fibers of different
sizes and conductive properties. This is reflected by small,
low-amplitude, polyphasic MUAPs (Fig. 6) on needle ex-
amination. As the total number of motor units in a muscle
does not change, but the amount of force generated per
motor unit decreases as the myopathy progresses, the
total amount of electricity per motor unit generated
decreases as well, resulting in low amplitudes. And, in
an attempt to compensate for the lower amount of force
generated, more motor units will be recruited at lower
contraction levels, resulting in so-called ‘‘early recruit-
ment’’. Even at the lowest contraction levels, many motor
units are already visible on the screen.

In some myopathic conditions, spontaneous activity
can be evoked in the muscles during insertions of the
needle: fibrillations, positive sharp waves, and myotonic or
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complex repetitive discharges. Fibrillations and positive
sharp waves arise from an electrically unstable muscle
membrane, in which the resting membrane potential can
reach threshold levels for depolarization without synaptic
transmission in the neuromuscular junction. The subse-
quent single muscle fiber action potentials are observed as
fibrillations and positive sharp waves with a needle
electrode. This phenomenon can also be observed in
denervated muscles, and it is therefore often (but incor-
rectly) called ‘‘denervation activity.’’ Myotonic discharges
are waxing and waning runs of potentials also originating
from single muscle fibers. They are found in disorders that
affect ion channel function of the muscle cell membranes,
such as myotonia, paramyotonia, or hypo- or hyperkalie-
mic periodic paralyses. Because of their unique appear-
ance—and especially sound (alikened to a dive bomber)—
on needle examination, they are easily recognized if once
heard. Finally, complex repetitive discharges are also runs
of potentials, but now coming from a group of muscle fibers
that spontaneously fire in a set pattern, often with an
abrupt onset and ending. They are thought to be formed
by ephaptic transmission (lateral direct spread) of spon-
taneous activity between individual muscle fibers.

4. NEUROMUSCULAR JUNCTION DISORDERS

Commonly referred to as ‘‘myasthenic syndromes,’’ the
neuromuscular junction (NMJ) disorders are character-
ized by defects in the transmission of electrical impulses
from the nerve ending to the muscle membrane. All NMJs,
in EMG terms, also called ‘‘endplate zones,’’ can be divided
in three compartments: the presynaptic (nerve ending)
region, synaptic cleft, and postsynaptic (muscle) mem-
brane. Action potentials in the nerve ending give rise to
the release of the neurotransmitter acetylcholine, which
diffuses to the postsynaptic acetylcholine receptors. These
receptors are built as ion channels and, when activated,
open up and allow fast influx of Naþ ions, leading to a
depolarization with subsequent endplate potentials that
will then allow Ca2þ influx initiating muscle contraction.
The acetylcholine is then actively removed from the

synaptic cleft, until it is released again by the next nerve
action potential.

The most well-known NMJ disorder is myasthenia
gravis, in which there is an autoimmune destruction of
acetylcholine-receptors postsynaptically. Clinically it is
characterized by activity-dependent muscular fatigue in
the eyes, bulbar muscles, and/or extremities. Patients can
usually initiate but not sustain contractions, because of a
very rapid failure of the neuromuscular transmission. Its
estimated incidence is 2 per 100,000 per year.

4.1. NCS

Regular NCS will usually fail to reveal specific abnormal-
ities in NMJ disorders. Sensory NCS will be normal by
definition, and motor NCS can show low, or progressively
lower, CMAP amplitudes during nerve stimulation. A
more sensitive and specific way to examine the NMJ is
the use of repetitive nerve stimulation. With a similar
electrode setup as in regular NCS, a train of 5–10 impulses
is applied at a rate of 3 Hz. This will cause a progressive
failure of NMJs in the muscle with each subsequent
stimulus-induced contraction, which is shown as a pro-
gressive decrease in CMAP amplitudes with each follow-
ing stimulus delivered. A decrease of 10% or more from the
first to the fourth stimulus is considered clinically rele-
vant.

4.2. Needle EMG

Regular needle examination can show some myopathic
changes or spontaneous activity in long-standing, severe
cases of myasthenia gravis, but it is usually normal. As
the sensitivity of repetitive nerve stimulation is not al-
ways sufficiently high for making or excluding the diag-
nosis (especially in patients with primary ocular or bulbar
involvement), a special needle EMG technique called
‘‘stimulated single fiber EMG’’ can supplement the elec-
trodiagnostic examination. This technique examines the
variability (‘‘jitter’’) in the amount of time it takes for an
electrical stimulus to cross the NMJ. Multiple subsequent
stimulations are applied to a small intramuscular nerve
twig via a needle electrode, causing contractions of the

0.1 mV/div

Figure 6. Motor units during voluntary contraction in a patient with a myopathy. Note the
polyphasia and the small amplitude and duration as compared with the normal motor units of Fig.
6, middle panel. Time scale: 100-ms sweep time. Amplitude: 100 uV/div.
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muscle fibers of a few motor units. A second needle with a
very small recording surface is then placed near one or a
few of these muscle fibers (‘‘single fiber recording’’), and
the time from stimulus to the onset of the muscle fiber
contraction is measured, for example, 50 times. These
measurements are repeated for different muscle fibers,
and finally, the variability or jitter is calculated, and
compared with normal values. Increased jitter is a very
sensitive measure for NMJ disorders.

5. CONCLUSION

EMG has many different applications in the diagnosis of
neurological disorders. For the peripheral nervous system,
it is valuable because it allows the measurement of con-
duction velocity of motor and sensory nerves and the
amplitude of the compound muscle action potential and
sensory nerve potentials reflecting the number of axons.
Changes in needle EMG signal during normal and patho-
logical states can show the results of loss of muscle fibers

and motor axons and the plasticity of the peripheral
nervous system after nerve lesions and degeneration of
motor neurons. In this way, it is an invaluable aid in the
difficult area of diagnosis and assessment of disorders of
the peripheral nervous system.
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E. Stålberg, ed., Clinical Neurophysiology of Disorders of Muscle

and Neuromuscular Junction, Including Fatigue. Handbook of

Clinical Neurophysiology. New York: Elsevier, 2003.

R. Merletti and P. Parker, eds., Electromyography: Physiology,

Engineering and Non-Invasive Applications. Piscataway:
IEEE Press, 2004.

W. F. Brown, C. F. Bolton, and M. J. Aminoff, Neuromuscular

Function and Disease. Vol. 1 and 2. Philadelphia: Saunders,
2002.

8 ELECTRODIAGNOSIS IN NEUROMUSCULAR DISORDERS



ELECTROENCEPHALOGRAPHY (EEG): INVERSE
PROBLEMS

BIN HE

University of Minnesota
Minneapolis, Minnesota

JUNICHI HORI

Niigata University
Niigata, Japan

FABIO BABILONI

University of Rome
Rome, Italy

1. INTRODUCTION

Brain electrical activity is spatially distributed in three
dimensions of the brain and changes with time. It is of
importance to obtain spatio-temporal information regard-
ing brain electrical activity from noninvasive electromag-
netic measurements. Because of its inheritly high
temporal resolution of electroencephalogram (EEG) mea-
surements, the inverse EEG solutions, which aim at im-
proving the spatial resolution of the EEG modalities by
solving the inverse problem of EEG, has received consid-
erable attention in the past decades. Such EEG inverse
solutions provide estimation of source distributions within
the brain that correspond to the scalp-recorded EEGs. A
number of efforts have been made to solve the EEG in-
verse problem. Among those of interest are dipole source
localization (1–7), which have been developed to localize
few dipole sources within the brain (including deep brain);
cortical imaging (8–30), which have been developed to es-
timate equivalent cortical sources, which are most suit-
able for imaging cortical sources; weighted minimum
norm source imaging (31–36), which have been developed
to estimate three-dimensional source distributions; and
the Statistical Parametric Mapping approach (37), which
uses a statistical approach for source mapping.

2. DIPOLE SOURCE LOCALIZATION

Dipole localization techniques estimate the position and
moment of one or several equivalent current dipoles lo-
cated within a head volume conductor model from the
noninvasive EEG recordings over the scalp. From the es-
timated positions of the localized equivalent current di-
poles, inferences about the neural sources in the real brain
are obtained. The approximation is valid if the amount
and the extension of the brain tissue excited is small with
respect to the distance of the excited tissue from the re-
cording electrodes. If this is the case, then the patch of
brain tissue can be approximated with an equivalent cur-
rent dipole. So far, two approaches to dipole localization
have become popular in neuroscience, and both ap-
proaches rely on the solution of nonlinear minimization
algorithms.

2.1. Dipole Localization Algorithms

The first approach is the so-called ‘‘moving dipole’’ method
(2,38,39). The basic idea was to approximate the field po-
tential distribution observed at a given instant on the
scalp surface with those generated in a head model by one
or two current dipoles that can ‘‘move’’ over time within
the brain. Analytical equations are available for the gen-
eration of the potential distribution on a simple head
model (spherical, elliptical) or on a realistic geometry
head model by a current dipole (2,3,39,40). The parame-
ters of the current dipole(s) are the positions within the
head model and the dipole moments. Mathematically, we
can represent the relationship between the scalp poten-
tials and the dipole moment by

g¼AðrÞm; ð1Þ

where g refers to the vector of dipole-generated scalp po-
tentials, m the vector of dipole moments, and A the trans-
fer matrix from the dipole moments to the scalp potentials,
which is the function of the dipole locations and the posi-
tions of the scalp electrodes. The goal of the dipolar local-
ization procedure is to find the optimal values of the
parameters for the positions and dipole moments to gen-
erate a potential distribution on the scalp as close as pos-
sible to the recorded one. Mathematically, this problem
can be represented as the least squared error problem:

jjv�Amjj2 ! min; ð2Þ

where v refers to the vector of recorded scalp potentials.
Although the potential distribution generated by a dipole
on the scalp has a linear relation with respect to the value
of the dipole moments, its dependence by the dipolar lo-
cation within the head model is nonlinear. Hence, nonlin-
ear optimization procedures are generally used to find
such parameters, including the Levemberg–Marquardt
and the simplex algorithms (2,39). Such procedures gen-
erally minimize the squared difference between the re-
corded and dipoles-generated scalp potential
distributions. Dipoles are found at a succession of discrete
times, with no a priori assumption about the relation of
the localized dipoles at different time instants. The non-
linear optimization procedures make it difficult to locate
more than two dipoles for the each potential field recorded
because of the numerical instability of the inverse proce-
dure. In fact, six unknown parameters exist for the local-
ization of a single current dipole in a head model, three for
the dipole position (x, y, z) and three for its moments (mx,
my, mz). The localization of two simultaneous dipoles
means that 12 parameters must be found during the min-
imization process. However, even with these limitations,
the dipole localization procedure is popular and provides
an effective means of localizing few focal sources within
the brain. The dipole localization approach is limited
when the brain sources are distributed instead of focal,
or when more than two dipole sources are involved.

The second approach to the dipole localization com-
bines the spatial and temporal properties of scalp poten-
tials to increase the ratio of available data to degrees of
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freedom for the minimization procedures, which results in
an increase of the number of dipoles that may be reliably
localized from EEG recordings. Different constraints are
applied to find the best inverse solutions, for example,
setting the positions of the dipoles and estimating the time
course of the dipole moments, or determining the orienta-
tion of the dipoles and setting their positions. This last
approach is called multiple source analysis (MSA) (41–44).
Usually, with this approach, five or six dipoles are used to
fit the recorded EEG data, and the relative dipole moment
waveforms are analyzed as a sign of the patch of cortical
areas modeled by the employed dipoles. Successful appli-
cations of this localization procedure are available in lit-
erature for the analysis of potentials related to primary
sensory and motor cortical areas.

Among the spatio-temporal dipole source localization
algorithms, the subspace-based methods (4,45) have re-
ceived considerable attention because of their ability to
accurately locate multiple closely-spaced dipole sources or
correlated dipoles. In principle, subspace-based methods
find (maximum) peak locations of their cost functions as
source locations by employing certain projections onto the
estimated signal subspace or, alternatively, onto the esti-
mated noise-only subspace (the orthogonal complement of
the estimated signal subspace), which are obtained from
the measured EEG data. The subspace methods that have
been studied for MEG/EEG include classic MUSIC (MUlti-
ple SIgnal Classification), recursive MUSIC (6), and FINE
(FIrst priNcipal vEctors) (7).

2.2. Effect of the Number of Electrodes on Source
Localization

Source localization results depend on the number of scalp
electrodes employed in the minimization procedures.
Studies exist that suggest improved localization results
with an increased number of electrodes by using distrib-
uted as well as few dipole sources (15,46). In particular,
the simulations performed for the single dipole localiza-
tion (46) suggested that the influence of the number of
electrodes on source localization precision is not linear,
increasing from 25 electrodes to around 100 electrodes and
then reaching a plateau. Almost the same conclusions
about the influence of the electrodes on the precision of the
dipole localization have been obtained in clinical applica-
tion to several epilepsy cases (46). These studies suggest
that at least 60, if not more, equally distributed electrodes
are needed to correctly sample the scalp electric field in
order to perform an adequate estimation of the dipole
sources. On the other hand, often only 32 electrodes are
used in a clinical setting (30).

2.3. Source Localization in the Frequency Domain

The use of EEG information in the frequency domain is of
paramount importance to characterize the behavior of cor-
tical areas in healthy subjects and patients during simple
cognitive or motor tasks. Time-varying spectral changes of
the EEG related to these tasks and to the psychological
state of the subject have been documented for some time
(47). Hence, an interest develops about the possibility to
locate dipole sources that model the activity of cortical ar-

eas mainly in particular frequency bands. Several ap-
proaches have been proposed to find cortical sources
related to particular frequency bands from EEG data. Le-
hmann and Michel (48) computed the Fast Fourier Trans-
form (FFT) over a certain time epoch for the EEG data
recorded from each channel, and then used the complex
values of all these data to calculate the first principal
component map for each frequency point. These maps
keep polarity information and can thus be subjected to
source localization algorithms. Other variants of this
method were also investigated by using the covariance
matrices (49–51). Applications of dipole source localization
in the frequency domain have been proposed in psychiatry
(52–55) or to define the dominant frequency and its
sources at the onset of an epileptic seizure (56,57).

3. CORTICAL IMAGING

3.1. Cortical Dipole-Layer Imaging

Cortical dipole-layer imaging techniques, which attempt
to estimate the cortical dipole distribution from the scalp
EEG, is one of the spatial enhancement techniques. In this
approach, an equivalent dipole source layer is used to
model brain electrical activity and has been shown to pro-
vide enhanced performance in imaging brain electrical
sources as compared with the smeared scalp EEG
(9,15,16,23,27,28).

Let the head be simulated by the inhomogeneous three-
concentric-sphere model (58). This model takes the varia-
tion in conductivity of different tissues, such as the scalp,
the skull, and the brain, into consideration, and has been
used to provide a reasonable approximation to head vol-
ume conductor for cortical imaging (18,59). In this model,
an equivalent dipole layer where dipoles are constructed
to generate the measured scalp potential as precisely as
possible is established inside of the brain. The transfer
function from the dipole layer to the scalp is obtained by
considering the geometry of the model. The dipole layer
distribution is reconstructed from recorded scalp potential
by solving an inverse problem of the transfer function
from the dipole layer to the scalp potentials.

The observation system of brain electrical activity on
the scalp shall be defined by the following equation:

g¼Af þn; ð3Þ

where f is the vector of the equivalent source distribution
of a dipole layer, n is the vector of the additive zero-mean
noise, and g is the vector of scalp potentials. A represents
the transfer matrix from the equivalent source to the scalp
electrical signals. In this approach, f is the strength of the
dipole layer. It is important to infer the origins from the
scalp-recorded EEG and to map the sources that generate
the observed EEG on the scalp. The inverse process shall
be defined by

f0¼Bg; ð4Þ

where B is the restoration filter and f0 is the estimated
source distribution of the dipole layer. As the measure-
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ment electrode number is always much smaller than the
dimension of the unknown vector f, this problem is an un-
derdetermined nonunique inverse problem. Moreover, be-
cause the measured scalp potentials are contaminated
with noise, this is an ill-posed inverse problem. In order
to evaluate the estimated dipole layer distribution, the
‘‘true’’ or original dipole layer distribution should be cal-
culated from the assumed dipole sources. The actual di-
pole layer distribution can be calculated by solving a
forward solution from the dipole source to the dipole layer
(23).

3.2. Cortical-Potential Imaging

An important inverse solution of the EEG is the cortical
potential inverse solution. In this inverse solution, the
electrical potential distribution over the epicortical sur-
face is estimated from the scalp EEG. As such cortical po-
tentials exist and are actually being measured in a clinical
setting during neurosurgery, the estimated cortical poten-
tial inverse solution provides a unique inverse solution of
the EEG and a noninvasive estimate of what would be
measured should the electrodes be placed on the ep-
icortical surface. Figure 1 shows the schematic diagram
of the cortical potential imaging approach (60). Work in
cortical potential imaging involves simplified spherical
head models (8,12,18,19,22,26,30,59,61,62), and numeri-
cal models in which realistic geometry of the head is taken
into account (10,11,14,21,23,29,63). Estimated cortical po-
tentials have been compared with experimentally mea-
sured potentials in the same patients qualitatively (11)
and quantitatively (24) with numerical methods such as
the finite element method (FEM) (11) and the boundary
element method (BEM) (24). Figure 2 illustrates one ex-
ample of validation results in a patient undergoing neuro-
surgical evaluation. The cortical potential distributions
were estimated from noninvasive scalp SEP distributions
following a medial nerve electrical stimulation, and com-
pared quantitatively with the cortical potentials recorded
in the same patient with subdural electrodes. The high CC
values obtained demonstrate the validity of the cortical
potential imaging approach. The estimated cortical poten-
tials have also been assessed by comparing them with non-
EEG results such as surgical outcome in epilepsy patients
(30) and good consistency observed.

One of the common features of the cortical imaging ap-
proach is that it can be mathematically represented as a
linear inverse problem. In other words, Equation 3 holds
for either cortical dipole layer imaging or cortical potential

imaging. The mathematical problem becomes to invert
Equation 3 seeking f from g.

4. INVERSE TECHNIQUES

A number of inverse techniques have been developed and
explored for solving EEG inverse problems.

4.1. General Inverse

The general inverse, which is also called the Moore–Pen-
rose pseudoinverse, denoted by Aþ , minimizes the norm of
the restored source distribution f0 under the constraint
g¼Af0 in the absence of noise. If A AT is invertible, we
have

Aþ ¼ATðAATÞ
�1; ð5Þ

with AT the transpose matrix of A and A�1 the inverse
matrix of A. In practice, singular value decomposition
(SVD) can be used to calculate Aþ (33,64,65).

For an m�n matrix A, we have the SVD as

A¼USVT ; ð6Þ

where U¼ ½u1;u2; . . . ;um�, V ¼ ½v1; v2; . . . ; vn�,
S¼diagðl1; l2; . . . ; lpÞ, l1 > l2 > . . . > lp, and
p¼ minðm;nÞ. The vectors ui and vi are the ith left and
right singular vectors, respectively. The li is the ith sin-
gular values of matrix A. If the rank of A equals to r (i.e.,
l1 > . . . > lr > lrþ 1¼ lp¼ . . . ¼ 0Þ, then the SVD is defined
by

A¼
X

r

i¼ 1

liuiv
T
i : ð7Þ

Based on the SVD, the general inverse of A is defined as

Aþ ¼
X

r

i¼ 1

1

li
viu

T
i : ð8Þ

In the presence of noise, the truncated SVD and various
regularization techniques have been implemented in or-
der to reduce the effect of noise (66). That is, if the signals
are contaminated with noise, the influence of noise is en-
hanced because of small singular values in Equation 8.
The influence of noise can be eliminated by truncating at

Figure 1. Schematic diagram of cortical imag-
ing approach. The cortical potential distribution
is inversely estimated from the scalp-recorded
EEG with the aid of geometric information as
derived from magnetic resonance imaging (60).
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an earlier index rop. The strategy for determining the
optimal truncation index was discussed in (65).

4.2. Weighted General Inverse Techniques

The general inverse technique requires that the general
inverse of the transfer matrix A can be correctly calcu-
lated. However, the calculation of the general inverse is
difficult because the inverse problem is ill-posed. There-
fore, a proper modification to the matrix before the inverse
calculation is essential to obtain a good inverse solution.
Several methods have been proposed to modify the trans-
fer matrix.

B¼W�1ATðAW�1ATÞ
þ

ð9Þ

where W is a weighted factor acting on the solution space.
A weighted-minimum norm solution has been proposed

(35,67). The norm of each column of the transfer matrix is
used as the weight factor for corresponding position in the
solution space. The weighting matrix W is described by

W¼diagðjja1jj; jja2jj; . . . ; jjanjjÞ; ð10Þ

where A¼ ða1;a2; . . . ;anÞ.
Suppose a weighting matrix W is shown by

W¼Ldiagðjja1jj; jja2jj; . . . ; jjanjjÞ; ð11Þ

where L is a Laplacian operator. This approach is known
as low-resolution brain electromagnetic tomography
(LORETA) (35), or Laplacian-weighted minimum norm
solution.

When the statistical information of noise is presented,
the projection filter can be applied to the inverse problem
(68).

B¼ ðATQ�1AÞþATQ�1; ð12Þ

where Q is a covariance matrix of noise distribution.

4.3. Constrained Inverse Techniques

In the above section, the transfer matrix is modified in
order to calculate the proper inverse solution. Constraints

can also be introduced to solve the linear inverse problem.
The zero-order Tikhonov regularization method can be
used, which leads to

B¼ATðAAT þ gIÞ�1; ð13Þ

with g a small positive number known as the regulariza-
tion parameter and I the identity matrix. If we use the
gradient operator instead of I, it is called the first-order
Tikhonov regularization. If we use the Laplacian operator
instead of I, it is called the second-order Tikhonov regu-
larization (69). If g¼ 0, then Equation 13 is reduced to
Equation 5.

When the statistical information of signal and noise are
presented, the parametric Wiener filter can be applied to
the inverse problem (70). Suppose R and Q are the signal
and the noise covariance, which can be derived from the
expectation over the signal {f} and noise {n} ensemble,
E½f f T � and E½n nT �, respectively. The parametric Wiener
filter (PWF) is derived by

B¼RATðARAT þ gQÞ�1; ð14Þ

with g a small positive number known as the regulariza-
tion parameter. If R¼Q¼ I (the identity matrix), then
Equation 14 is reduced to the zero-order Tikhonov regu-
larization method described in Equation 13. The PWF has
been applied to the brain inverse problem (9,13). However,
it is difficult to obtain the signal covariance, R. Moreover,
even if the signal covariance is obtained, the filter may not
provide satisfactory performance for nonperiodic abnor-
mal signals, which is obviously different from the expec-
tation of signals.

To overcome this problem, the parametric projection
filter (PPF) has been introduced to solve the inverse prob-
lem (70). The PPF is derived by (27,70)

B¼ATðAAT þ gQÞ�1: ð15Þ

The PPF considers just the covariance matrix of the noise
distribution, Q, that is, R¼ I in Equation 14. The PPF,
using the free parameter, can improve the restorative
ability from the projection filter, which provides the or-
thogonal projection of the original signal onto the range of
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Figure 2. An example of validation of cortical
imaging in a patient undergoing neurosurgi-
cal evaluation. At eight time instants around
30 ms after the onset of right median nerve
stimuli, (top row) the recorded scalp potential
maps (middle row) the direct recorded sub-
dural grid potentials and (bottom row) the es-
timated subdural grid potentials. All the maps
are normalized and the colorbars are shown
on the right. The CC values between the esti-
mated and recorded subdural grid potentials
for each time instant are listed at the bottom,
suggesting the validity of the inverse cortical
potential imaging as estimated from scalp
EEG (24).
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the restoration filter that minimizes the expectation over
the noise component in the restored signal. The scalar pa-
rameter g40 in Equation 15 controls the mutual weights
of two-error terms. The determination of the value of pa-
rameter g is left to the subjective judgment of the user. The
PPF has been applied to the cortical dipole-layer source
imaging (27) and cortical potential imaging (62). The time-
variant PPF can also be applied to the spatio-temporal
inverse problem (28).

The parametric inverse techniques, such as the trun-
cated SVD, Tikhonov regularization, PWF, and PPF, have
a free parameter that determines the restorative ability.
These parametric inverse techniques require estimating
the optimum parameter that adjusts the balance between
the signal and noise. We will not discuss the details on
techniques determining the regularization parameters
here. Interested readers can refer to the literature (66).

4.4. Statistical Parametric Mapping

What is often missing in the EEG linear inverse solutions
is the level of reliability of the estimated solution itself. In
fact, not all modeled sources have the same degree of sen-
sitivity to measurement noise, so we cannot say whether a
source has a high strength because it is the most probable
source of that potential distribution, or just because that
source well accounts for the noise superimposed to the
potential. Even in the ideal case of absence of noise, some
sources seem more inclined to explain a large set of data,
just because of their geometrical properties (i.e., sources
positioned on a cortical girus, rather than deep in a
sulcus). A statistical approach to the problem and a mea-
sure of the signal-to-noise ratio in the modeled cortical
activity are then required. The level of noise in the EEG
linear inverse solutions can be addressed by estimating
the ‘‘projection’’ of the EEG noise n(t) onto the cortical
surface by means of the inverse operator B (as described in
Equation 14); the standard error of the noise on the esti-
mated source strength xj is given by

BjCðBjÞ
T ; ð16Þ

where Bj is the jth row of the inverse operator matrix, C is
the EEG noise covariance matrix ðCij¼hniðtÞ;njðtÞiÞ; and
nj(t) is the noise associated to the jth recorded EEG chan-
nel, which allows for quantitative assessment of the ratio
between the estimated cortical activity and the amount of
noise at the cortical level, quantified through the standard
deviation of its estimate (37). It can be demonstrated that
under the hypothesis of a normal estimate for the noise
n(t) obtained with more than 50 time points, the following
normally distributed z-score estimator can be obtained for
each jth cortical location and for each time point t consid-
ered

zjðtÞ¼
Bj � gðtÞ
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

BjCðBjÞ
T

q ; ð17Þ

where C is the estimated noise covariance matrix. The
uncorrected threshold for the z score level at 5% is 1.96.

Values of z exceeding such a threshold represents levels of
estimated cortical activity that are unlikely a result of
chance alone but are related to the task performed by the
experimental subject. Examples of such an approach can
be found in literature, both using magnetoencephalo-
graphic (MEG) and EEG data (37).

5. MULTIMODAL NEUROIMAGING INTEGRATING EEG
INVERSE WITH FUNCTIONAL MRI (FMRI)

Here, we present two characterizations of the noise co-
variance Q, also known as source metric, that can provide
the basis for the inclusion of the information about the
statistical hemodynamic activation of ith cortical voxel
into the linear inverse estimation of the cortical source
activity. In the fMRI analysis, several methods to quantify
the brain hemodynamic response to a particular task have
been developed. However, in the following text, we analyze
the case in which a particular fMRI quantification tech-
nique has been used, called Percent Change (PC) tech-
nique. This measure quantifies the percentage increase of
the fMRI signal during the task performance with respect
to the rest state (71). The visualization of the voxels’ dis-
tribution in the brain space that is statistically increased
during the task condition with respect to the rest task is
called the PC map. The difference between the mean rest-
and movement-related signal intensity is generally calcu-
lated voxel-by-voxel. Bonferroni-corrected student’s t-test
is also used to minimize alpha inflation effects caused by
multiple statistical voxel-by-voxel comparisons (Type I er-
ror). The introduction of fMRI priors into the linear in-
verse estimation produces a bias in the estimation of the
current density strength of the modeled cortical dipoles.
Statistically, significantly activated fMRI voxels, which
are returned by the percentage change approach (71), are
weighted to account for the EEG measured potentials.

The inverse of the resulting metric is then proposed as
follows (72):

ðQ�1Þii¼ gðaiÞ
2
jjAijj

�2; ð18Þ

in which (Q� 1)ii is the ith term on the diagonal of the
square matrix Q�1 and Ai is the ith column vector of the
lead field matrix A. Furthermore, g(ai) is a function of the
statistically significant percentage increase of the fMRI
signal assigned to the ith dipole of the modeled source
space. This function is expressed as

gðaiÞ
2
¼ 1þ ðK � 1Þ

ai
maxðaiÞ

; K�1; ai�0; ð19Þ

where ai is the percentage increase of the fMRI signal
during the task state for the ith voxel and the factor K
tunes fMRI constraints in the source space. Fixing K¼ 1,
let us disregard fMRI priors, thus returning to a purely
electrical solution; a value for Kc1 allows only the
sources associated with fMRI active voxels to participate
in the solution. It was shown that a value for K on the
order of 10 (90% of constraints for the fMRI information) is
useful to avoid mislocalization because of overconstrained
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solutions (37,73,74). It is worth notice that the previous
formulation only uses the information about the presence
or absence of a particular source located at the voxel level
in the set of those whose hemodynamic responses have
been elicited by the considered task. Recently, it has also
been proposed an extension of the linear inverse problem
aimed to taking into account information about the func-
tional coupling of the cortical sources. Information about
such coupling is provided experimentally by the hemody-
namic responses returned by the event-related fMRI (16).
In particular, it has been suggested to estimate the hemo-
dynamic correlation of the neural sources by using the
cross-correlation technique on the hemodynamic wave-
forms obtained during the performance of the task under
the fMRI scanner. These correlation values are then used
as additional a priori constraints in the solution of the
electromagnetic linear inverse problem together with the
cortical orientation constraints and the presence of statis-
tically significant activation of the hemodynamic re-
sponse. In particular, the generic ði; jÞ entry of the
inverse of matrix Q is set as in the following:

ðQ�1Þij¼ gðaiÞgðajÞjjAijj
�1jjAjjj

�1 � corrij; ð20Þ

where jjAijj and g(ai) have the same meaning described
above and corrij is the degree of functional coupling be-
tween source i and source j during the particular task an-

alyzed. Information on coupling is revealed by the
correlation of their hemodynamic responses obtained by
the event-related fMRI data. Simulations were performed
with the different inverse solutions for the multimodal in-
tegration of EEG/MEG recordings with the fMRI data. It
has been observed as a better behavior of the source met-
ric that use the coupling coefficients (described by Equa-
tion 20) with respect to the other (Equation 18), when a
low signal-to-noise ratio is present on the recorded EEG/
MEG data (16). Figure 3 illustrates the cortical distribu-
tions of the current density estimated with the described
linear inverse approaches from the potential distribution
relative to the movement preparation, before and after a
right middle finger extension. Such an approach used no-
fMRI constraint as well the fMRI constraints based on
Equation 18 presented above. Left: cortical estimate ob-
tained without the use of fMRI constraints (HREEG solu-
tions), based on the minimum norm solutions. Note, the
primary sensory and motor areas are fused together in a
unique bump. Right: cortical estimate obtained with the
use of fMRI constraints (HREEGþ fMRI) based on Equa-
tion 18. Note, in this case, the number of bumps increased
in the primary sensory and motor areas. The waveforms
are relative to different cortical activity in the primary
motor (MI), primary somatosensory (SI), and in the sup-
plementary motor (SMA) region of interest. Note, the
waveforms for the MI and SI changed in shape moving

Figure 3. Figure illustrates the cortical distributions of the cur-
rent density estimated with the linear inverse approaches from
the potential distribution relative to the movement preparation,
before and after a right middle finger extension. The cortical dis-
tributions are represented on the realistic subject’s head volume
conductor model. Left: cortical estimate obtained without the use
of fMRI constraints (HREEG solutions), based on the minimum
norm solutions. Note, the primary sensory and motor areas are
fused together in a unique bump. Right: cortical estimate ob-
tained with the use of fMRI constraints (HREEGþ fMRI) based
on the Equation 16 (see text for details). Note, in this case, the
number of bumps increased in the primary sensory and motor
areas. The waveforms are relative to different cortical activity in
three primary motor (MI), primary somatosensory (SI), and in the
supplementary motor (SMA) region of interest. Note, the wave-
forms for the MI and SI changed in shape moving from the
HREEG solution (lower left) to the HREEGþ fMRI ones (lower
right).

Figure 4. Upper left: connectivity patterns estimated in a sub-
ject during the performance of finger tapping movement, after the
EMG onset. Each pattern is represented with arrows that move
from one cortical area toward another one. The arrow colors and
sizes code the level of strength of the functional connectivity ob-
served between ROIs. The labels indicate the names of the ROIs
employed. Lower right: figure shows the outflow patterns in all
the ROIs obtained for the same connectivity pattern depicted in
the upper-left figure. Such a figure summarizes the behavior of a
ROI in terms of reception of information flow from other ROIs, by
adding all the value of the links arriving on the particular ROI
from all the others. The information is represented with the size
and the color of a sphere, centered on the particular ROI ana-
lyzed. The larger the sphere, the higher the value of inflow or
outflow arriving or departing from such ROI (75).
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from the HREEG solution (lower left) to the HREEGþ
fMRI ones (lower right).

The cortical connectivity has been further estimated by
applying the Directed Transfer Function (DTF) method
(75) and Structure Equation Method (76) to the estimated
cortical sources using the linear inverse solution described
above. Such connectivity allows one to depict the direction
of the information flows between the cortical regions of
interest. Figure 4 illustrates two pictures of the connec-
tivity patterns estimated in the theta band in a human
subject during the POST time period. On the left, the con-
nectivity pattern estimated with the DTF, with the arrows
pointing from the source to the target ROI, is drawn. In
addition, on the right of the same figure, the use of the
information flow outside the ROIs is presented with the
aid of the colored spheres.
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Electroencephalography is a domain concerning recording
and interpretation of the electroencephalogram. Electro-
encephalogram (EEG) is a record of the electric signal
generated by the cooperative action of brain cells, or more
precisely, the time course of extracellular field potentials
generated by their synchronous action. Electroencephalo-
gram derives from the Greek words enkephalo (brain) and
graphein (to write). EEG can be measured by means of
electrodes placed on the scalp or directly on the cortex. In
the latter case, it is sometimes called electrocorticogram
(ECoG). Electric fields measured intracortically were
named Local Fields Potentials (LFP). EEG recorded in
the absence of an external stimulus is called spontaneous
EEG; EEG generated as a response to external or internal
stimulus is called an event-related potential (ERP). The
amplitude of EEG of a normal subject in the awake state
recorded with the scalp electrodes is 10–100 mV. In case of
epilepsy, the EEG amplitudes may increase by almost an
order of magnitude. In the cortex, amplitudes are in the
range 500–1500mV.

1. EEG RHYTHMS

The following rhythms have been distinguished in EEG
(Fig. 1): delta (0.5–4Hz), theta (4–8Hz), alpha (8–13Hz),
beta (13–30Hz), and gamma (above 30Hz). Gamma com-
ponents are difficult to record by scalp electrodes and their
frequency does not exceed 45Hz; in ECoG components, up
to 100 Hz, or even higher, may be registered. The con-
tribution of different rhythms to the EEG depends on the
age and behavioral state of the subject, mainly the level of
alertness. Considerable intersubject differences in EEG
characteristics also exist. EEG pattern is influenced by
neuro-pathological conditions, metabolic disorders, and
drug action (1).

* Delta rhythm is a predominant feature in EEGs
recorded during deep sleep. In this stage, delta waves
usually have large amplitudes (75–200 mV) and show
strong coherence all over the scalp.

* Theta rhythms rarely occur in adult humans. How-
ever, they are predominant in rodents; in this case,
the frequency range is broader (4–12Hz) and waves
have a high amplitude and characteristic sawtooth
shape. It is hypothesized that theta rhythms in
rodents serve as a gating mechanism in the informa-
tion transfer between the brain structures (2). In
humans, activity in the theta band may occur in
emotional or some cognitive states; it can be also
connected with the slowing of alpha rhythms caused
by pathology.

* Alpha rhythms are predominant during wakefulness
and are most pronounced in the posterior regions of
the head. They are best observed when the eyes are
closed and the subject is in a relaxed state. They are
blocked or attenuated by attention (especially visual)
and by mental effort. Mu rhythms have a frequency
band similar to alpha, but their topography and
physiological significance are different. They are
related to the function of motor cortex and are pre-
valent in the central part of the head. Mu rhythms
are blocked by motor functions.

* Beta activity is characteristic for the states of in-
creased alertness and focused attention, as was
shown in several animal and human studies.

* Gamma activity is connected with information pro-
cessing (e.g., recognition of sensory stimuli) (3) and
the onset of voluntary movements. In general, it can
be summarized that the slowest cortical rhythms are
related to an idle brain and the fastest to information
processing.

The EEG is observed in all mammals, the character-
istics of primate EEG being closest to the human. Cat, dog,
and rodent EEGs also resemble human EEGs, but have
different spectral content. In lower vertebrates, electric
brain activity is also observed, but it lacks the rhythmical
behavior found in higher vertebrate recordings.

2. SHORT HISTORY OF ELECTROENCEPHALOGRAPHY

Richard Caton (1842–1926) is regarded as the first scien-
tist to investigate brain potentials. He worked on the
exposed brains of cats and rabbits, measuring electric
currents by means of a galvanometer, where a beam of
light reflected from its mirror was projected onto a scale
placed on a nearby wall. The results (presented in 1875)
showed that ‘‘feeble currents of varying directions pass
through the multiplier when the electrodes are placed at
two points of the external surface, or one electrode on the
gray matter and one on the surface of skull.’’ This ob-
servation can be regarded as a discovery of electroence-
phalographic activity.

Adolf Beck (1863–1939) also investigated spontaneous
activity of the brains of rabbits and dogs. He was the first
to discover (in 1890) the rhythmical oscillations of brain
electrical activity. He also observed the disappearance of
these oscillations when the eyes were stimulated with
light, which was the first discovery of so-called ‘‘alpha
blocking.’’ Later, his co-worker Napoleon Cybulski (1854–
1919) presented the electroencephalogram in a graphical
form by applying a galvanometer with a photographic
attachment and was the first to observe epileptic EEG
activity in a dog elicited by an electric stimulation (4). In
1929, the first electroencephalogram was recorded from
the surface of the human scalp by Hans Berger (5).

1935 witnessed birth of the major fields of today’s
clinical electroencephalography. F. Gibbs and H. Davis
showed association of 3/sec spike-wave complexes in EEG
with epileptic absences and A. L. Loomis et al. studied
human sleep patterns. Also in 1935, the first electroence-
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phalograph (Grass Model I) started the era of contempor-
ary EEG recording. More information about the history of
electroencephalography may be found in (1) and (4).

3. NEUROPHYSIOLOGICAL BASIS OF EEG

In the brain, two main classes of cells exist: nervous cells,
called neurons (Fig. 2), and glial cells. In both, the resting
potential is approximately � 80mV, with the inside of
cells being negative. The difference of potentials across a
cell membrane comes from the difference of concentration
of cations: Kþ , Naþ , anions Cl� , and large organic
anions. Caþ þ ions are less abundant, but they have an
important regulatory role. The potential difference is
maintained by the active transport of cations Kþ to the
inside of the cell and Naþ to the outside, using the energy
supplied through metabolic processes.

Electric activity of neurons is manifested by generation
of action potentials and postsynaptic potentials (PSP).
Action potentials occur when the electrical excitation of
the membrane exceeds a threshold. Postsynaptic poten-
tials are subthreshold phenomena. The generation of
action potentials is connected with rapid increase of
permeability for Naþ ions. Their influx in the cell causes
a rapid increase of the potential inside the cell and the

change of polarity of the inside of the neuron from
negative to positive (about þ 30 mV). A subsequent in-
crease of membrane permeability to Kþ ions (leading to
their outflow from the cell), and a decrease of permeability
for Naþ ions makes the inside of the cell negative again
with respect to the surrounding medium. In this way,
action potential of characteristic spike-like shape (dura-
tion about 1 ms) is created. It obeys the ‘‘all or nothing’’
rule: for supra-threshold stimuli, a pulse of a constant
amplitude is generated; for subthreshold excitation, the
neuron doesn’t fire.

PSPs are connected with the phenomena occurring on
the postsynaptic membrane. When action potential ar-
rives at the synapse, it secretes a chemical substance,
called mediator or transmitter, which causes a change in
the permeability of the postsynaptic membrane of the next
neuron. As a result, ions traverse the membrane and a
difference in potentials across the membrane is created.
When the negativity inside the neuron is decreased (e.g.,
by the influx of Naþ ions), the possibility offiring is higher
and an excitatory postsynaptic potential (EPSP) is gener-
ated. An inhibitory postsynaptic potential (IPSP) is cre-
ated when the negativity inside the neuron is increased
and the neuron becomes hyperpolarized. Unlike the action
potential, the PSPs are graded potentials, their ampli-
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tudes are proportional to the amount of secreted mediator,
which depends on the excitation of the input neuron.
Postsynaptic potentials typically have amplitudes of 5–
10mV and a time span 10–50msec. In order to obtain
supra-threshold excitation, the amplitudes of many post-
synaptic potentials have to be superimposed in the soma of
a neuron. A neuron can have very abundant arborizations,
making up to 10,000 synaptic junctions with other neu-
rons (in the human brain, about 1011 neurons exist).

The electrical activity of neurons generates currents
along the cell membrane in the intra- and extracellular
spaces, producing an electric field conforming approxi-
mately to that of a dipole. Macroscopic observation of
this electric field requires the synchronization of electrical
activity of a large number of dipoles oriented in parallel
(6). Indeed, pyramidal cells of the cortex are, to a large
degree, parallel and, moreover, they are synchronized by
virtue of common feeding by thalamocortical connections
(2). The condition of synchrony is fulfilled by the PSPs,
which are relatively long in duration. The contribution
from action potentials to the electric field measured ex-
tracranially is negligible. EEG comes from the summation
of synchronously generated postsynaptic potentials. The

contribution to the electric field of neurons acting syn-
chronously is approximately proportional to their number,
and, for those firing nonsynchronously, as a square root of
their number. For example, if the electrode records action
of 108neurons (which is typical for scalp electrode) and 1%
of them are acting synchronously, their contribution will
be 100 times bigger than the contribution of neurons
acting asynchronously, because 106/sqrt(108)¼ 100.

The problem of the origins of EEG rhythmical activity
has been approached by electrophysiological studies on
brain nerve cells and by the modeling of electrical activity
of the neural populations (2,3). The question emerges
whether the rhythms are caused by single cells with
pacemaker properties or by the oscillating neural net-
works. It has been shown that some thalamic neurons
display oscillatory behavior, even in the absence of synap-
tic input (7). Evidence exists that the intrinsic oscillatory
properties of some neurons contribute to the shaping of
the rhythmic behavior of networks to which they belong.
However, these properties may not be sufficient to account
for the network rhythmic behavior (2). It is generally
accepted that cooperative properties of networks consist-
ing of excitatory and inhibitory neurons connected by
feedback loops play the crucial role in establishing EEG
rhythms. The frequency of oscillation depends on the
intrinsic membrane properties, on the membrane poten-
tial of the individual neurons, and on the strength of the
synaptic interactions.

In the past, the role of EEG in information processing
has not been fully recognized. However, strong evidence
exists that coherent oscillations in the beta range in a
population of neurons might be the basic mechanism in
feature binding of the visual system (8). It seems that this
observation is not limited to the visual system and that
synchronized oscillatory activity provides an efficient way
to switch the brain system between different behavioral
states and to cause a qualitative transition between modes
of information processing. In this way, neuronal groups
with a similar dynamic functional state can be formed,
subserving perceptual processes. It has also been postu-
lated that the role of synchronized oscillatory EEG activ-
ity in the alpha and theta range is to serve as a gating
mechanism to the flow of the information through the
network. Bursts of oscillatory activity may constitute a
mechanism by which the brain can regulate changes of
state in selected neuronal networks and change the route
of information (2).

4. RECORDING STANDARDS

EEG is usually registered by means of electrodes placed
on the scalp. They can be secured by an adhesive (like
collodion) or embedded in a special snug cap. The resis-
tance of the connection should be less than 5KOhms, so
the recording site is first cleaned with diluted alcohol, and
conductive electrode paste applied to the electrode cup.

Knowledge of exact positions of electrodes is very
important for both interpretation of a single recording as
well as comparison of results, hence the need for standar-
dization. The traditional 10–20 electrode system (9) states

Figure 2. From the top: neuron, synapse, postsynaptic potential.
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positions of 19 EEG electrodes (and two electrodes placed
on earlobes A1/A2) related to specific anatomic landmarks,
such that 10–20% of the distance between them is used as
the electrode interval (Fig. 3). The first part of derivation’s
name indexes the array’s row—from the front of head: Fp,
F, C, P, and O. The second part is formed from numbers
even on the left and odd on the right side, in the center ‘‘z’’
or ‘‘0’’. Progress in topographic representation of EEG
recordings brought demand for a larger amount of deriva-
tions. Electrode sites halfway between those defined by
the standard 10–20 system were introduced in the ex-
tended 10–20 system (10).

EEG is a measure of potential difference; in the refer-
ential (or unipolar) setup, it is measured relative to the
same electrode for all derivations. This reference electrode
is usually placed on the earlobe, nose, mastoid, chin, neck,
or scalp center. No universal consent exists regarding the
best position of the reference electrode, because currents
coming from bioelectric activity of muscles, heart, or brain
propagate all over the human body. In the bipolar setup
(montage), each channel registers the potential difference
between two particular scalp electrodes. Data recorded in
a referential setup can be transformed into any bipolar
montage, for the sake of display or further processing. The
common ‘‘average reference’’ montage can be obtained by
subtracting from each channel the average activity from
all the remaining derivations. The Hjorth transform re-
ferences each electrode to the four closest neighbors,
which is an approximation of the Laplace transform
(LT). LT is calculated as a second spatial derivative of a
signal, offering information about vertical current density.
For best performance, it needs an adequate spatial sam-
pling-interelectrode distance around 20mm (e.g., 128
electrodes on the scalp). The estimates obtained by means
of LT for the electrodes lying at the scalp periphery are
biased and have to be excluded.

Contrary to the open question of the reference, the
necessity of artifact rejection is universally acknowledged.
The main problem lies in the lack of a working definition
for an EEG artifact—it can stem from muscle or heart
activity (EMG, ECG), eye movement (EOG), external
electromagnetic field, poor electrode contact, subject’s

movement, etc. Corresponding signals (EMG, EOG,
ECG, and body movements) registered simultaneously
with EEG are helpful in the visual rejection of artifact-
contaminated epochs.

EEG is usually digitized by a 12-bit ADC (analog-
digital conversion) with the sampling frequency ranging
from 100 Hz for spontaneous EEG and several hundred
Hz for ERP to several kHz for recording short latency far-
field ERP. A black diagram of a recording setup is shown
in Fig. 4. Prior to sampling, low-pass anti-aliasing filters
are used; high-pass filters are applied in order to eliminate
artifacts of lowest frequencies.

5. MATURATION OF EEG

EEG evolves with age and achieves its final character at
30 years, when it stabilizes and then starts to change
again in the old age. The rate of change is correlated
with mental health. EEG development in infancy and
adolescence is characterized by a shift of the EEG rhythm
toward higher frequencies. In newborns, slow delta
rhythms predominate, then the basic frequency shifts
toward theta at the age of 12 months. The posterior slow
activity characteristic in young children constantly di-
minishes during adolescence. Alpha rhythm appears at
the age of 10 years (1). In young adults (21–30 years), the
EEG still shows mild signs of immaturity including con-
tribution of 1.5–3Hz and 4–7Hz waves during awake
state, normally not seen past the age of 30.

Physiologically, the maturation process is connected
with the development of dendritic trees and myelination.
Myelin layers produced by glial cells cover the axons of
neurons and act as an insulator of electrically conductive
cells. The propagation of electrical activity is faster and
less energy-consuming in myelinated fibers.

6. SLEEP EEG

Sleep EEG reveals a characteristic alternating pattern.
The classic description of sleep involves division into
stages originally defined by Rechtschaffen and Kales

Figure 3. Electrodes placement in 10–20 system.
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(R&K) (11): stage 1 (drowsiness), stage 2 (light sleep),
stage 3 (deep sleep), stage 4 (very deep sleep), and REM
(dreaming period accompanied by rapid eye movements).
The differentiation of the sleep stages involves measure-
ment of several signals. Their recording, called a poly-
somnogram, includes not only EEG, but also
electrooculogram (EOG), electromyogram (muscular ac-
tivity), and respiration. It may also include measurement
of blood flow, electrocardiogram (ECG), and oxygen level
in blood. EOG is recorded by means of the electrodes
placed at the canthi of the eyes. As a result of the
cornoretinal standing potential (the cornea is positive
relative to the fundus), the eye movements produce
changes in the potential between electrodes. The EOG
and EMG help to distinguish REM state. The sequence of
sleep stages is usually illustrated in the form of the
hypnogram (Fig. 5). Recognition of stages is based on the
contribution of the different rhythms and the occurrence
of characteristic signal transients absent in wake EEG,
namely sleep spindles, vertex waves, and K complexes.
Sleep spindles are rhythmic waves of frequency 11–15Hz
and duration longer than 0.5s; characteristic increase and
then gradual decrease of amplitude is not always ob-
served. They are most prominent in the central deriva-
tions; low-frequency spindles (11–12.5Hz) are more
pronounced in the frontal and high-frequency spindles
(12.5–15Hz) in more posterior derivations (12). Vertex
wave is a compound potential: a small spike discharge of
positive polarity preceding a large spike and followed by a
negative wave of latency around 100ms and often another
small positive spike. Vertex waves are a kind of auditory-
evoked response (AER), as can be judged from their shape
and place of occurrence. The K complex consists of an
initial sharp component, followed by a slow component
that fuses with a superimposed fast component. The sharp
component may be biphasic or multiphasic. Sometimes the
K complex is described only as having slow and fast
components; the initiating sharp component is equated
with a vertex wave (1).

Sleep stages may be briefly characterized as follows.

* Stage 1 (drowsiness) is associated with a decrease of
alpha rhythm, rhythms in 2–7Hz frequency band

and low-amplitude rhythms of 15–25Hz band. Dee-
pening of drowsiness is connected with enhancement
of slow activity and occurrence of vertex waves and
slow rolling eye movements. According to R&K, the
stage 1 is scored when less than 20% of the epoch
contains any alpha activity and EEG consists of
medium amplitude mixed frequency (mainly theta)
activity, sometimes with vertex sharp waves.

* Stage 2 is characterized by appearance of sleep
spindles, which are usually considered as a signal of
sleep onset. Slow frequencies ranging from 0.75Hz to
4Hz are usually predominant in stage 2 of sleep;
however, fast frequencies (15–30Hz) may be present
too. Summarizing, stage 2 is characterized by spin-
dles and K complexes, less than 20% of the epoch may
contain delta waves.

* Stage 3 is associated with preponderant slow rhythm
in the delta frequency (0.75–3Hz) range; activity of
lower amplitude in 5–9Hz range is also quite com-
mon. In a sizeable number of healthy subjects, alpha
activity (7–11Hz) may be intermingled with delta
rhythm, and, in this alternating pattern, certain
periodicities may occur. K complexes are still present
in sleep stage 3; spindles are less abundant than in
stage 2. Stage 3 is scored when 20–50% of the epoch
contains delta waves of 0.5–2.5Hz frequency and of
75 mV or greater peak-to-peak amplitude.

* Stage 4 is dominated by slow-wave activity of high
amplitude; K complexes may appear. Stage 4 is
scored when more than 50% of the epoch contains
delta activity conforming to the criteria defined
above.

* REM is characterized by a decrease of EEG ampli-
tude, occurrence of faster rhythms, rapid eye move-
ments, and loss of muscular activity. Spectral
characteristics in REM is polyrhythmic and, on the
basis of EEG only, it is difficult to distinguish REM
from stage 1.

The evolution of slow-wave activity and spindles during
overnight sleep is shown in Fig. 5.

Evidence exists that when the sleep becomes deeper,
the sources that drive EEG activity move from the poster-
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Figure 4. Block diagram of recording of a single EEG channel. Differential amplifier measures
potential between two electrodes (one of them is treated as the reference). Analog filters and
adjustable; amplifier prepares the signal for analog-digital conversion (ADC) and storage (lower
path). Before the proliferation of digital media, EEG was stored on folded paper (upper path).
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ior regions of the head (prevalent during awake state with
eyes closed) to the centro-frontal regions (13).

During the night, nonREM (NREM) and REM periods
occur in cycles. Slow-wave sleep is concentrated in the first
one-third of the night and is predominant in childhood.
The sleep pattern changes very much during childhood
and adolescence. For newborn babies, REM takes most of
the sleep time, and in young children, only REM and
nonREM stages can be distinguished. Diminuition of deep
slow-wave sleep and increase in wakefulness continues
through entire life span after the age of 1 year. In old age,
the contribution of stages 3 and 4 decreases markedly and
the first REM stage appears later at night. The changes of
the sleep pattern may be caused not only by a normal
aging, but also by degenerative diseases. An atypical
polysomnogram may be observed in a variety of situations
(e.g., sleep deprivation, abnormal sleep habits, drug and
drug withdrawal effects, sleep pathologies). Dissociated or
otherwise atypical sleep patterns may be manifested by

intrusion of the alpha rhythm on the slow waves in stages
3 and 4 or the appearance of sleep spindles in REM. Also,
normal ultradian NREM/REM cyclicity may be altered or
lost. The normal REM onset in adults appears after about
one hour or later. Early (about 10 minutes) onset of REM
sleep, called SOREM, may be an effect of previous REM
deprivation, alcoholism, drug withdrawal, irregular sleep
habits, severe depression, or narcolepxy-catalepsy. In the
latest case, a poor REM cyclicity is observed.

From the clinical point of view, not only sleep macro-
structure described by hypnogram, but also its micro-
structure, is important. Transient arousals associated
with unstable sleep conditions are reflected in the EEG.
A set of guidelines for arousal scoring has been proposed
by the American Academy of Sleep Medicine (14). An EEG
arousal is defined as an abrupt shift in EEG frequency,
which may include theta, alpha, or frequencies greater
than 16Hz, but not spindles. A set of additional conditions
is given in Guilleminault et al. (14). A certain number of
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spontaneous arousals seems to be an intrinsic component
of physiological sleep, but their frequent occurrence may
be connected with respiratory sleep disorders, nocturnal
myoclonus, and other clinical conditions.

7. PATHOLOGICAL CONDITIONS INFLUENCING EEG

EEG is affected by the CNS disorders (e.g., cerebral
anoxia, cerebral inflammatory processes, cerebral palsy,
Creutzfeld–Jacob disease, and metabolic and degenerative
nervous system disorders such as senile and presenile
dementias). It is influenced by brain tumors and cranio-
cerebral traumas; in the second case, it can serve as a
measure of patient recovery. EEG is also an important test
in psychiatric diseases, sleep disorders, and developmen-
tal disorders. In particular, analysis of evoked potentials is
very helpful in diagnosing dyslexia and differentiation
between psychogenic and neurogenic disorders. The char-
acter of EEG changes dramatically in epileptic condition
and its analysis is a basic tool in this case (1).

8. EPILEPTIC SEIZURE DISORDERS

An epileptic seizure is caused by the massive synchroniza-
tion of neuronal electrical activity. During the seizure,
groups of neurons discharge synchronously, creating a
large amplitude signal and leading to uncontrollable
oscillations. Tumors, infections, trauma, or metabolic
and toxic disorders may be responsible for the synchro-
nized discharges. Epilepsy is the second most common
neurological disease (15). Its clinical symptoms may in-
volve the loss of awareness, drop attacks, facial muscles
and eye movements, aggressive outbursts, prolonged con-
fusional states, and flexor spasms of a whole body.

Seizure types can be divided into three main categories
(15):

1. Local—the synchronized electrical activity starts in
a well localized part of the brain. The seizure,
lasting a few seconds, is accompanied by jerking or
spasms, as well as by a loss of consciousness.

2. Generalized—the EEG patterns are bilaterally sym-
metrical and roughly synchronous; the epileptic
activity is spread over wide areas of both hemi-
spheres simultaneously from the onset of attack.

3. Unclassifiable—different from those described in (1)
and (2).

In epileptic discharges, the membrane potential of
cortical and deeper located neurons changes in a dramatic
way, which leads to massive bursts of action potentials
and large fluctuations of intra- and extracellular fields.
The seizure initiation is probably connected with the
breakdown of the local inhibitory mechanisms. The crucial
factor in generation of epileptic activity is the synchroni-
zation of neural pools. Mechanisms of this synchronization
are probably connected with recurrent excitation operat-
ing through positive feedback loops.

An important diagnostic problem is localization of the
epileptic focus, which, in severe cases, can be possibly
removed by surgical intervention. Intracranial electrodes
are usually placed in the suspected region, found from the
scalp EEG, in order to better localize the focus. Tests
involving measurement of ERP are performed in order to
check if the removal of a given part of the brain will not
impair some vital brain functions. The epileptic focus may
not necessarily be detected by imaging techniques such as
tomography, so the information contained in EEG is
essential for localization of epileptic foci.

9. INFLUENCE OF DRUGS

EEG is very sensitive to the action of a wide range of
pharmacological substances, especially psychotropic
drugs, anaesthetics, and anticonvulsants. It is also af-
fected by some drugs targeted to organs other than the
central nervous system (CNS), such as antihistamines and
antihypertensives. Influence of drugs on EEG primarily
include changes in its spectral content and topographic
characteristics. Effects of psychoactive drugs on EEG
could be used to assess their action on the CNS. A
particular effect of a drug on EEG may be used as an
indication for its potential therapeutic efficiency.

10. EVENT-RELATED POTENTIALS

Event-related potentials (ERPs) are the changes of spon-
taneous EEG activity related to a specific event. ERPs
triggered by particular stimuli, visual (VEP), auditory
(AEP), or somatosensory (SEP), are called evoked poten-
tials (EP). It is assumed that ERPs are generated by
activation of specific neural populations, time-locked to
the stimulus, or that they occur as the result of reorgani-
zation of ongoing EEG activity. The basic problem in
analysis of ERPs is their detection within the larger
EEG activity. ERP amplitudes are an order of magnitude
smaller than that of the ongoing EEG. Averaging is a
common technique in ERP analysis; it makes possible the
reduction of background EEG noise. However, assump-
tions underlying the averaging procedure, namely (1) the
background noise is a random process, (2) the ERP is
deterministic and repeatable, and (3) EEG and ERP are
independent, are not well justified.

The ERP pattern depends on the nature of the stimula-
tion, placement of the recording electrode, and the actual
state of the brain. ERPs are usually described in terms of
the amplitudes and latencies of their characteristic waves
(Fig. 6). The components occurring at different times are
different in nature; they are named early and late ERP.
The early ERPs of latency below 10–12ms (called some-
times ‘‘far fields’’) are connected with the response of the
receptors and peripheral nervous system; late ERPs
(‘‘near-field’’ potentials) are generated in the brain. In
late ERPs, exogenous components (primarily dependent
on characteristics of the external stimulus) and endogen-
ous components (which are dependent on internal cogni-
tive processes) can be distinguished. Endogenous
components of latencies above 100–200ms are influenced
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by the attention to the stimulus. The later components
around 300 ms (P300) reflect recognition and discrimina-
tion between stimuli. P300 amplitude is considered as a
manifestation of CNS activation that reflects attention to
incoming stimulus, when memory representations are
updated. P300 latency is dependent on the stimulus
classification speed (it is smaller for known stimuli) and
the latency is connected with individual cognitive cap-
ability.

ERPs are widely used in clinical practice as tests of the
integrity of the sensory pathways or their different dys-
functions. They are also helpful in the diagnosis of diffused
brain diseases (e.g., multiple sclerosis or psychiatric dis-
orders).

ERPs need not to be time-locked to the stimuli, they can
occur without the fixed phase to the trigger. ERPs caused
by continuous stimuli (e.g., wave-modulated light or am-
plitude-modulated tone) or those that are not time-locked
to the stimulus are preferably analyzed in the frequency
domain. As an example, ERPs can serve preceding volun-
tary actions such as speech or movements. They are
usually accompanied by the change in the spectral content
of the signals. Specifically, before the movement onset and
during the movement, a decrease of activity occurs in the
alpha and beta band in cortical regions connected with
sensorimotor cortex (Fig. 7). This phenomenon is called
event-related desynchronization (16). After the move-
ment, an increased synchronization in both these bands
occurs. During the action, an increase of activity in the
high frequencies (gamma band) takes place. It is not
always present in scalp recordings, but it is well visible
in electrocorticogram.

11. EEG ANALYSIS

The traditional method of EEG analysis is visual inspec-
tion of the signals plotted on paper. Modern computer
analysis can extend electroencephalographer’s capabil-
ities by supplying information not directly available
from the raw data. However, visual analysis is still a
widespread technique, especially for detection of transient
features of signal. In most cases, the agreement of an
automatic method with visual analysis is a basic criterion
for its acceptance.

Figure 6. Schematic representations of average auditory ERP
(upper picture) and visual ERP (lower picture) in logarithmic
time scale, showing the commonly recognized components. Letter
‘‘N’’ denotes negative polarity, ‘‘P’’ positive polarity, usually fol-
lowed by the number denoting latency in ms. The components of
auditory potentials marked by roman numbers are the brain
stem-evoked responses (BAEP). They are followed by mid-latency
exogenous components (MAEP) in the frequency range 10–
100ms. The first peak in exogenous visual ERP comes from
ERG (electroretinogram). Exogenous ERP exhibit modality–spe-
cific features; endogenous ERP are similar in both modalities.
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As a result of its complexity, the EEG time series can be
treated as a realization of a stochastic process, and the
statistical properties can be evaluated by typical methods
based on the theory of stochastic signals. These methods
include probability distributions and their moments
(means, variances, higher-order moments), correlation
functions, and spectra. Estimation of these observables
is usually based on the assumption of stationarity, which
means that the statistical properties of the signal do not
change during the observation time. Although the EEG
signals are ever changing, they can be subdivided into
quasi-stationary epochs when recorded under constant
behavioral conditions. On the basis of empirical observa-
tions and statistical analysis performed by several
authors, quasi-stationarity can be assumed for EEG
epochs of approximately 10 seconds in length, measured
under constant behavioral conditions (1).

EEG signals can be analyzed in the time or frequency
domain, and one or several channels can be analyzed at a
time. The applied methods involve spectral analysis by
Fourier Transform (FT), autoregressive (AR) or autore-
gressive-moving average (ARMA) parametric models, Kal-
man filters, and time-frequency and time-scale methods
(Wigner distributions, wavelets, matching pursuit). The
most common methods used for postprocessing include
cluster analysis, discriminant analysis, or artificial neural
networks (ANN).

Estimation of power spectra is one of the most fre-
quently used methods of EEG analysis. It provides infor-
mation about the basic rhythms present in the signal and
can be easily and rapidly calculated by means of the Fast
Fourier Transform (FFT). Maximum entropy power spec-
trum may be obtained by means of the autoregressive
model, which can be recommended for the EEG analysis.
The AR model represents a filter with a white noise at the
input and the EEG series at the output; it is compatible
with a physiological model of the alpha rhythm generation
(17), but this link is neither specific nor essential. The AR
model provides a parametric description of the signal and
makes possible its segmentation into stationary epochs. It
also offers the possibility of detecting nonstationarities by
means of the inverse filtering (1).

Autoregressive or autoregressive-moving average mod-
els (ARMA), sometimes used for EEG analysis, belong to
the class of linear models. Some authors use nonlinear
methods for EEG analysis, based on estimators derived
from chaos theory, such as attractor dimension or Lyapu-
nov coefficients. However, these parameters have a very
limited value for EEG, because this signal has a character
of colored noise and reveals chaotic character only in some
epochs of epileptic seizures, as was shown by surrogate
data tests (18,19) and linear forecasting (20). Moreover,
the above-mentioned chaotic estimators require long sta-
tionary data epochs, are subject to systematic errors, and
are very sensitive to noise.

The representation of EEG activity for a complete
ensemble of channels records from scalp electrodes is
usually performed by mapping. The features of EEG can
be extracted from multivariate statistics, so, in this re-
spect, graphic representation in the form of maps is
neither necessary nor sufficient. However, it is more

effective for a human observer to look at a map than at a
table of numbers. A map may help to make a direct
comparison between the topographic distribution of EEG
features and an anatomic image given, for example, by the
tomographic brain scan. Three types of features are most
commonly mapped for clinical applications (1) direct vari-
able such as amplitude, (2) transformed variable such as
total spectral power or relative spectral power in fre-
quency band, and (3) the result of statistical test applied
to given EEG feature.

The appearance of a map depends very much on the
electrode reference system. The recommended representa-
tion involves surface Laplacians, because this approach
approximates source current density and cancels a com-
mon component caused by volume conduction (6,21).
However, a reliable computation of surface Laplacian
requires at least 64 electrodes and adequate spatial
sampling is obtained for 128 electrodes. Therefore, quite
frequently an approximation of the Laplacian operator by
Hjorth transform (22) is applied [e.g., it was used as a
preprocessing method improving spatial resolution for
estimation of synchronization and desynchronisation of
EEG activity (16)]. Results obtained by application of
Laplacian operator may be further ameliorated by deblur-
ring; that is, using a mathematical model of volume
conduction through the skull and scalp to downwardly
project scalp-recorded potentials, which provides a com-
putational estimate of the electrical potentials, that would
be recorded near the superficial cortical surface (23).

Interdependence between two EEG signals can be
found by a cross-correlation function or its analogue in
the frequency domain—coherence. Cross-correlation can
be used for comparison of EEGs from homologous deriva-
tions on the scalp. A certain degree of difference between
these EEGs may be connected with functional differences
between brain hemispheres, but a low value of cross-
correlation may also indicate a pathology. The cross-
covariance functions have been extensively used in the
analysis of event-related potentials for the study of the
electrophysiological correlates of cognitive functions (24).
Inter-relationships between EEG time series recorded at
different sites can also be quantified by information mea-
sures (25) and coherences (26). Usually, an ordinary
coherence calculated pair-wise between two signals is
used. However, for the ensemble of channels taken from
different derivations, the relationship between two signals
may come from the common driving from another site;
therefore, partial and multiple coherences should be taken
into account as well (27).

If the signals are modeled as a linear mixture of
statistically independent ‘‘sources,’’ their activities can
be found by means of the Independent Component Analy-
sis (ICA) (28). This class of algorithms, usually based on
the neural networks scheme, is used in general for the
‘‘blind source separation’’ problems (BSS). ICA can be seen
as an extension to the principal component analysis and
factor analysis.

In order to find intrinsic relationships between signals
from different locations, multivariate autoregressive
model (MVAR) may be applied simultaneously to the
whole set of EEG channels. From the MVAR coefficients,
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partial, multiple, and ordinary (bivariate) coherences can
be found as well as the transfer function of the system.
Elements of the transfer matrix of the MVAR model have
the meaning of Granger causality (19). It relies on predic-
tion of the future of one channel from the past of the other
channels, which allows for the determination of the activ-
ity propagation. Normalized Granger causality is equiva-
lent to the directed transfer function (30), which was used,
for example, for the determination of the direction of the
propagation of EEG activity during overnight sleep (13),
during epileptic seizure (31), and for the assessment of
information flow between brain structures of behaving
animals (32). For the set of mutually dependent signals, as
is the case for most of the recorded EEG signals, all
involved channels have to be processed simultaneously.
Bivariate estimates of Granger causality or DTF can bring
quite misleading results (33). Recently, short-time direc-
ted transfer function (Fig. 8) was introduced, which makes
possible calculation of EEG flows not only as a function of
frequency, but also of time when multiple repetitions of
experiments are available (29,34,35).

The assessment of the time evolution of EEG and ERP
is crucial for understanding the information processing by
the brain. Detection of transient EEG features is impor-
tant in diagnosis as well; therefore, time-frequency meth-
ods operating in a short time scale are needed. The first
method aiming at dynamic analysis is the windowed
Fourier transform with a sliding window. Substantial

progress was also achieved by introduction of wavelet
analysis.

Wavelet transform (WT) describes signals in terms of
coefficients representing their energy content in specified
time-frequency region. This representation is constructed
by means of decomposition of the signal over a set of
functions generated by translating and scaling one func-
tion called mother wavelet. The basics of wavelet analysis
can be found in Mallat (36). Some of the applications of
WT involve ERP component separation and measurement,
time-varying filtering for denoising single trial ERPs,
isolation of specific ERP and EEG rhythms, hearing
threshold estimation via auditory brain stem-evoked re-
sponse measurements, scale-specific topographic analysis,
and data compression [referred in (37)]. WT is especially
useful for evaluation of time-locked phenomena and their
distinction from the non time-locked events. As the ex-
amples may indicate, distinction of both kinds of compo-
nents in AEP (38) and reconstruction of a single AEP
based on discrimination between background and evoked
activity parameterized by means of WT (39). Multiresolu-
tion analysis, offered by WT, provides the measure of EEG
energy at each decomposition scale. This property was
used to achieve spatial enhancement of ERP to bring out
topographic features that might not be seen without
processing (40). The assessment of complexity of the
energy distribution in different frequency subbands may
be evaluated in terms of wavelet entropy (41). This
measure was used, for example, to follow EEG evolution
after hypoxic-ischemic injury (42). WT was also used for
automatic detection of arousals during sleep (43). A wide
range of biomedical applications of wavelets together with
basic theory are described, for example, in (44).

Time and frequency resolution in WTs are subject to
certain restrictions that lead to poor frequency resolution
at high frequencies. The representation depends also on
the setting of the time window, which makes WT mostly
suitable to the evaluation of time-locked signals such as
EP, but less appropriate for detecting structures appear-
ing more or less randomly in the signal. This problem has
been approached by application of time-shift and fre-
quency-shift invariant time-frequency distributions from
the Cohen class. However, significant cross terms are
present in these distributions, and sophisticated mathe-
matics has to be applied to diminish their contribution.
Another drawback for EEG applications may stem from
the fact that, as continuous functions of time and fre-
quency, those distributions do not provide direct parame-
terization of signal structures.

These drawbacks are absent in the adaptive time-
frequency approximations, which decompose the signal
into waveforms of well-defined frequency, time occurrence,
time span, and amplitude. Such an iterative algorithm—
matching pursuit (MP)—was introduced by Mallat and
Zhang in 1993 (45). In Fig. 9 time-frequency energy
distribution of an epileptic EEG signal, obtained by means
of the MP algorithm, is presented. MP parameterization
makes possible statistical evaluation of EEG features and
automatic detection of desired signal structures (46).
Application of MP to the detection and parameterization
of sleep spindles and slow waves is shown in Fig. 5, where

Figure 8. Determination of the EEG propagation by means of
the SDTF. The arrows represent increase of EEG activity flows in
the beta band in the 1–2 seconds after voluntary movement of the
right index finger. (Flows calculated as: SDTF functions inte-
grated in the beta band and time 1–2 s after movement in respect
to SDTF in beta band in reference period before movement.)
Based on the results described in (33). Dynamic propagation of
EEG activity in time in the form of movie is available from
Internet at http://eeg.pl.
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certain features of these structures are presented in time
together with hypnogram.

Parameterization by means of time-frequency features
may serve also as an input to the artificial neural net-
works (ANN), usually with the aim of classification, dis-
crimination, or feature extraction. ANN are constructed
from artificial neurons (or units), which produce the out-
put depending on the sum of weighted inputs from other
units. Weights are modified in the process of learning. The
most popular type of ANN applied for post-processing of
the EEG signals are networks with one or more hidden
layers of neurons (a hidden layer is a layer between input
and output layer) and the supervised learning based on
‘‘back-propagation of errors’’ (47). This type of network
was used, for example, for sleep stage scoring (48). Per-
formance of ANN depends heavily on the input para-
meters, which was demonstrated in many papers. For
example, in Trejo and Shensa (49), it was found that
prediction of human performance from EGG parameter-
ized by means WT coefficients gives better results than
application as input parameters to ANN raw data or
components found by PCA. The training of the above-
mentioned ANN with back propagation is based on ‘‘su-
pervised learning,’’ which means that the desired output is
known. The unsupervised networks are based on competi-
tion between units. The procedures of unsupervised learn-
ing minimize the sum of two factors: the cost of code and
the cost of reconstruction (50). Learning vector quantizer
(51) belongs to this type of network. Its version, improved
in respect to enhancing informative features, by updating
weights in each step was used, for example, for EEG
classification during externally-paced hand movements
(52).

12. LOCALIZATION OF CORTICAL SOURCES OF EEG
ACTIVITY

The determination of geometry and orientation of cortical
sources of EEG is a complex problem. Electrical activity
propagates along neuronal tracts and by volume conduc-
tion. Potentials measured by scalp electrodes are attenu-
ated by media of different conductivity and complicated
geometry (cerebrospinal fluid, skull, skin), which results
in a decrease of their amplitude by over an order of
magnitude. However, the major problem in localization
of the sources of EEG activity stems from the fact that
different configurations of sources can generate the same
distribution of potentials on the scalp. Therefore, a unique
solution of the EEG inverse problem can be obtained only
by introducing extra a priori assumptions. Usually, one or
several dipole sources are assumed and their positions and
orientation are estimated by an iterative fit to the mea-
sured field [e.g., (53)]. The number of dipole sources is an
open question; therefore, linear solutions based on dis-
tributed source models become more popular. However, in
this case additional constrains on the solution are also
needed, like, for example, Laplacian-weighted minimum
norm of the solution [LORETA (54)]. In any of these cases,
the solution space is usually a priori restricted to physio-
logically plausible locations. As a result of the nonunique-
ness and high sensitivity to noise of the solution, results
must be interpreted with care. For a recent review, see, for
example, (55).

13. SPECIFIC CLINICAL APPLICATIONS

For particular medical applications, specific methods of
EEG analysis were designed. An example may be the
assessment of ‘‘drug profiles.’’ The method relies on esti-
mation of spectral power in basic frequency bands before

Figure 9. Time-frequency representations of
EEG energy density during an epileptic sei-
zure, obtained by means of MP method. Upper
plot in 3-D, lower—the same in 2-D, below—
EEG trace (scale in seconds).
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and after drug application and finding the significance of
changes by means of statistical tests. A drug profile is
constructed by plotting the results of a test (commonly in
form of t-value of Student test) for frequency bands d, y, a1,
a2, b1, and b2. The method is based on observation that
drugs of similar profile give similar effects. More recently,
nonparametric tests came into use and the shifts of
spectral peaks are considered as well (56). An interesting
approach is the combination of pharmaco-EEG with phar-
macokinetics, by finding a relation between EEG features
and pharmacodynamical models (57).

The analysis of overnight sleep is a very tedious and
time-consuming procedure; therefore, many attempts
were made to automate the procedure of hypnogram
construction [listed, for example, in (58)] as well as the
automatic identification of arousals, for example, (43).
Some authors (48) reported quite good performance of
their systems [e.g., the system of sleep scoring based on
assessment of EEG spectral power in frequency bands,
their ratios and parameters derived from EMG and EOG
signals, followed by classification with the use of ANN
(multilayer perceptron) achieved an average agreement
rate of 82%, whereas the interexpert agreement was
87.5%]. The current tendencies in sleep EEG analysis
are directed toward more continuous description of sleep
going beyond R&K rules and assessment of sleep micro-
structure. Major progress may be achieved via incorporat-
ing recognition of transient structures into analysis, such
as sleep spindles and K complexes, and consideration of
wave amplitude and wave incidence separately, not only in
terms of spectral power (59). The approach that offers
possibilities of description of phasic and tonic features of
EEG in the framework of one formalism is matching
pursuit (46).

The analysis of epileptic activity serves for localization
of epileptic focus, monitoring of interictal activity, predic-
tion of seizure, and characterization of epileptic dis-
charges. The analysis of seizures evolution is used for
their classification, which offers the possibility of an
application of appropriate treatment [e.g., (60)]. An exam-
ple of the evolution of seizure is shown in Fig. 9. For
localization of the epileptic focus on the basis of EEG, the
inverse problem has to be solved. Taking into account its
nonuniqueness and other limitations mentioned above,
when the removal of the part of brain is considered, the
localization requires confirmation by means of imaging
techniques, such as CAT or MRI, and verification by
analysis of EEG from subdural and implanted electrodes
(60). A variety of methods for detection of epileptiform
activity in the EEG have been implemented by means of
expert systems [e.g., (61,62)], some of which are available
commercially (63). A growing interest in the forecasting of
epileptic seizures also exists. Seizure prediction times
from minutes to hours have been reported [for a recent
review, see (64)]. However, some of the claimed results
have been severely challenged by appropriate statistical
analysis (65,66).

14. COMPUTER-ASSISTED EEG DIAGNOSIS

Computer-assisted diagnosis usually consists of two steps:
feature extraction and classification. As a primary feature
in the amplitude domain mean, variance and higher-order
moments can be used; in the frequency domain, spectral
intensities in different frequency bands and their ratios
are mostly applied.

One of the first automatic diagnostic methods (67) was
based on the observation that an increased amount of slow
pathological EEG activity might be analogous to the slow
activity seen in the immature EEG. For each electrode,
maturity calculated on the basis of spectral features was
compared with the actual maturity. A significant discre-
pancy was considered an abnormality. In another diag-
nostic system (1), the ratio of slow and fast EEG activity as
well as the degree of asymmetry between homologous
derivations were taken into account.

The most extended diagnostic system, called Neuro-
metrics (68), is based on standardized data acquisition
techniques and EEG and ERP feature extraction. A
neurometric test battery includes spontaneous EEG spec-
tral intensities in frequency bands and their ratios and
similarity of signals from homologous derivations. ERP
are quantified in terms of amplitudes and latencies or by
means of application of principal component analysis. In
the last approach, the signals from different derivations
are represented as linear combinations of some basic
waveforms multiplied by weighting factors. In Neuro-
metrics, each parameter is subjected to a transformation,
such that the difference between individual index and the
group mean value is divided by the standard deviation of
the whole sample. In this way, the metric is created
reflecting the relative probability of finding the given
value within a normal reference group. The next steps of
diagnostic procedure involve application of multivariate
statistical methods such as factor analysis, cluster analy-
sis, and discriminant analysis. Profiles of neurometric
features that deviate from age-matched normals have
been obtained for patients suffering from cognitive dis-
orders, psychiatric illnesses, and neurological dysfunc-
tions.

The computerized EEG monitoring in the intensive
care neurological units involves measurement and assess-
ment of several signals apart from EEG (e.g., ERP, ECG,
heart rate variability, respiration, intracranial pression,
and others depending on the injury). Physiological signal
analysis can be combined with other diagnostic techniques
[e.g., ultrasound (69)]. Advances in computerized EEG
monitoring in neurological intensive care unit are de-
scribed in (70).

Design of contemporary computer-assisted diagnosis
(CAD) systems is usually based on computation of spectral
parameters followed by artificial intelligence methods. In
(71), the frequency components of EEG were converted
into pseudo-linguistic facts via fuzzification. The EEG
features were extracted by expert systems applying sym-
bolic rules formulated by neurologist. The results were
presented as linguistic terms, numerical values, and maps
of temporal extent. In (72), the procedures involved in the
diagnosis consisted of the following steps: (1) real-time

12 ELECTROENCEPHALOGRAPHY (EEG)



processing and compression of EEG and VEP, (2) brain
mapping of spectral powers, (3) classifier design, (4) auto-
matic detection of morphologies through ANN, (5) signal
analysis through fuzzy modeling, and (6) a knowledge-
based approach to classifier design. In the automatic
system for classification of adult EEG (73), single epochs
of EEG were classified by ANN. Time and space correla-
tions of outputs from ANN were evaluated by an expert
system, which generated a final report in the form of a
medical diagnosis.

15. FUTURE OF ELECTROENCEPHALOGRAPHY

EEG, for many years, has been an important diagnostic
tool, and more recent investigations have proven its
significance for the understanding of information proces-
sing by the functional brain. At present, the topographical
techniques, such as positon emission tomography (PET) or
functional nuclear magnetic resonance (fMRI), are widely
used for the diagnosis of pathologic neurological states
and in brain research. However, these methods give
information about the absorption of certain substances
in specific structures or about the metabolism rate or
glucose consumption, not directly about the brain electri-
cal activity. Although their spatial localization properties
are good, their time resolution is much lower than EEG.
Moreover, in the information processing by brain, EEG
rhythms have a different specific role, which cannot be
distinguished by imaging techniques. The highest infor-
mation content is usually connected with high-frequency
rhythms (especially gamma) generated by small neuron
pools, which makes the information carried by them even
less accessible to the imaging techniques. Therefore, these
techniques are not likely to replace EEG, which is a totally
noninvasive and low-cost technique capable of providing
information about relationships between cortical sites and
the time evolution of brain processes.
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Electrogastrography (EGG) is a noninvasive technique for
recording gastric myoelectrical activity (GMA) with cuta-
neous electrodes placed on the abdominal skin over the
stomach. The surface recording obtained with electrogas-
trography is called the electrogastrogram. In this chapter,
both electrogastrography and electrogastrogram are ab-
breviated to EGG.

Gastric myoelectrical activity consists of slow waves
and spikes. The gastric slow wave originates from the
corpus and propagates toward the pylorus. The frequency
of the normal slow wave is about 3 cycles per minute (cpm)
in humans and about 5 cpm in dogs. The normal patterns
of GMA may be disturbed by disease and surgery. In
abnormal cases, gastric slow wave may have a frequency
that is too high (tachygastria) or too low (bradygastria).
Gastric dysryhthmia is a term standing for various ab-
normalities in slow-wave rhythmicity, including tachygas-
tria, bradygastria, and arrhythmia (no dominant
rhythmicity). As gastric motility is controlled by GMA,
abnormalities in GMA may result in gastric motility
disorders such as gastroparesis and functional dyspepsia.
EGG is attractive because it is noninvasive and because of
its correlation with gastric motility. Although GMA can be
measured by placing internal electrodes on the serosa of
the stomach, this technique requires abdominal surgery
and is usually limited to animals. The alternative to
record GMA internally is to use an intraluminal probe
with ring or suction electrodes. However, the intraluminal
method is not only invasive but also unreliable because
the contact between electrodes and the luminal wall of the
stomach is not guaranteed, and thus this method has
rarely been used. EGG, on the other hand, provides a
noninvasive method for the measurement of GMA. It is
practically very feasible and well accepted by patients,
especially for use in pediatrics. In addition, current tech-
niques for the assessment of gastric motility include
gastric manometry and gastric emptying study. Gastric
manometry is invasive, involving the placement of an
intraluminal probe. Gastric emptying study uses isotope-
labeled test meals. The applications of these techniques
are limited because they are not only invasive but also
expensive. As gastric motility is regulated by GMA, it is
believed that abnormalities in GMA result in gastroin-
testinal motor disorders and that EGG can be used as an
alternative for the assessment of gastric motility.

EGG was first performed and recorded by Alvarez in
1921 (1) and rediscovered by Davis et al. in 1957 (2).
Because of its noninvasive nature, EGG has received more
and more attention among researchers and clinicians.

Compared with the development of other electrophysiolo-
gic measurements, such as electrocardiogram (ECG) and
electroencephalogram (EEG), the progress of the EGG has
been relatively slow. Over the past two decades, however,
numerous papers have been published on the EGG. EGG
has become an attractive tool for studying the electrophy-
siology of the stomach and pathophysiology of gastric
motility disorders. It is currently applied in both research
and clinical settings (3–5). This chapter introduces the
measurement, analysis, and physiological and clinical
applications of the EGG.

1. MEASUREMENT OF EGG

1.1. Myoelectrical Activity in the Stomach

The major anatomical regions of the stomach are fundus,
corpus (body), and antrum (see Fig. 1). The fundus is
believed to be electrically quiescent. The corpus is the area
where the pacemaker is located. The antrum is the most
active region of the stomach electrically and mechanically.
The junction between the stomach and the duodenum is
called the pylorus. In each region, the wall of the stomach
has three major layers: the mucosa, which is the epithelial
line of gastric cavity; the muscularis, which is the smooth
muscle coat; and the serosa, which is a thin membranous
outer line of the stomach.

As in the heart, myoelectrical activity exists in the
stomach, regulating gastric contractile activity. The
smooth muscle cells in the pacemaker area generate cyclic
recurring electrical signals, which propagate circumferen-
tially and distally toward the pylorus with an increasing
amplitude and velocity (see Fig. 1). These potentials have
been called slow waves, pacemaker potentials, or electrical
control activity (6–8). Recent electrophysiological studies
have suggested that interstitial cells of Cajal (ICC) are
responsible for the generation and propagation of the slow
wave (9). The frequency of normal slow waves is species-
dependent, being approximately 3 cycles per minute (cpm)
in humans and 5 cpm in dogs, with little day-to-day
variations. In addition to the slow wave, another kind of
myoelectrical activity exists in the stomach, termed spikes
or electrical response activity (6,8). Spikes are directly
correlated with antral contractions. When a gastric slow

Time (min)
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Pacemaker area

Pylorus
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Figure 1. Anatomy of the stomach and origin of the gastric
myoelectrical activity.
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wave is followed by spikes, an antral contraction occurs
(see Fig. 2). Thus, gastric slow waves control the maximal
frequency and the direction of gastric contractions.

The normal pattern of GMA can be disturbed by
disease, medication, surgery, and provocative stimulus
(7,10–12). Gastric myoelectrical abnormalities include
gastric dysrhythmias, an absence of spikes, and slow-
wave uncoupling (Fig. 3). Abnormalities in gastric myoe-
lectrical activity have been reported in a number of
clinical settings and have been associated with gastric
motor disorders and gastrointestinal (GI) symptoms
(4,5,11,12).

1.2. Recording of GMA

Gastric myoelectrical activity can be measured serosally,
intraluminally, and cutaneously. The serosal recording
can be obtained by placing electrodes on the serosal sur-
face of the stomach surgically. The intraluminal recording
can be acquired by intubating a catheter with recording
electrodes into the stomach. Suction is usually applied to
assure a good contact between the electrodes and the
stomach mucosal wall. The serosal and intraluminal
electrodes can record both slow waves and spikes, as these
recordings represent myoelectrical activity of a small
number of smooth muscle cells. These methods are in-
vasive and their applications are limited to animals and
laboratory settings.

The EGG, a cutaneous measurement of GMA using
surface electrodes, is widely used in humans and clinical
settings because it is noninvasive and does not disturb
ongoing activity of the stomach. The EGG represents a
weighted summation of myoelectrical activity of the entire

stomach. Previous studies have shown that cutaneous
electrodes are able to pick up the rhythm of the slow
wave but not spikes (13). Computer simulations (14,15)
also demonstrated that the cutaneous electrodes are not
capable of recording spikes, because spikes in various
regions of the stomach have various frequencies and
totally random phases. However, both EGG recordings
and computer simulations have shown that spikes are
reflected in the EGG as an increase in amplitude (13–15).
A number of validation studies have documented the
accuracy of the EGG by comparing it with the recording
obtained from mucosal and serosal electrodes (11,13,16–
19). Reproducibility of the EGG recording has been de-
monstrated, with no significant day-to-day variations (20).
In adults, age and gender do not seem to have any
influence on the EGG (21–23).

1.3. EGG Recording Equipment

The equipment required to record the EGG includes
electrodes, amplifiers, filters, an analog-to-digital (A/D)
converter, and a personal computer (PC) (Fig. 4). The EGG
signals are acquired using electrocardiographic electrodes
affixed to the skin of the abdominal wall. Pregelled
adhesive Ag/AgCI electrodes are frequently employed
because they facilitate reliable acquisition of the cuta-
neous signal for the duration of a typical clinical study.
The EGG signal must be amplified because it is of rela-
tively low amplitude (200–500 mV). An ideal EGG ampli-
fier should be able to enhance the gastric signal and
effectively reduce interference and noise. Abnormal fre-
quencies of gastric slow waves may be as low as 0.5 cpm
and as high as 9 cpm. To effectively record the gastric slow

Recording from proximal antrum

Recording from  distal antrum
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Figure 3. Abnormalities of GMA.
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Figure 4. Block diagram of EGG recording system.
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Figure 2. Composition of the GMA and its
relation to gastric contractions.
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wave, an appropriate recording frequency range is 0.5–
18 cpm (4,24). It is recommended that a good choice of the
sampling frequency should be three to four times the
highest signal frequency of interest (25,26). Therefore, a
sampling rate for digitization of the EGG signal equal to or
larger than 1Hz (60 cpm) is a proper choice.

A typical EGG recording system is shown in Fig. 4. It
composes of two parts: data acquisition and data analysis.
Venders who currently offer or have offered EGG equip-
ment in the past included 3CPMs Company; Medtronic/
Synectics; Sandhill Scientific, Inc.; RedTech; and MMS
(Netherlands). To date, two U.S. Food and Drug Adminis-
tration (FDA)-approved EGG systems exist, one from
Medtronic, Inc. (Minneapolis, MN) and the other from
3CPMs Company (Crystal Bay, NV). The 3CPMs Com-
pany’s EGG device is a work station that consists of an
amplifier with custom filters, strip chart recorder, and
computer with proprietary software—the EGG Software
Analysis System (EGGSASr). However, this device is only
to record and analyze single-channel EGG. The newly
FDA-approved Medtronic Polygram NETTM EGG system
provides multichannel EGG recordings and analysis (27).
It can be configured to make four-channel EGG recordings
with placement of six surface electrodes on the subject’s
abdomen (27). An ambulatory recording device is also
available and has been frequently used in various re-
search centers (21,22,28,29). For example, the ambulatory
EGG recorder (Digitrapper EGG) developed by Synectics
Medical, Inc. (Shoreview, MN) is of the size and shape of a
‘‘walkman’’ (see Fig. 5a). It contains one channel amplifier,
an A/D conversion unit, and memory. It can be used to
record up to 24-hour one-channel EGG with a sampling
frequency of 1Hz. Information collected during recording
can be downloaded into a desktop computer for data
storage and analysis (28,29).

1.4. Procedures for Recording EGG

As a result of the nature of cutaneous measurement, the
EGG is vulnerable to motion artifacts. Accordingly, a
careful and proper preparation before the recording is
crucial to obtain reliable data.

1.4.1. Preparing the Skin. The abdominal surface where
electrodes are to be positioned should be shaved if neces-

sary, cleaned, and abraded with some sandy skin-prepara-
tion jelly (e.g., Omni Prep, Weaver & Co., Aurora, CO) in
order to reduce the impedance between the bipolar elec-
trodes to below 10 kO. The EGG may contain severe
motion artifacts if the skin is not well prepared.

1.4.2. Placing the Electrodes. Standard electrocardio-
graphic-type electrodes (e.g., DNM, Dayton, OH) are
commonly used for EGG recordings. Although no estab-
lished standard exists, it is generally accepted that the
active recording electrodes should be placed as close to the
antrum as possible to yield a high signal-to-noise ratio
(30). One commonly used configuration for recording one-
channel EGG is to place one of two active electrodes on the
midline abdomen midway between the xiphoid and umbi-
licus and the other active electrode 5 cm away (up and 45
degrees to the patient’s left). The reference electrode is
placed on the left costal margin horizontal to the first
active electrode (29,31) (Fig. 5b).

1.4.3. Positioning the Patient. The subject must be in a
comfortable supine position or sit in a reclining chair in a
quiet room throughout the study. Whenever possible, the
supine position is recommended because the subject is
more relaxed in this position, and thus introduces fewer
motion artifacts. The subject should not be engaged in any
conversation and should remain as still as possible to
prevent motion artifacts (5,28,32).

1.4.4. Appropriate Length of Recording and Test
Meal. The EGG recording is usually performed after a
fast of 6 hours or more with discontinuation of all drugs
known to alter gastric motility for at least 48 hours before
the test. It should be recorded for 30min or more (no less
than 15min in any case) in the fasting state and for 60min
or more after a test meal. The test meal should contain at
least 250 kcal with no more than 35% of fat (33). Solid
meals are usually recommended, although a few investi-
gators have used water as the test ‘‘meal’’ (34).

45° o
2

1

(a) (b)

Figure 5. (a) Placement of cutaneous electro-
des and the ‘‘Digitrapper EGG.’’ (b) Diagram of
the position of electrodes for single-channel
EGG recording.
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2. DATA ANALYSIS OF THE EGG

The analysis of the EGG consists of two steps: (1) identi-
fication and removal of noise and (2) derivation of useful
EGG parameters based on spectral analyses.

2.1. Composition of the EGG

Like the other surface electrophysiological recordings, the
EGG is a combination of the gastric signal and noise (see
Table 1). The frequency of gastric signal ranges from
0.5 cpm to 9.0 cpm, including normal and abnormal fre-
quencies (24). The noise consists of respiratory artifacts,
interference from the small bowel, the ECG, and motion
artifacts. The respiratory artifact is particularly note-
worthy because it is usually severe and its frequency is
close to that of the gastric signal. It can be canceled using
an adaptive filtering technique (14,35). Occasionally, the
slow wave of the small intestine may be recorded in the
EGG. The small intestine slow wave has a frequency
gradient of 12 cpm to 8 cpm from the duodenum to the
ileum. One can avoid recording intestinal slow wave by
placing the electrodes in the epigastric area. The fre-
quency of ECG (60–80 cpm) is much high than that of
the gastric signal component. Thus, elimination of the
ECG can be achieved by conventional low-pass filtering.
The frequency of motion artifacts is in the whole recording
range. To minimize the motion artifacts, the subject
should be asked not to talk or move during recording.
Although several methods have been developed for iden-
tification and elimination of motion artifacts in the EGG,
the most effective and convenient method is the visual
inspection of the raw tracing by the investigator as the
motion artifacts are distinctly featured with sudden and
high-amplitude off-scale deflections (4,28,32,35).

2.2. Extraction of EGG Parameters

Although a noise-free EGG signal can be obtained by
means of advanced signal processing techniques
(4,14,26,35), waveform analysis of the EGG has rarely
been used because the waveform of the EGG is related to
many factors that are often difficult to separate. Most
investigators use EGG parameters exclusively derived
from computerized spectral analysis (4,14,36–38). Impor-
tant EGG parameters include dominant frequency and
power, fasting-fed power ratio, percentage of normal gas-
tric slow waves, percentage of gastric dysrhythmias, in-
stability coefficient of dominant frequency and power, and
percentage of power distribution. Each of the parameters
is described in detail below.

2.2.1. Dominant Frequency and Power. Although the
EGG is a combination of the gastric signal and noise, its
main (or dominant) component is the gastric slow wave
when the EGG is properly recorded. The frequency be-
lieved to be of gastric origin and at which the power in the
power spectrum has a peak value is called the dominant
frequency. The dominant power is the power at the
dominant frequency. The dominant frequency and power
of the EGG are often simplified as EGG frequency and
EGG power. Simultaneous serosal and cutaneous (13,17–
19) and mucosal and cutaneous (11,16) recordings of GMA
have shown that the dominant frequency of the EGG
accurately represents the frequency of the gastric slow
wave. The dominant power of the EGG reflects the ampli-
tude and regularity of gastric slow waves. Figure 6
illustrates the definition of the dominant frequency and
power of the EGG.

The frequency and power of the EGG can be derived
from the power spectral density. The periodogram is one of
the commonly used methods for the calculation of the
power spectrum density (39). In this method, EGG data
samples are divided into consequent segments with cer-
tain overlap. A Fourier transform is performed on each
data segment, and the resultant functions of the all
segments are averaged. The periodogram method is
more appropriate for the computation of the power spec-
trum of a prolonged EGG recording. Whenever there are
enough data samples, the periodogram method instead of
the sample spectrum should be used for the calculation of
the dominant frequency and power of the EGG.

Table 2 summarizes the frequency components of the
gastric slow waves that may be recorded in the EGG and
their clinical complications. Although no established defi-
nition exists for the normal range of the gastric slow wave,
it is generally accepted that the dominant frequency of the
EGG in asymptomatic normal subjects is between 2.0 and

Table 1. Composition of the EGG Recording

Components Frequency (cpm)

Signal Gastric slow waves 0.5–9.0
Noise Respiratory 12–24

Small bowel 8–12
ECG 60–80
Motion artifacts Whole range
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Figure 6. The calculation of the dominant frequency and domi-
nant power of the EGG.
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4.0 cpm. (5,24,40). The EGG or a segment of the EGG is
defined as tachygastria if its frequency is higher than
4.0 cpm but lower than 9.0 cpm, bradygastria if its fre-
quency is lower than 2.0 cpm, and arrhythmia if there is a
lack of a dominant frequency.

2.2.2. Power Ratio or Relative EGG Power Change. As
the absolute value of the EGG dominant power is related
to many factors, such as the position of the electrodes, the
preparation of the skin, and the thickness of the abdom-
inal wall, it may not provide much useful information. One
of the commonly used EGG parameters associated with
the EGG dominant power is the power ratio (PR) or the
relative change of EGG dominant power after an inter-
vention such as meal, water, or medication. The EGG
power can be presented in linear or decibel (dB) units.

In normal subjects, an increase in EGG dominant
power usually occurs after a test meal. Different explana-
tions have been given on the meaning of this postprandial
power increase (16,41–46). Various investigators reported
that this postprandial increase was attributed to the
physical distention of the stomach, which brings the
signal source closer to the recording electrodes (45) or
the increased contractility of the stomach (13,46) or
gastric distention and increased contractility (45). How-
ever, the most conclusive data seem to support the notion
that this postprandial increase results from increased
contractility after the meal (47,48).

It is also believed that a decrease of the EGG dominant
power after a test meal is an abnormal response to eating.
Such a postprandial decrease in EGG dominant power has
been frequently observed in patients with gastroparesis
and patients with symptoms of nausea and vomiting
(40,49,50). The decrease is attributed to the change of
the gastric slow wave, either because of a decrease of its
amplitude or a degradation of its regularity or both. It is
believed that a decrease of EGG dominant power after a
normal test meal is an indicator of postprandial gastric
motility disorders. However, one should be fully aware of
the constituency of the test meal, which may lead to
different responses of the EGG (see Postprandial Re-
sponses).

2.2.3. Percentage of Normal Gastric Slow Waves and the
Percentage of Dysrhythmias. The percentage of normal
slow waves is a quantitative assessment of the regularity
of the gastric slow wave measured from the EGG. It is
defined as the percentage of time during which normal
gastric slow waves are observed in the EGG. The percen-

tage of normal slow waves can be computed from the
running power spectra of the EGG (50). Several running
spectral analysis methods have been introduced or devel-
oped for EGG data analysis, including short-time Fourier
transform, adaptive spectral analysis method, and expo-
nential distribution (51–53). For an EGG recording, run-
ning power spectra are first computed. Each power
spectrum is generated for every one or a few minutes of
an EGG data segment. The spectral peak in each spec-
trum is then examined visually or automatically based on
certain rules. An EGG data segment is defined as normal
if it has a clear peak in the 2.0–4.0 cpm range. Otherwise,
this EGG segment is defined as abnormal. The percentage
of normal slow waves is determined by computing the
ratio between the number of normal spectra and the
number of total spectra. Figure 7 presents an example
for the computation of the percentage of normal slow
waves. It is the running power spectra of 30-minute
EGG recording computed by the adaptive spectral analy-
sis method. Each line in the Fig. 7 from the bottom to the
top stands for a power spectrum of 2-minute EGG data. It
is seen that 10 of 15 spectra have peaks in the range of
2.0 cpm to 4.0 cpm. Therefore, the percentage of normal
slow wave in this EGG recording is 67%.

The percentage of gastric dysrhythmia is defined as the
percentage of time during which gastric dysrhythmia is
observed in the EGG. It can be computed in the same way
as that for the percentage of normal slow waves. If
necessary, it can be further classified into the percentage
of bradygastria, the percentage of tachygastria, and the
percentage of arrhythmia. For the EGG data presented in
Fig. 7, five spectra exist that have peaks outside the
normal slow wave range. The percentage of gastric dys-
rhythmia is then 33%.
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Figure 7. Running power spectra illustrating the computation of
the percentage of normal slow waves and the percentage of
dysrhythmias.

Table 2. Frequency Components of Gastric Slow Waves

Components Frequency (cpm) Clinical Implications

Normal 2.0–4.0 Maximum frequency
of gastric
contractions

Tachygastria 4.0–9.0 Absence of
contractions

Bradygastria 0.5–2.0 Controversial
Arrhythmias No rhythm Motility disorders
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2.2.4. Instability Coefficients. The instability coeffi-
cients are introduced to specify the stability of the domi-
nant frequency and power of the EGG (50). It is computed
based on the running power spectrum. Table 3 explains
how they are defined and computed. For a 10-minute EGG
recording, running power spectra are computed with the
adaptive spectral analysis method. The dominant fre-
quency and power during each 1-minute period are pre-
sented in Table 3. The means and standard deviations of
the dominant frequency and power during the 10-minute
period can be computed, respectively. The instability
coefficient (IC) is defined as the ratio between the stan-
dard deviation (SD) and the mean:

IC¼SD=mean� 100%:

In Table 3, the IC for the dominant frequency is 38%, and
the IC for the dominant power is 7.8%. Although the
percentage of normal gastric slow waves specifies the
normality of the gastric slow wave, the instability coeffi-
cients reflect subtle changes in the gastric slow wave.

The clinical significance of the instability coefficient has
been demonstrated in a number of previous studies
(46,50,54). The instability coefficients defined by Geldof
et al. is slightly different from the one defined above. More
information can be found in (42,55).

2.2.5. Percentage of EGG Power Distribution. The per-
centage of EGG power distribution was introduced by
Koch and Stern (56) and is defined as the percentage of
total power in a specific frequency range in comparison
with the power in the total frequency range from 1 cpm to
15 cpm. For example:

% of ð2:4 cpm to 3:6 cpmÞ

¼The power within 2:4 cpm to 3:6 cpm=

ðThe total power from 1 cpm to 15 cpmÞ� 100%:

With this parameter, they found that the percentage of
power in the 3 cpm range was significantly lower in
patients with idiopathic gastroparesis compared with
patients with obstructive gastroparesis (56). They also
found that the percentage of power in the tachygastria

range (3.6–9.9 cpm) correlated significantly with the in-
tensity of nausea reported during vector-induced motion
sickness (57). The advantage of this method is that it is
easy for computation. We should be aware, however, that
only relative values of this parameter in comparison with
the control data should be used. Even in normal subjects,
the percentage of normal EGG activity computed in this
way will never be 100%. It should also be pointed out that
this parameter is sensitive to noise, because any noise
component in the frequency band of 1 cpm to 15 cpm
affects the computation of this parameter. Harmonics of
the fundamental 3-cpm slow wave may be computed as
tachygastria (26,32).

3. PHYSIOLOGICAL APPLICATIONS OF EGG

3.1. Correlation of the EGG with Gastric Motility

Gastric motility is one of the most critical physiological
functions of the stomach. The direct method for the
measurement of gastric contractions is to intubate the
stomach with a probe containing pressure sensors. It is
known that gastric slow wave determines the maximum
frequency and propagation of gastric contractions. There-
fore, understanding the correlation of the EGG with
gastric motility is very important for clinical applications
of the EGG (4,5,13,43,46,58–69).

3.1.1. EGG Power and Gastric Motility. In a canine
study, Smout et al. (13) reported an association between
elevated amplitude of the EGG and the appearance of
spike potentials in the serosal recording. Van der Schee
and Grashuis (62) analyzed EGG recordings obtained
during different phases of the interdigestive migrating
complex (MMC) and reported that interdigestive contrac-
tile activity in the dog could be recognized in the running
power spectra of the EGG. An increase in EGG power was
noted during phase III of the MMC. Similar studies were
performed in humans in an attempt to identify different
phases of the MMC from the EGG (46,61). The results
showed that EGG power was statistically significantly
higher during motor activity than during motor quies-
cence (46). It was also found that EGG power and fre-
quency during motor activity were significantly less stable
than during quiescence. It seems that the relative increase
of EGG amplitude reflects increased contractility of the
stomach. However, more advanced methods need to be
developed to identify individual contractions from the
EGG (63).

3.1.2. Gastric Dysrhythmias and Gastric Motility. Gas-
tric dysrhythmias have been recorded in serosal and
intraluminal recordings as well as in the EGG, and are
associated with gastric motility disorders (12,65–67). Ta-
chygastria is associated with gastric hypomotility. A num-
ber of studies have indicated the absence of gastric
contractions associated with tachygastria (56,65–67).
Brief tachygastria or tacharrhythmia is very common in
human subjects with motion sickness (37). The correlation
between bradygastria and gastric motility is not clear as
yet. Van der Schee and Grashuis (62) observed bradygas-

Table 3. Dominant Frequencies and their Corresponding
Powers of a 10-minute EGG Recording

Time (minutes) Frequency (cpm) Power (dB)

0–1 3.25 40.5
1–2 3.28 42.3
2–3 3.02 43.6
3–4 3.22 50.7
4–5 3.25 49.5
5–6 3.34 45.8
6–7 3.02 42.5
7–8 3.12 50.0
8–9 3.05 48.3
9–10 3.06 45.6
Mean (SD) 3.16 (0.12) 45.9 (3.6)
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tria in dogs and found that it was correlated with strong
antral contractions. Abell and Malagelada (11) induced
bradygastria in humans with glucagons and found that it
was associated with the absence of antral contractions.
The study of Bortolotti et al. (67) also indicated the
correlation of bradygastria or bradyarrhythmia with an-
tral hypomotility.

Recently, a superimposed low-frequency component
(0.5–2 cpm) has been observed (58,69). Unlike bradygas-
tria, the superimposed low-frequency component is not an
alteration of the normal gastric slow wave but a concur-
rent low-frequency activity superimposed on the normal
3 cpm slow waves. This superimposed low-frequency com-
ponent has often been observed in the EGG after eating
and may be associated with antral or intestinal contrac-
tions (58). A need exists for more studies to investigate the
correlation of bradygastria and gastric motility, and the
correlation between the superimposed low-frequency com-
ponent and gastrointestinal motility.

Figure 8 presents a typical example of the correlation of
the EGG and gastric motility (58). The upper two tracings
are simultaneous EGG and gastric manometry (pressure),
showing regular 3-cpm slow waves and phasic contrac-
tions. The lower two tracings (simultaneous EGG and
gastric manometry) show tachygastria and gastric motor
quiescence.

3.2. Association of EGG with Gastric Emptying

Currently, the scintigraphy is a gold standard for the
assessment of the emptying of the stomach. In this
method, a patient is instructed to take a meal mixed
with isotopes. Gastric emptying is assessed by the mea-
surement of the percentage of isotopes in the stomach
using a gamma camera. This technique is radioactive and
expensive. A number of studies have recently been per-
formed to investigate the correlation between the EGG
and gastric emptying (29,70,71). A study performed by

Parkman et al. reported that EGG and gastric emptying
scintigraphy were complimentary for the assessment of
dyspepsia (70). A study in pediatric patients with gastric
esophageal reflux showed that the postprandial change in
EGG dominant power was significantly correlated with
the rate of gastric emptying (71). Chen et al. studied 97
patients with symptoms suggestive of gastroparesis by
simultaneously recording gastric emptying and EGG (29).
It was found that patients with delayed gastric emptying
had a lower percentage of regular 2–4 cpm waves in the
EGG and a lower postprandial increase in EGG dominant
power than those with normal gastric emptying. Further-
more, it was observed that delayed gastric emptying of
patients with symptoms suggestive of gastroparesis could
be predicted with the EGG with the specificity of about
80% and a sensitivity of about 55–60%. By way of ad-
vanced pattern recognition or classification methods, a
higher accuracy in the prediction of delayed gastric emp-
tying from the EGG has been achieved. For example,
using five spectral parameters of EGG data as inputs, a
feed-forward neural network with three hidden units
yielded a correct classification of 85% (a specificity of
89% and a sensitivity of 82%) (72).

3.3. Postprandial Responses

3.3.1. Liquid vs. Solid Meal..
3.3.1.1. Water. Water induces an increase in EGG

dominant power and a decrease in EGG dominant fre-
quency (50). In a study with 10 normal subjects drinking
140ml water (44), it was found that the EGG dominant
frequency was slightly but significantly lower than the
baseline in the fasting state during the first 10minutes
after the drink (2.95 cpm vs. 2.73 cpm, po0.05). The power
of the EGG at the dominant frequency was significantly
higher after the drink than the baseline. A 3dB increase
in EGG dominant power (equivalent to 41% increase in 3-
cpm amplitude) was observed. Similar observations were
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Figure 8. Correlation of the EGG with antral
motility. Upper two tracings: simultaneous post-
prandiol EGG and antral manometry showing reg-
ular slow waves and phasic contractions. Lower two
tracings: simultaneous EGG and antral manometry
when the subject felt severely nauseated. Tachygas-
tria was observed, and no contractions were noted.
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reported by several other investigators (47,73). In a study
we recently performed, simultaneous EGG and serosal
recordings of gastric myoelectrical activity were made in
patients before and after a drink of water (47). Statistical
analysis demonstrated that the EGG dominant power
change after a drink of water was correlated with that
observed in the serosal recording (Spearman’s correlation
coefficient: r ¼ 0.757, p ¼ 0.007) and the change of EGG
dominant frequency was the same as that from serosal
recordings.

3.3.1.2. Milk. To investigate whether a different effect
between non-nutritive (water) and nutritive liquid meal
exists, Chen et al. repeated the study procedure men-
tioned above (44) by asking volunteers to drink 140ml of
2% milk. The results showed that milk decreases the
amplitude of EGG. The average decrease in EGG power
in the 10 subjects within the first 10minutes was 3.8 dB
[equivalent to about a 50% decrease in amplitude (64)].

3.3.1.3. Solid Meal. The effects of solid meal on the
EGG have been studied by numerous investigators
(4,41–44). A more significant increase in EGG dominant
power was observed after the solid meal than after a drink
of water. For example, the average EGG dominant power
after a solid meal over 10 subjects was 6dB higher than
the preprandial value, equivalent to a 100% increase in
amplitude (44). The actual amount of increase in EGG
dominant power is believed to be associated with the
volume and content of the meal (see next subsection).
The dominant frequency of the EGG seems to increase as
well after a test meal. Similar to the change in EGG
dominant frequency after a drink of water, this increase
is often small but significant (44).

3.3.2. Effects of Meal Constituents. The role of the meal
is of great importance in assessing EGG results, because it
influences the gastric transit time by its content, volume,
and physical properties (74). To investigate the effect of
meal volume and composition on postprandial myoelectri-
cal activity, Levanon et al. recorded EGGs in 14 healthy
subjects for 1 hour before and 2 hours after one of four
different meals in four randomized sessions (75). A ba-
lanced reference meal was composed of solid food (a turkey
sandwich, potato chips, and a chocolate chip cookie) and
half a cup of liquid (orange juice). Three other test meals
differed from the reference meal in one single parameter.
All meals had the same weight and the same ratio of
protein, fat, and carbohydrate. It was found that the
reference meal produced a postprandial increase in the
dominant frequency, dominant power, and percentage of
normal 2–4 cpm slow waves. Similar changes were ob-
served with the high-fiber meal. However, the low-calorie
meal did not result in the expected postprandial EGG
changes, suggesting that a low-calorie meal is not appro-
priate for the EGG test. A 50% reduction in meal volume
did not alter the postprandial changes of the EGG, sug-
gesting that a condensed test meal may be recommended
for symptomatic patients.

3.4. EGG in Wake and Sleep

The study of GMA during sleep provides a unique method
for the investigation of the role of the central nervous
system (CNS) in the control of GMA. In a recent study,
EGG recordings were made in 17 healthy volunteers
during polysomnographically monitored waking and sleep
(76). EGG parameters were computed for 20-minute seg-
ments of pre-sleep waking, stage 2 sleep, stage 4 sleep, and
rapid eye movement (REM) sleep using both overall and
running spectral analysis methods. The dominant power
decreased significantly from waking (31.471.4 dB) to all
sleep stages (23.171.5 dB during stage 2; 24.771.4 dB
during stage 4; 24.371.3 dB during REM sleep). The
percent of 2–4 normal activity decreased significantly
during nonREM sleep (64.677.6% during stage 2 sleep;
57.575.5% during stage 4 sleep) compared with its wak-
ing value (90.873.2%), but not compared with REM sleep
(74.175.4%) (76). Sleep, particularly nonREM sleep, is
associated with gastric dysrhythmia and decreased reg-
ularity and amplitude of the gastric slow waves. These
sleep-related alterations in GMA in healthy volunteers
were, however, not noted in patients with irritable bowel
syndrome (IBS), suggesting a possible intrinsic alteration
in autonomic and CNS functioning in patients with IBS
(77).

3.5. Stress and EGG

3.5.1. Motion Sickness. A series of studies have been
conducted to investigate the relationship between vi-
sually-induced motion sickness and gastric myoelectrical
activity using the noninvasive EGG (37,57,78–80). In one
early study (37), EGGs were recorded from 21 healthy
volunteers who were seated within an optokinetic drum (a
drum with black and white strips rotating around the
head of the subject). Fourteen subjects developed symp-
toms of motion sickness during vection, and in each, the
EGG frequency shifted from the normal 3–4 cpm to 9 cpm,
tachyarrhythmia. In six of the seven asymptomatic sub-
jects, the 3-cpm EGG pattern was unchanged during
vection. A later study (57) showed that such tachyar-
rhythmias correlated with an increase in plasma vaso-
pressin and quantitative nausea scores. In a more recent
study (80), the EGG was recorded in three crewmembers
of a space shuttle at baseline (preflight) and at inflight day
1 and day 3. At baseline, all subjects exhibited a normal
postprandial response to a test meal. During the space
flight, an abnormal postprandial decrease in EGG power
was noted during flight day 1, but not by flight day 3. Prior
to and during episodes of nausea and vomiting, the EGG
became dysrhythmic with 60–80% of the spectral power in
the bradygastric and tachygastric frequency range. These
findings suggested that gastric motility might be de-
creased during the first few days of space flight and the
changes in slow-wave frequency associated with space
motion sickness symptoms were consistent with those
reported in lab-induced motion sickness.

3.5.2. Other Stresses. The environmental stress can
affect GI motility (81). The most common acute stressors
are cold stress, mental arithmetic task, and vection-in-

8 ELECTROGASTROGRAPHY (EGG)



duced motion sickness. In order to investigate the effects
of the cold stress test on the EGG, Stern et al. recorded
EGGs in 30 fasted healthy male volunteers (82). Twelve
subjects remained fasted and placed their hands in 41C ice
water (cold stress), 12 subjects ate a meal and then
underwent cold stress, and 6 control subjects ate and
then put their hands in 301C water. The EGG was
recorded continuously during the 65-min session: 15min
of baseline, 20min of cold stress, and 30min of recovery.
Cold stress significantly decreased the power of normal 3-
cpm EGG activity in the fed subjects, whereas fasted
subjects showed great variability in their responses, in-
cluding paradoxical increase in power. Control subjects
showed no EGG alterations. No subjects showed gastric
tachyarrhythmia during cold stress.

4. CLINICAL APPLICATIONS OF THE EGG

The main applications of the EGG are in two areas: (1) to
assist in clinical evaluation and diagnosis of patients with
gastric motility disorders, and (2) to determine the gastric
response to either caloric stimuli or exogenous stimuli,
such as pharmacological and prokinetic agents or gastro-
intestinal hormones.

4.1. Gastroparesis and Nausea and Vomiting

Gastroparesis is defined as delayed gastric emptying of a
solid meal. Nausea and vomiting are the common symp-
toms in patients with gastroparesis. EGG abnormalities
have been most frequently reported in patients with
gastroparesis. It is believed that about 50–75% of patients
with gastroparesis have one or more abnormalities in the
EGG (29,47,56,67,83). The abnormalities in EGG include
a reduced percentage of normal slow waves, excessive
gastric dysrhythmia, and a decreased postprandial EGG
dominant power. EGG has become a useful clinical tool in
the diagnosis of gastroparesis and in understanding the
pathogenesis of gastroparesis. In addition, gastric dys-
rhythmia is also common in patients with unexplained
nausea and vomiting, although a straight correlation
between gastric dysrhythmia and nausea/vomiting has
rarely been established (49,66,84).

4.2. EGG in Patients with GERD/FD/IBS

Gastrioesophageal reflux disease (GERD), functional dys-
pepsia (FD), and irritable bowel syndrome (IBS) are some
of the most common human diseases. EGG has been used
to investigate gastric motility in these patients.

Derangement of gastric emptying in GERD patients
has been shown either by measuring gastric emptying
time or by recording antral motility through intraluminal
manometry (85). Several studies were performed to in-
vestigate the correlations of GMA with gastric emptying
and with dyspeptic symptoms in GERD (71,86,87). In one
study (86), EGG was measured in 50 adult patients for
30min in the fasting state and simultaneously with a 2-
hour gastric emptying test using an isotope-labeled solid
meal. It was found that the postprandial EGG power
change was significantly lower in GERD patients with

delayed gastric emptying than those with normal gastric
emptying. Thirty-eight percent (19/50) of patients had
abnormal EGGs. In patients with abnormal EGGs, the
mean symptom score was significantly higher than those
with a normal EGG. These data suggested that gastric
motor or myoelectrical abnormalities contribute to the
pathogenesis of GERD and help explain the high preva-
lence of dyspepsia in the clinical presentation of GERD.
Similar findings were reported in a group of children with
GERD (71). The functional gastrointestinal disorders,
namely functional dyspepsia (FD) and irritable bowel
syndrome (IBS), account for up to half of all referrals to
specialist hospital gastroenterology clinics (88). The
pathogenesis of these disorders remains unclear and the
diagnosis is most often made by excluding obvious organic
disease. Gastric myoelectrical abnormalities have been
described in FD (89–91). But a relatively small sample
was included in these studies. To assess the specificity of
the EGG as well as the prevalence and pattern of abnorm-
alities in a large group of patients with functional gastro-
intestinal disorders (FD and IBS), Leahy et al. (92)
performed EGG in 170 patients with FD, 70 patients
with IBS, 20 patients with GERD, and 30 asymptomatic
controls for 1 hour each before and after a test meal (575
kcal). The abnormal EGG was defined as o70% normal
slow waves either before or after a test meal. They found
that the EGG was abnormal in 36% of patients with FD
and in 25% with IBS who complained of concurrent
dyspepsia. The EGG was normal in 93% of asymptomatic
controls, 90% of patients with GERD, and 92% of patients
with IBS who did not complain of dyspepsia. As a group,
FD patients had a higher degree of tachygastria both
before and after a test meal.

4.3. EGG in Patients with Diabetes

Numerous EGG studies have been performed to identify
gastric motility disorders in patients with various dis-
eases, among which diabetes received more attention.
Gastrointestinal symptoms of nausea, vomiting, and ab-
dominal discomfort as well as gastrointestinal motility
disorders are common in diabetes. A number of EGG
studies have been performed to investigate gastric myoe-
lectrical activity associated with diabetes. Abnormalities
in EGG parameters have been reported, including gastric
dysrhythmia (bradygastria, tachygastria, and arrhyth-
mia) and diminished postprandial increase in EGG power
(60,93). Further studies support that the EGG abnormal-
ities are associated with hyperglycemia (94–98).

4.4. Effects of Gut Hormone, and Pharmacological and
Prokinetic Agents

The EGG is used to investigate whether certain hormones,
pharmacological, or prokinetic agents enhance gastric
slow wave or induce gastric dysrhythmias (12). A number
of studies have reported the use of EGG in the investiga-
tion of the response of gastric myoelectrical activity to gut
hormones (99) and putative therapeutic agents, such as
glucagons (11), domperidone (93), cisapride (69,83), and
erythromycin (68). For example, in a recent study, we
investigated the effects of erythromycin on gastric myoe-
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lectrical and motor activities in 10 patients with gastro-
paresis by simultaneous recordings of gastric manometry
and EGG (68). In this study, intravenous erythromycin
(100mg) was administered in the fasting state for a period
of 30minutes. It was found that erythromycin signifi-
cantly increased the antral motility index and the domi-
nant power of the EGG (28.8671.57 dB vs.
33.5571.59dB, Po0.005) in the fasting state. An im-
provement of the regularity of the gastric slow wave was
also noted with erythromycin. Figure 9 presents one
example. The upper panel is the 30-min EGG recording
in the fasting state before erythromycin, and the lower
panel is the 30-min EGG recording during intravenous
infusion of erythromycin. It is noted that a substantial
increase in the amplitude of the EGG during intravenous
infusion of erythromycin occurred, which suggests that
the stimulatory effect of erythromycin on gastric myoelec-
trical activity may enhance gastric motility in patients
with gastroparesis. Some gut hormones have been found
to mediate gastric dysrhythmias in humans, including
vasopressin, prostaglandin, glucagon, etc. (11,97,99–101).
EGG has been frequently used to detect the effect of these
peptides on gastric myoelectrical activity. EGG has also
been used to investigate the potential relationship be-
tween levels of female hormones, gastric dysrhythmias,
and the nausea of the pregnancy. In a previous study,
Koch et al. (102) recorded the EGG in 32 pregnant women,
26 with nausea and 6 without nausea. Gastric dysrhyth-
mias were observed in 26 pregnant women with nausea,
whereas normal slow waves were reported in 6 pregnant
women without nausea. Six subjects with gastric dys-
rhythmias during pregnancy were studied after delivery.
Normal 3-cpm slow waves were observed in the EGG and
no nausea was noted. To quantitate slow-wave disruption,
Walsh et al. performed an EGG study in eight pregnant
women in the first-trimester with nausea after a 250-kcal
meal (103). Results were compared with those from non-
pregnant women who experienced nausea during a prior
pregnancy, and with those from subjects who were admi-
nistrated estradiol or progesterone to the levels found in
the first trimester of pregnancy. Their data confirmed the
observations of Koch et al. (102), who demonstrated the
presence of gastric dysrhythmias in pregnant women with
nausea. Abnormalities in the EGG were found in women
with nausea of pregnancy. Similar dysrhythmias were

evoked in nonpregnant women by progesterone alone or
in combination with estradiol in doses that reproduce
levels in pregnancy. Thus, it was concluded that gastric
dysrhythmias in pregnancy may be caused by a combina-
tion of elevated progesterone and estrogen levels (103).

4.5. EGG in Childhood

As a result of its noninvisive nature, EGG has found a
variety of applications in childhood. One of the most
interesting issues is related to the development of gastric
motor function in neonates. A recent study has investi-
gated the patterns of the EGG in different age groups of
healthy subjects (104). It was reported that a substantially
lower percentage of normal 2–4 cpm slow waves occurred
in the newborns than that in the infants of 2–6 months.
The pattern of the EGG in the children 4–11 years of age
was, however, the same as that in adults (104,105). At
least three other research groups have reported similar
low percentages of the normal slow waves in newborns.
However, there does not seem to be a difference in gastric
myoeletrical activity between term newborns and preterm
newborns. In another study, the development or matura-
tion of gastric slow waves was noted (106). A progressive
increase in the percentage of normal 2–4 cpm waves was
observed during the first 6 months after birth in 19
preterm infants.

EGG has also been applied to evaluate pediatric pa-
tients with various diseases that are associated with
gastric motility disorders. Functional dyspepsia presents
a challenge to the clinicians with its debilitating features
and no organic findings. Invasive diagnostic tests are
limited in pediatric practice, whereas noninvisive EGG
has been used and will be increasingly used to identify
possible malfunctioning of the stomach. Cucchiara et al.
(107) detected abnormal patterns of the EGG, encompass-
ing all ranges of dysrhythmia, in 12 out of 14 patients with
functional dyspepsia. Abnormalities in gastric myoelectri-
cal activity were also observed from the EGG in pediatric
patients with central nervous system disorders, chronic
renal failure, and intestinal pseudo-obstruction (108–110).
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Figure 9. Effect of erythromycin on the EGG
from a patient with gastroparesis in the fasting
state: (a) 30-min EGG recording before erythro-
mycin; (b) 30-min EGG recording during intra-
veneous infusion of erythromycin. A substantial
increase in the amplitude of the EGG was noted
with erythromycin.
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5. DISCUSSION AND CONCLUSIONS

Electrogastrography is very attractive because of its non-
invasiveness (no radiation or intubation). Although EGG
is still under extensive evaluation and in the stage of
development, some consensus has been reached among
investigators regarding its clinical applications (111).
Once the technique is learned, studies are relatively
easy to perform. Quantitative EGG parameters can be
extracted from the EGG with various spectral analysis
methods. If an adequate EGG recording is obtained,
computer analysis yields reliable data, facilitating objec-
tive interpretations. Although EGG has the advantage of
being noninvasive, it is limited by several factors. Elec-
trode locations, skin preparation and recording position,
and environment may all affect results. Patient movement
during the study may create artifacts in the recording
(28,112). If these artifacts are not deleted from the analy-
sis, ‘‘abnormal rhythm’’ may be diagnosed erroneously
(32). Accordingly, extra precautions should be made in
the preparation, recording, and analysis of the EGG.
Although much research has been done and the technique
is approved for clinical use, more research and develop-
ment are necessary regarding the technology of EGG and
more biomedical research is needed to further understand
electrophysiology of the stomach.

Future studies in advancement of the methodology may
facilitate the identification of the gastric contractions and
prediction of delayed gastric emptying from the EGG. New
developments in recording technology may provide more
information about gastric myoelectrical activity, such as
the newly developed multichannel electrogastrography
(27). For example, impaired slow-wave propagation and
coupling were observed in patients with functional dys-
pepsia assessed by multichannel EGG (113), suggesting
that multichannel EGG has more information than single-
channel EGG for the detection of gastric myoelectrical
abnormalities. Further studies are needed to determine
how the information obtained with multichannel EGG
provides useful information for patient management
(114). Also, definite needs exist for better definition of
the normal frequency range of EGG and dysrhythmias as
well as standardization of EGG procedure. More outcomes
of EGG are also needed to determine the usefulness of
EGG in the clinical settings.

EGG is not only of great clinical significance in diag-
nosing gastric motility disorders, but may provide a
therapeutic approach (115). It is known that GMA is not
only associated with GI motility, but also controls GI
motility. Abnormalities in GMA will certainly cause ab-
normality of GI motility. Therefore, normalization of GMA
is a necessary condition to treat GI motility disorders that
are associated with abnormal GMA. Recently, gastric
electrical stimulation (pacing) has been investigated as a
new option for treatment of gastroparesis and obesity
(116). Investigation of the effects of gastric electrical
stimulation (pacing) on GMA will help us to explore
more clinical applications of this method. Further studies
are needed to determine the role of EGG in the manage-
ment of GI motility disorders.
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1. INTRODUCTION

Electromagnetic compatibility (EMC) is defined as the
ability of electronic equipment to work as intended in
the presence of certain electromagnetic interferences. To
achieve this goal in medical equipment, emissions and
immunity must be addressed. Emissions from electronic
equipment must be limited in order to avoid creating an
electromagnetic environment so harsh that other equip-
ment is unable to work. At the same time, equipment im-
munity must be achieved to prevent any critical
malfunction when the equipment is working in a typical
environment where a certain level of perturbation exists.

Hospitals are a difficult EMC environment because of
the presence of noisy medical equipment [like electrosur-
gical units, diathermy, or magnetic resonance imaging
(MRI)] that produce high levels of emissions and work in
close proximity to sensitive equipment (ECG, EEG, etc.),
which can easily be affected by such disturbances. Worse
still, life-supporting devices also exist in which any mal-
function could be critical.

Many electronic medical instruments are connected to
the patient by long cables that are vulnerable to interfer-
ence coupling. At the same time, these devices are usually
connected to the power supply network, which is another
path for the perturbations to reach from one device to an-
other. In recent years, the wide use of personal wireless
communication systems have increased the threat of elec-
tromagnetic interference (EMI) in hospitals.

As the real environment in the hospital is unknown at
the time when the equipment is designed, a series of EMC
tests exist that medical equipment has to fulfill when in
operation. The interference levels to be verified and the
test methodology are set out in international standards.

In addition to fulfilling the requirements of the stan-
dards, the specialized staff that uses medical systems
must be fully aware of the particular EMI threats in the
location they are to be used in order to avoid the use of
these devices wherever, or whenever, the environment is
too harsh.

2. EMISSIONS AND IMMUNITY

In the scenarios defined by the EMC standards, electronic
systems must be immune to the interference levels gen-
erated by the surrounding equipment. Therefore, emission
levels are usually set to protect radio communications ser-
vices, and immunity levels are defined to ensure correct

operation when other devices (including radio systems)
are near.

The difference between the immunity and emission lev-
els is known as the EMC margin (see Fig. 1). Each appli-
cation requires a specific EMC margin; for example, life-
supporting devices need a higher immunity level than non
life-supporting devices. Compliance with the standards
does not ensure the correct operation of the devices in all
circumstances, but it does define a reasonable working
scenario with reasonable EMC electrical and electronic
design constraints.

From this point of view, the failure of a product to sat-
isfy the standards does not necessarily mean that an EMC
problem will occur with that equipment. The EMC prob-
lem only develops when a lack of immunity appears at the
same time as an excess in emissions occurs. As this situ-
ation is less likely to occur when standards are fulfilled,
most countries require EMC verification tests on the med-
ical equipment used in their hospitals.

It is important to understand that the measurements to
verify compliance with standards are performed in a test
lab under conditions that may be different from those nor-
mally found in a hospital. For example, radiated emission
tests are usually performed at a distance of 10m, so the
results of EMC behavior for equipment located in an op-
erating theater or within an ambulance where the elec-
tronic devices are much closer than in the EMC standards
setup would not be representative. In these situations, an
in situ EMC assessment is highly recommended.

3. INTERNATIONAL STANDARDS

The standard used worldwide to evaluate the EMC per-
formance of medical equipment is IEC 60601-1-2:2001 (1).

This standard defines the procedures for demonstrat-
ing the ability of medical equipment to work properly with
regard to both emissions and immunity in the hospital
electromagnetic environment.

In order to ensure correct device immunity, a risk anal-
ysis of the system is also mandatory for the manufacturer
of the medical device. On the other hand, the user is re-
sponsible for providing a suitable environment in which to
use the equipment. These environmental conditions are
determined by the manufacturer according to the stan-
dards and must be stated in the equipment specifications.

Table 1 provides a summary of the tests and basic stan-
dards set out in IEC 60601-1-2 for demonstrating the
medical device electromagnetic compatibility.

4. RADIATED INTERFERENCE

The electromagnetic perturbations are considered radi-
ated when the coupling path between the source equip-
ment (which generates the interference) and the victim
equipment (which receives the interference) is non-wired.
Above approximately 30MHz, the dominant propagation
mechanism for interference will be radiated electromag-
netic waves when the distance between the source and
victim is several meters, resulting in electric coupling.
When the source and victim are closer, magnetic coupling
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will also exist. The interference effects will depend on the
source victim separation and the wavelength of the inter-
fering frequency.

This type of interference is sometimes created by radio
communication systems producing a signal to be radiated,
which affects other equipment. This situation exists when
a mobile phone disrupts the function of a medical device.
More often than not, however, the radiated perturbation
source is a system not intended to emit electromagnetic
energy, such us a computer that radiates its clock signal
through a cable acting as a nonintended antenna.

The IEC 60601-1-2 standard sets the limits for the ra-
diated emissions, which must be fulfilled by the devices (in
radio-intended devices, the levels at the communication

frequency band are those related with radio service re-
quirements).

The test details for radiated EMI assessment are
mainly described in the IEC CISPR 11 standard. Other
standards exist for specific device families: CISPR 22 for
IT systems, CISPR 15 for illumination devices, etc. (see
Table 1). The main test consists of measuring the electro-
magnetic emission of the Equipment Under Test (EUT) by
means of an antenna located at a certain distance. The
test is carried out in specific surroundings with detailed
measurement setups from 30MHz to the GHz frequency
band. The EUT radiation levels must be below the estab-
lished limits in any allowed working mode.

At the same time, the victim equipment must show that
it works properly under the effect of a certain disturbance;
the radiated immunity tests are detailed in IEC 61000-4-3
and IEC 61000-4-6. The first standard evaluates the cor-
rect performance of equipment when it is illuminated with
electromagnetic fields in the frequency range from 80MHz
to 2.5GHz. The EUT is placed in a uniform electromag-
netic field area where its performance is verified. The ap-
plied electric field levels are 10V/m or 3V/m, depending on
whether the equipment is life supporting.

As the external cables of the medical devices are very
likely to pick up interference, IEC 61000-4-6 standard de-
scribes a mandatory specific immunity test for cables
longer than 3 m in the frequency band from 150kHz to
80MHz. In this test, the perturbation is coupled to the
cable by means of a coupling/decoupling network, and the
device must perform its function without error while the
interference is present.

The interference signal on both tests is a sinusoid at the
frequency of interest modulated in amplitude by a 1kHz
sinusoidal wave. This test is mainly aimed at detecting
performance degradations on the analog stages of the
EUT.

Other tests are performed on the cables to evaluate the
effect of the transients in the digital components. Two
types of transients are considered. By capacitive coupling,
the standard IEC 61000-4-4 applies the transient pertur-
bations usually present on the power supply network,
which can easily be coupled to the long cables of medical
devices. In some cases, it is also mandatory to evaluate the

Frequency or Time

EMC 
Margin  

Device Emissions  

Device Immunity  

EMC 
PROBLEM 

IMMUNITY LEVEL 
NOT FULFILLED 

EMISSIONS LEVEL
NOT FULFILLED 

Interference level  

Figure 1. Emission and immunity levels.

Table 1. Basic Standards in IEC 60601-1-2

Interference Basic Standard

Radiated Interference
EMI (all equipment) CISPR11
IT devices CISPR22
Illumination CISPR15
Immunity to RF (radiated) IEC 61000-4-3
Immunity to RF signals (cables) IEC 61000-4-6
Immunity to burst transients (cables) IEC 61000-4-4
Immunity to surge transients (cables) IEC 61000-4-5
Immunity to power line magnetic fields IEC 61000-4-8

Conducted Interference
EMI (all equipment) CISPR11
IT devices CISPR22
Illumination CISPR15
Simple electrical components* CISPR14
Power supply harmonics IEC 61000-3-2
Power supply fluctuation (flicker) IEC 61000-3-3
Immunity to RF signals (power line) IEC 61000-4-6
Immunity to burst transients (power line) IEC 61000-4-4
Immunity to surge transients (power line) IEC 61000-4-5
Immunity to supply short interruptions IEC 61000-4-11

Electrostatic Discharge (ESD) IEC 61000-4-2

*Medical electrical equipment containing only simple electrical compo-

nents like motors and switches and not using any electronic circuitry that

generates or uses frequencies above 9kHz.
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effect of atmospheric discharges in the devices. The stan-
dard IEC 61000-4-5 defines the transient shape, the rec-
ommended levels, and the test setup.

The effect of the magnetic interferences must also be
considered in the low-frequency band. The standard IEC
61000-4-8 considers the magnetic field generated by the
power supply network (50Hz or 60Hz). In this test, the
performance of the EUT under this type of magnetic per-
turbation is evaluated by placing it inside a specific coil.

5. CONDUCTED INTERFERENCE

Electronic devices that are connected to the power supply
network have a common conductor, which easily allows
the interference coupling between them.

The power line conductors are not intended to carry
high-frequency signals, but they are quite good transmis-
sion lines up to 30MHz. Therefore, a limit should exist for
the amount of perturbation that the devices can inject into
the power line. The standard CISPR 11 describes the
method for measuring the interference over the electrical
power lines between 150kHz and 30MHz and states the
limits to be verified. On illumination systems, the require-
ments start at 9 kHz.

Of course, lower frequencies are also generated by the
equipment and transmitted by the power lines. The cur-
rent harmonics of power line frequency are limited by the
standard IEC 61000-3-2, and the low-frequency voltage
fluctuations (known as flicker) are considered in the man-
datory standard IEC 61000-3-3.

Medical equipment connected to the power supply net-
work must also work properly when a certain amount of
perturbations exist in the power line net. The general
standard for medical devices IEC 60601-1-2 points to sev-
eral basic standards for evaluating the immunity in this
situation.

IEC 61000-4-6 must be also applied to the device power
input to evaluate the equipment susceptibility to contin-
uous perturbations from 150kHz to 80MHz.

The standards IEC 61000-4-4 and IEC 61000-4-5 es-
tablish the device immunity to the transients present on
the power line. Voltages of several kV are applied between
lines, and between lines and ground, with defined wave-
forms. IEC 61000-4-4 simulates the transients generated
by other devices connected to the same power supply line,
which are known as electrical fast transient bursts,
whereas IEC 61000-4-5 takes into account the surge tran-
sients generated by lightning or operation of high-voltage
switchgear.

The medical equipment must also be immune to short
supply disruptions. The tests detailed in IEC 61000-4-11

allow the susceptibility of the EUT to shorts, dips, and
power line fluctuations to be evaluated.

6. ELECTROSTATIC DISCHARGE (ESD)

Most of the medical devices are continuously handled by
hospital personnel. The human body can accumulate large
amounts of electric charge, particularly when the ambient
humidity is low and depending on clothing and the type of
surfaces where people are working. When a charged per-
son touches some electronic equipment, a discharge can be
produced. This discharge produces a very fast low-energy
transient, which may produce large electromagnetic fields
and conducted currents that can affect electronic circuits.

As this discharge is a common occurrence, medical
equipment must be protected against ESD. The standard
IEC 61000-4-2 describes the type of tests for assessing
immunity to ESD. Fast transients of one nanosecond rise
time, and up to 8 kV of amplitude, are applied to the ac-
cessible parts of the equipment. A transient disruption in
the EUT operation is usually allowed, but no permanent
damage is admissible.
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ELECTROMAGNETIC WAVES

HIIE HINRIKUS

Tallinn Technical University
Tallinn, Estonia

1. INTRODUCTION

The electromagnetic wave (EMW) is an electromagnetic
disturbance that propagates in space with finite velocity.
The EMW is produced by interaction of the time-varying
electric field E and magnetic field H. In free space (i.e.,
vacuum), the relationship between the wavelength and
frequency is

lf ¼ c¼ 3� 108 m=s;

where frequency f is in units of Herz, wavelength l is in
meters, and c is the speed of light in vacuum.

The energy transfer by EMW is described by Poynting
vector

P¼E�H

in units of power area density in watts/meters squared.
The direction of P defines the direction of wave propaga-
tion (Fig. 1).

According to the concept of wave-particle duality, the
energy of the EMW as electromagnetic radiation is a
quantum energy carried by photons. The energy W of a
photon is given by the frequency times Planck’s constant
(W¼hf).

The history of EMWs grows up from the development of
electromagnetism. The first principal step was Michael
Faraday’s (1791–1867) presentation on the Friday Night
Lectures of the Royal Society of London in 1846 entitled
‘‘Thoughts on Ray Vibration.’’ The presentation included
an idea about propagation of magnetic disturbances by
means of transverse vibrations. Later this idea was gen-
eralized by Maxwell for introduction of electromagnetic
theory. James Clerk Maxwell (1831–1879) formulated the
mathematical fundamentals of electromagnetism and
published these as A Treatise on Electricity and Magnet-
ism in 1873 (1). The resulting four Maxwell equations
consist of the fundamental laws of electromagnetism with-
out any limitations to frequency range. Mathematically,
he devised equations that explained all varied phenomena

of electricity and magnetism and bound them together.
The EMW (electromagnetic radiation) was predicted by
the two first Maxwell equations. He showed theoretically
that the oscillation of an electric charge produced an
electromagnetic field moving outward from its source at
a constant speed. Heinrich Rudolf Herz (1857–1894) con-
firmed Maxwell’s predictions in his experiments in 1886–
1888. Herz used an oscillating electric spark to induce
electromagnetic oscillations in a distance wire loop. It is
interesting to emphasize that the first application of high-
frequency EMW was related to medicine and biology.
Jaques-Arsene d’Arsonval (1851–1940) studied a wide
variety of the physiological effects of alternating currents,
time varying electric and magnetic fields and high fre-
quency. During 1891–1893, he studied the effects of mus-
cle stimulation, pulse changes, perspiration, and nervous
stimulation. In 1892 he introduced the use of high-fre-
quency currents to treat diseases of the skin and mucous
membranes. The current is now known as the D’Arsonval
current. The medical terms ‘‘darsonvalisation’’ and ‘‘dia-
thermy’’ used in physiotherapy originated from his re-
search. The first development in telecommunication
engineering was carried out by Guglielmo Marconi
(1874–1937) in 1895.

Electromagnetic fields have their sources in electrical
charges and currents. Radio waves (see also Radio Fre-
quency) are produced by acceleration of the fluxes of free
charged particles (electrons) or their movement in a
magnetic field. Infrared radiation is produced by the
vibrations of molecules. Human skin feels this radiation
as heat. Visible and ultraviolet light are produced by
electronic transitions in chemical reactions and in the
process of ionization of atoms and molecules. These radia-
tion bands are applicable for investigation of biochemical
reactions: the chemical retinal in animal eyes, chlorophyll
in plants, the chemical melanin in human skin, and
others. X-rays (see also x-ray) are produced by the accel-
eration of electrons or by ionization of atoms. They are
used in medicine for imaging and to determine molecular
structures. Gamma rays are produced by high-energy
nuclear processes. X-rays and gamma rays cause damage
on the molecular and atomic level and are dangerous for
living organisms.

Properties of the EMW in media depend on parameters
and structure of the medium. When an EMW is traveling
in free space (outside transmission lines) several types of
the phenomena can occur:

* Dispersion in lossy medium when a wave velocity
becomes dependent on frequency.

* Reflection from a object much larger than the wave-
length; the wave is reflected without distortion.

* Refraction when a wave encounters a medium with
different (or propagates in a medium with changing)
parameters; the propagation direction and velocity of
the wave are altered.

* Diffraction when a wave meets an obstacle small or
comparable with wavelength (encounters an edge,
slot, small hole); the wave has the ability to change
the propagation direction and turn over the corner of
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Figure 1. Electromagnetic wave.
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the obstacle; the effect is frequency dependent and
decreases with frequency.

* Scattering, when a wave meets moving particles with
random velocities or another structure small or com-
parable with wavelength (blood particles, tissue
cells); results in reradiation of the wave energy over
a wide range of directions; effect is strongly frequency
dependent and increases with frequency (see Electro-
magnetic Wave Scattering).

The spectrum of the EMW is wide—from long radio
waves to gamma radiation (Table 1). The physical and
theoretical fundamentals of the EMWare the same for all
subdivisions of the spectrum. The properties of the EMW
and rules of wave propagation are similar for all bands of
the spectrum except for the difference in wavelength.
Shorter wavelength (higher frequency) radiation carries
higher energy than radiation of longer wavelengths. The
difference in level of the EMWenergy between wave bands
results in different levels of the interaction effects with the
medium. The quantum effects (see Quantum Mechanics)
can be neglected on lower frequencies (radio waves) and
become remarkable starting from higher microwave
(millimeter waves) and infrared bands. Quantum theory
describes the radiation interaction with the medium in-
side optical, x-ray, and gamma ray bands.

2. THEORETICAL BACKGROUND

The theory of EMW has been developed by many investi-
gators and presented in classic monographs and books (2–
12). The fundamentals of electromagnetism are described
by Maxwell’s equations. The general differential form of
time-varying Maxwell’s equations can be written as

r�H¼ e
@E

@t
þJ;

r�E¼ � m
@H

@t
;

r � eE¼ r;

r � mH¼ 0;

where E is the vector of electric field intensity in units of
volts/meter, H is the vector of magnetic field intensity in
amperes/meter, J is the vector of electric current density
in amperes/meter squared, r is the electric charge density
in Coulombs/meter cubed, e¼ e0er is the absolute electric
permittivity in Farad/meter, er is the relative electric
permittivity, e0¼ 8:854� 10�12 F=m is the permittivity of
vacuum (electric constant), m¼ m0mr is the absolute mag-
netic permeability in Henry/meter, mr is the relative
magnetic permeability, and m0¼ 4p10�7 H=m is the perme-
ability of vacuum (magnetic constant). The operator
r¼x @

@xþy @
@yþ z @

@z presents the spatial derivation.
These equations predict the propagation of the EMW.

Wave phenomena result when there are two forms of
energy (electric and magnetic), and the presence of a
time rate of change of one leads to the change of the other.
The EMW results from the first and second Maxwell’s
equations. The change of electric field produces a change
of magnetic field through a displacement current (general-
ized Ampère’s law). The subsequent change of magnetic
field generates a change of electric field in both time and
space (Faraday’s law). The electric fields have their
sources in electric charges—electrons and ions (third
Maxwell’s equation, Gauss’s law). The magnetic field is
generated by moving electrical charge—electrical conduc-
tion or convection current according to the first Maxwell’s
equation. The absence of free magnetic charges is stated in
the fourth Maxwells equation.

The Maxwells equations include only linear operators.
In this case, any linear combination of solutions is a
solution provided the medium is linear. From the principle
of superposition, it is concluded that separate EMWs are
independent and an electromagnetic field is not affected by
other electromagnetic fields in linear medium. The inter-
ference of coherent EMW results from the principle of
superposition.

The wave equation, delivered from first and second
Maxwell equations for the electrical or magnetic compo-
nent of the EMW, includes symmetrical spatial and time

Table 1. The Spectrum of the Electromagnetic Waves

Band
Radio Waves Infrared

Visible Ultraviolet X-rays g-rays

radio
micro
waves far IR near IR

Wavelength
(m)

104 1 10� 3 10�5 10� 6 10� 6 10� 9 10� 10

1 10� 3 10� 5 10�6 10� 9 10� 11 10� 14

Frequency (Hz) 104–108 108 1011 1013 1014 1014–1017 1017–1019 1019–1024

1011 1013 1014

Source Alternating conduction
and convection current

Acceleration of charged particles Atomic processes:
thermal and electrical excitation

Atomic pro-
cesses: electron
and nuclear par-
ticles excitation

Nuclear
processes
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dependencies:

r2E� em
@2E

@t2
¼ m

@J

@t
þrr and

r2H � em
@2H

@t2
¼ � r�J:

It is difficult to find a general solution of these equations.
The analogue methods provide exact solution only for the
simplest conditions (homogeneous medium and simple
boundary shape) (3,6,7). Therefore numerical methods
(for example, finite difference time domain (FDTD) or
finite elements) and techniques for finding solutions to
wave problems have been developed (13–16). For the space
without sources (free of charges and currents), the wave
equation is written as

r2E� em
@2E

@t2
¼ 0 or r2H � em

@2H

@t2
¼ 0:

For the time harmonic case at frequency f, the time
dependence becomes expðiotÞ, where o¼ 2pf is the angu-
lar frequency, and so @2=@t2¼ � o2. An important and
useful practical simplification of the equation is possible if
the variances in two directions perpendicular to the direc-
tion of the wave propagation are assumed to be zero. Then
in rectangular coordinates the variances in directions of
the x and y axes are zero and the equation describes the
plane wave propagating in the z direction

@2E

@z2
þ k2E¼ 0:

In the time domain, one solution (for propagation from z¼
0 to z!1) is

E¼E0 cosðot� kzÞ;

where E0 is the amplitude of the electrical field,
k¼o

ffiffiffiffiffi

em
p
¼ o

n ¼
2p
l is the wavenumber or propagation

(phase) constant, and n is the phase velocity determined
by the parameters of the medium

n¼
1
ffiffiffiffiffi

em
p ¼

c
ffiffiffiffiffiffiffiffiffi

ermr
p ðm=sÞ:

In free space (vacuum), where e¼ e0 and m¼ m0, the
velocity of the EMW is the velocity of light
n¼ c¼ 3 � 108 m=s.

In lossless medium, the wave amplitude is constant:
the Poynting vectors are parallel to each other in every
point of the wave front plane XY perpendicular to the
propagation direction. For uniform plane waves, we as-
sume variation in only one direction z.

In three dimensions, space waves radiate spherically.
For spherical waves, we assume variation in only the
radial direction r. The solution of the wave equation in
spherical coordinates (if the variances along two coordi-
nates, zenith angle and azimuth angle, are zero) describes

the spherical wave

E¼
E0

r
cosðot� krÞ ðV=mÞ:

As the spherical wave travels, the surface area occupied
increases as the square of the distance traveled. However,
because energy is conserved, the energy per unit surface
area must decrease as the square of the distance. Thus,
the power of free-space waves obeys an inverse square law.
If the energy of the source has uniform distribution, then
the value of the Poynting vector in lossless media de-
creases as 1/r2 and the wave amplitude decreases as 1/r.

Plane waves are a good approximation to real waves in
many practical situations: the spherical waves far from
the source have negligible curvature and are well pre-
sented as plane waves. More complicated EMW patterns
can be considered as a superposition of plane waves.

The real wave amplitudes in solutions of the wave
equations can be calculated only if the sources—charges
or currents—are introduced (17–19). The parameters and
properties of the waves in linear media do not depend on
the wave amplitude (see also Wave Propagation).

The basic ideas of propagation, reflection, and refrac-
tion, which met here for the plane wave, are important for
practical understanding of many wave problems.

3. PLANE WAVE IN A LOSSLESS HOMOGENEOUS
ISOTROPIC MEDIUM

In a lossless medium, electrical permittivity e and mag-
netic permeability m are real scalar values and the wave-
number k is also real. The phase velocity is a simple
function of parameters of the medium. The wavelength
as a distance passed during a period T¼ 1/f is determined
by wave propagation velocity and depends on parameters
of the medium as

l¼ nT¼
v

f
¼

1

f
ffiffiffiffiffi

em
p ¼

c

f
ffiffiffiffiffiffiffiffiffi

ermr
p ¼

l0
ffiffiffiffiffiffiffiffiffi

ermr
p ;

where l0 is the wavelength in vacuum.
The main properties of the wave in lossless medium can

be derived from Maxwell’s equations as follows:

1. The electrical and magnetic field vectors E and H
have only perpendicular to the propagation direction
components.

2. The electrical and magnetic field vectors are per-
pendicular to each other E?H.

3. The ratio of the total electric field to total magnetic
field is the wave impedance of the free space

Z¼
E

H
¼

ffiffiffi

m
e

r

:
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4. The components of the vectors E and H, perpendi-
cular to the wave propagation direction, determine
the transmitted by the wave power density and
Poynting vector

P¼E�H¼
E2

Z
z¼H2Zz:

5. The direction of the wave propagation is given by the
direction of the Poynting vector. Its direction
changes if one of the vectors E or H changes its
phase.

6. The amplitude of the plane wave is constant and the
wave is uniform.

4. PLANE WAVE IN A LOSSY HOMOGENEOUS ISOTROPIC
MEDIUM

The losses are related to electric phenomena in most
materials including biological tissues. In this case, the
medium is conductive with conductivity s in units (1/
Ohmm). The electric permittivity becomes complex, and
the frequency dependence appears as

ec¼ e 1� i
s
oe

� �

:

The losses are usually described by the ‘‘loss tangent’’

tan d¼
s
oe

as a ratio of conductive and displacement currents.
In real (not perfect) dielectric medium, the conductive

current is much less than the displacement current, s{oe
and tan d{1. In a good conductor, the conductive current
is much greater than the displacement current, scoe and
tan dc1. The same medium can be a good conductor at
lower frequencies and a good dielectric at higher frequen-
cies.

The complex electric permittivity also causes complex-
ity of the wavenumber k, represented by a complex
propagation constant for the medium

g¼ b� ia¼ k

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1� i
s
oe

r

:

The phase constant b and attenuation constant a as a real
and imaginary part of the complex propagation constant

are calculated from the equation above as

b¼ k

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1

2

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1�
s
oe

� �2
r

þ 1

 !

v

u

u

t and

a¼ k

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1

2

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1�
s
oe

� �2
r

� 1

 !

v

u

u

t :

An exponential damping factor appears in the solution of
wave equation

E¼E0e
az cosðot� bzÞ:

The plane wave is no more uniform, and the rate of decay
of its amplitude is given by the attenuation constant a.

The frequency dependence of the phase velocity is
introduced by the phase constant as

nf ¼
o
b
¼

n0
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1
2

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1� s
oe

� �2
q

þ 1

� �

s ;

where n0 is a propagation velocity in the case of a perfect
dielectric medium where s¼ 0. A lossy medium is disper-
sive: every spectral component of the polychromatic wave
has its own phase and group propagation velocity. The
group velocity ng is the energy transmission velocity. The
phase and group velocities are related to each other with
convenience for practical use relation

nf ng¼ n20:

The problems of practical interest involve loss caused by a
good but not perfect conductor when scoe. In this case,
the phase and attenuation constants can be adequately
approximated as

a¼ b¼

ffiffiffiffiffiffiffiffiffi

oms
2

r

:

The magnitudes of the fields decrease exponentially with
penetration into the conductive medium. The value of the
depth at which the field has decreased to 1/e of its value at
the surface is called the depth of penetration (depth of the
skin layer) and is determined as

D¼
1

a
¼

ffiffiffiffiffiffiffiffiffi

2

oms

s

:

As far as the magnitude of the field decreases exponen-
tially, the wave actually propagates deeper than the depth
of penetration.

It is important to point out that the depth of penetra-
tion depends not only on parameters of the medium but
also on the frequency of the EMW. Biological tissues are
good conductors in a large band of the frequencies from
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radio to microwave. To achieve deeper penetration of the
EMW, lower frequencies must be applied.

5. PLANE WAVE IN AN INHOMOGENEOUS ISOTROPIC
MEDIUM

In an isotropic medium, the parameters of the medium e
and m are scalars and have a nonuniform spatial distribu-
tion. Two cases of the distribution have an important
practical value:

1. A step change of the parameters on the media inter-
face between conductor and dielectric or two differ-
ent dielectrics.

2. A continuous change of the parameters inside one
dielectric.

Plane-wave reflection and refraction take place at the
media interface (Fig. 2). According to the Snell law of
refraction, the change of the propagation direction on the
interface between two dielectric (nonmagnetic) media is

ffiffiffiffi

e1
p

sin y1¼
ffiffiffiffi

e2
p

sin y2;

where y1 is an incident angle, y2 is a refraction angle, e1 is
a permittivity of the first medium, and e2 is a permittivity
of the second medium. In the case of propagation from
dielectric medium to the real conductor (medium with
high value of permittivity), e1{je2j and independently on
the incident angle y1, the refraction angle y2 ! 0. There-
fore, the plane-wave propagation direction inside the real
conductor (medium with high permeability as biological
tissue) is perpendicular to its surface.

The reflection coefficient R is the ratio of the reflected
wave amplitude to the incident wave amplitude. The
coefficient R can be derived from boundary conditions on
the interface between two media. The coefficient R is

different for different polarizations (orientation of the
electric vector E) of the EMW.

The reflection coefficients in the case of vertical Rv and
horizontal Rh polarization of the wave are consequently

Rv¼
e2 cos y1 �

ffiffiffiffi

e1
p ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

e2 � e1 sin2 y1
p

e2 cos y1þ
ffiffiffiffi

e1
p ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

e2 � e1 sin2 y1
p and

Rh¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

e1 cos y1
p

�
ffiffiffiffi

e1
p ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

e2 � e1 sin2 y1
p

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

e1 cos y1
p

þ
ffiffiffiffi

e1
p ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

e2 � e1 sin2 y1
p :

In the case of wave transmission from the medium with
lower permeability to a medium with higher permeability
e1oe2 (from air to tissue), the reflection coefficient for
vertical polarization becomes equal to zero when

e2 sin y1¼
ffiffiffiffi

e1
p

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

e2 � e1 sin2 y1

q

:

The angle y1 is the angle of full refraction (Brewster
angle), and all energy of the EMW is transferred without
reflection through the interface into the second medium.
This angle is important for optimization of the EMW
energy transmission between different dielectric media.
When the second medium is a good conductor (a biological
tissue), the Brewster angle becomes close to 901, and it is
difficult to achieve the effect of full refraction. This angle
does not exist for horizontal polarization. The value of the
reflection coefficient increases with an increase of the
incident angle for vertical as well as horizontal polariza-
tion. In the case when y1! 90�, the module of the reflec-
tion coefficient jRj ! 1. Therefore, the optimal incident
angle for transferring of EMW energy to biological tissue
is equal to zero.

The reflection coefficient of a plane wave normally
incident from free space (air, dielectric) onto the surface
of a conductive nonmagnetic medium (biological tissue)
results as

R¼

ffiffiffiffiffiffiffi

je2j
p

�
ffiffiffiffi

e1
p

ffiffiffiffiffiffiffi

je2j
p

þ
ffiffiffiffi

e1
p ¼

Z1 � Z2

Z1þZ2
;

where Z1 and Z2 are the wave impedances of the first and
second media.

In the case of a biological medium, such as a human
body, the reflection coefficient has the highest value on the
surface air-tissue. The reflections between the layers of
different tissues (skin, fat, muscle) inside the body are also
remarkable.

The full reflection back when |R|¼1 results in a
standing wave as a sum of forward and back propagating
waves E1 and E2

E¼E1þE2¼E0½cosðot� kzÞþ cosðotþ kzÞ�

¼ 2E0 cos kz cosot;

where E0 is the amplitude of the waves. Standing waves
do not transfer EMW energy. The character of the electro-
magnetic field becomes reactive: the electric and magnetic

P

P1

P2

E E1

E2

�1

�2

�1

�2

�1

Figure 2. Plane wave reflection and refraction at the interface
between two dielectric media.
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field vectors have 901 phase shift, and the Poynting vector
is imaginary. It is an oscillating field: electric field energy
is transferred to magnetic and vice versa. The fields
achieve their maximum at a quarter period time interval,
and these are located at a quarter wavelength distance
from each other. The reflections cause remarkable spatial
inhomogeneity of the EMW amplitude and energy distri-
bution inside an inhomogeneous medium such as a human
body (20–22).

The reflection at the interface between two media
decreases with a decrease of the differences between
parameters of these media. As a limit of such decrease of
the differences, the continuous change of the permittivity,
instead of the interface between two media, can be dis-
cussed. The reflection becomes negligible when the rela-
tive change of permeability on a distance of wavelength
inside the medium is small. This is the case of full
refraction for wave propagation inside an inhomogeneous
medium.

A multilayered model applied for an inhomogeneous
medium with continuous change of its parameters is of
great practical importance. The continuous change of
electric (or magnetic) parameters is replaced by a combi-
nation of the elementary layers (Fig. 3). The parameters of
the medium ðeiÞ have a constant value inside each layer.
The heights of the layers are selected, taking into account
the criteria for neglecting of reflections. The equation for
EMW propagation trajectory inside the multilayered med-
ium is derived from the refraction law as

ffiffiffiffi

ei
p

sin yi¼ const:

The increase in value of the permittivity ei causes a
decrease of the angle yi and vice versa. Therefore, the
trajectory of the EMW propagation is declined toward the
higher values of the dielectric permeability.

6. PLANE WAVE IN AN ANISOTROPIC MEDIA

The responses of medium materials to each field compo-
nent in a three-dimensional space can differ. This type of
medium is anisotropic (see also Anisotropy). The aniso-
tropy may be in response to either the electric or the
magnetic field. The parameters of the medium differ for
different orientations of the field, and electric permittivity
or magnetic permeability becomes tensors and must be
represented by a matrix. Their component values depend

on orientation of the EMW polarization and direction of its
propagation. The anisotropy can be caused by the applica-
tion of a constant magnetic field in plasma or ferrites or by
the internal structure of some dielectric crystals. In
biological tissues, the anisotropy can be related to the
ion’s movement in an external magnetic field or the
asymmetric shape of particles of the body liquids (blood)
or cells.

In anisotropic medium, the components of electric field
E (or magnetic field H) with different polarizations have
different values of the electric permittivity (or magnetic
permeability) consequently. Therefore, for each direction
of propagation, there are two values for phase velocity—
one for a separate polarization component of the field. It
results in rotation of the polarization plane as a sum of
both field components. The rotation of the polarization
(Faraday effect) can occur in some organic solutions. The
anisotropic effects are rare in biological media.

7. SPATIAL RESOLUTION

The interaction of the EMW energy with a medium inside
the limited area is an important practical problem in
biomedical engineering. This problem is related to the
spatial properties of the EMW. The energy transmission at
large distances (many wavelengths) is provided by appli-
cation of antennas (see Antenna). The spatial resolution is
determined by the diffraction angle proportional to the
antenna size to wavelength ratio: for getting sharp beam,
the antenna must be large in comparison with the EMW
wavelength.

In the case of small distances, the focusing of the EMW
energy beam is possible. Special applicators (lenses and
other systems) are applied for concentration of energy
inside biological tissues (23,24). The energy distribution
on focus plane depends on EMW amplitude and phase
distribution on aperture of the focusing system. The
theoretical limit of the focal spot size depends on the
wavelength in the propagating medium as

D � l=2:

It is an important limitation for applicability of the
different EMW bands in medical diagnostics. For getting
high spatial resolution, a short wavelength has advan-
tages. However, a short wavelength does not provide a
large depth of penetration and creates a need to increase
the applied power (see also Diagnostic Imaging and
Microwave Imaging).
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1. SOME DEFINITIONS RELATED TO ACTIVATION OF
SKELETAL MUSCLE AND SIGNAL DETECTION

Any skeletal muscle is activated by electrical impulses
coming from alpha-motoneurons through their axons (my-
elinated nerve fibers). Reaching the muscle, each nerve
fiber branches into numerous unmyelinated nerve termi-
nals. They innervate a number of skeletal muscle fibers
(Fig. 1a) through neuromuscular junctions at the end-
plate regions (black ellipses in Fig. 1a). Activation of an
excitable cell results in its depolarization and generation
of transmembrane voltage across its membrane. As the
extracellular potential is much smaller than the intracel-
lular potential the term intracellular action potential
(IAP) is predominantly used instead of transmembrane
voltage. In addition, it is the IAP that is measured under

experimental conditions. In muscle fiber, the membrane
depolarization excites neighbor regions at both sides from
the end-plate located somewhere in the middle portion of
the fiber. As a result, two IAPs propagate in an all-or-
nothing way (i.e., without decrement) with propagation
velocity v along the muscle fiber to its ends where they
extinguish. At any moment after the fiber activation, two
potential profiles exist across the fiber membrane (Fig. 1b)
that are called waves of excitation or depolarized zones
(Fig. 1a, black rectangles over the fibers). The length of
the IAP profile along the fiber, b, is defined by the product
of the IAP duration, Tin, (Fig. 1c) and propagation velocity
v.

Processes across the muscle fiber membrane produce
electrical currents and potentials in extracellular medium
that is a volume conductor. The functional unit of the mo-
tor system is the motor unit (MU). The MU consists of an
alpha-motoneuron, its axon, and the muscle fibers inner-
vated by this single axon (1). Sum of potentials produced
at the detecting electrode by the muscle fibers belonging to
a certain MU is the motor unit potential (MUP). As the
nerve terminals have different diameters and lengths, and
as the neuromuscular transmission delay is fiber-specific,
the axon impulse reaches individual muscle fibers nonsi-
multaneously. Thus, the potentials produced by individual
muscle fibers belonging to a certain MU are desynchro-
nized.

Detection of extracellular potentials produced by mus-
cles (i.e., electromyography, EMG) is performed either by
intramuscular (needle or wire) or surface (Fig. 1a, P1 and
P2) electrodes. At least two electrodes are necessary for
EMG detection. When one of the electrodes is located at a
remote site where the potential is close to zero, such de-
tection is called monopolar and the voltage between the
two electrodes is the potential produced by the muscle at
another electrode. The EMG recording could also be per-
formed by multielectrodes that represent a set of detecting
electrodes. In this case, the EMG signal could also be the
sum of weighted potentials detected by individual elec-
trodes.

Intramuscular electrode that has a very small detect-
ing surface (25 mm in diameter, i.e., smaller than the fiber
diameter, which is about 60 mm) can detect potentials pro-
duced predominantly by a single muscle fiber located close
to it (2). Such an electrode is very selective and it is called
single-fiber electrode (SF electrode). Analysis of the po-
tentials from single muscle fibers is the object of single-
fiber electromyography (SF EMG) (3). The monopolar elec-
trodes of larger area or those located at greater distances
from active fibers (e.g., surface electrodes) are not selec-
tive (4–6). Such electrodes are at commensurable dis-
tances from many active muscle fibers and they detect
the sum of potentials produced by all active MUs. More-
over, they can detect undesired activity produced by mus-
cles other than the muscle of interest. That sort of activity
is called cross talk.

Any motion or force production is accompanied by ac-
tivity of different MUs whose firing is defined by motor
control strategy. Summed activity of desynchronized
MUPs forms the so-called interference EMG. When stim-
ulation of the nerve is performed, the activated MUs are

 P1 P2

axon

skin

IAP profiles

b = Tin·�

IAP (x) depolarization transition

repolarization transition

tTin

IAP (t) rising phase

falling phase

fiber axis
x

(a)

(b)

(c)

� �

end-plate region

depolarized zones

Figure 1. (a) Schematic presentation of axon of alpha-motoneu-
ron whose nerve terminals innervate a number of muscle fibers
through neuromuscular junctions at the end-plate region. Two
depolarized zones (black rectangulars) propagate along each fiber
from the end-plate region to the fiber ends. (b) The shape of the
intracellular action potential (IAP) spatial profiles within the two
depolarized zones. (c) IAP in temporal domain corresponds to that
detected by a microelectrode.
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fired almost simultaneously. Such a rather synchronized
EMG signal is called muscle- or M-response or M-wave.

2. MODELING OF EMG SIGNALS IN A HOMOGENEOUS
VOLUME CONDUCTOR OF INFINITE EXTENT

2.1. Physical Basis for Modeling Extracellular Potentials
Generated by an Excitable Fiber

Pioneer studies by Helmholtz (7) can help in understand-
ing and calculating potentials produced by excitable fibers
and especially by fibers of finite length, like those of the
skeletal muscles. The author introduced the concept of an
electric double (dipole) layer into the potential theory. He
determined the potential jðPÞ produced by an uniform
double layer at a point P in a volume conductor of infinite
extent as a product of the dipole moment per unit area
(Vdl) and the solid angle (O) subtended by the layer at the
point P (Fig. 2a). The dipole moment per unit area is the
product of charges per unit area and the layer thickness.
Any excitable cell is characterized by potential difference
across its thin membrane. As the membrane can be con-
sidered a capacitor, the amount of charge per unit area is
directly proportional to the transmembrane voltage at any
point.

Wilson et al. (8) were the first who applied the concept
of double layer to analysis of electrical field around excit-
able cells. When the dipole layer is uniform, like a resting
or completely depolarized cell, the potential at any point
outside the closed surface of the cell is zero. In this case,
the identical layers, corresponding to the outer (‘1’ in Fig.
2b) and inner (‘2’ in Fig. 2b) surfaces of the cell, are seen
under the same solid angle O from the point of observation
P. The layers, however, are turned to the P with their dif-
ferent signs and thus produce equal potentials of opposite
sign, the sum of which is zero. The authors also noted that
the potentials produced by a cylindrical uniformly polar-
ized fiber opened at one of its ends (Fig. 2c), and by the
polarized disk that makes the fiber closed are equal in
magnitude but opposite in sign (Fig. 2c1). Indeed, closing
the fiber, the potential produced by such a closed surface is
equal to 0, which means that the disk produces a potential
whose magnitude is identical to that of the open cylindri-
cal fiber. Thus, the double-layer disk can replace the rest
of the uniformly polarized fiber surface.

If a cylindrical uniformly polarized fiber is opened at its
two ends, it could respectively be closed and thus replaced
by two disks of the corresponding polarity located at the
ends (Fig. 2d). An actual potential profile (Fig. 1b) has
gradual depolarization and repolarization transitions that
correspond to the rising and falling phases of IAP (Fig. 1c).
It can be represented (Fig. 2e) through a number of steps
of equal length dx that are opened at their ends and uni-
formly depolarized according to the mean IAP value at the
corresponding membrane portions. The dipole disks have
different polarity (represented by the disks of different,
white and black, color) at the boundaries between two
steps. Their summated effect can be represented through a
disk whose dipole moment is defined by the difference in
IAPs at the corresponding membrane points. As a result,
an actual excitation wave can be represented (8,9) by two

stacks of double-layer disks distributed equidistantly
along the fiber axis (Fig. 2f, black and white disks). Ori-
entation of the dipoles is identical in each stack and op-
posite in different stacks. Thus, calculation of the
extracellular potential, j(P), can be reduced to the sum
of the potentials produced by the disks distributed along
the fiber axis (10).

Wilson et al. (8) also made a step to line presentation of
the IAP sources. They noted that the potentials produced
by a disk (Fig. 2c1) and a point dipole whose moment is
proportional to the disk area and whose position coincides
with that of the disk (fiber) axis (Fig. 2c2) are almost iden-

ϕ(P)=Vdl·Ω+(-Vdl)·Ω=0

V

dx

Vdl

dl

P

1(  )

−

P

2(

ϕ(P)~(-Vdl)·Ω

P

P

Ω1

Ω2

ϕ(Ω1)=0

c1

c2

)
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IAP profile

X

IAP profile,
Vi(x)
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Ω
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−

Figure 2. Double layer presentation. (a) Helmholtz’s formulation
of potential jðPÞ produced at a point P by a uniform double layer
(dl) whose moment is defined by Vdl. O is the solid angle sub-
tended by the double layer at P. (b) Extracellular potential pro-
duced at P by a resting or uniformly polarized excitable cell is
zero. (c) Extracellular potential produced by a uniformly polarized
fiber membrane open at one of its ends is identical in magnitude
and opposite in sign (c1) to that produced by the polarized disk
that makes the membrane closed. For large distances of P from
the fiber (45 radii), the disk can be replaced (c2) by a lumped
dipole, concentrated over the fiber axis, whose dipole moment is
proportional to the disk area. (d) A uniformly polarized fiber
membrane opened at two of its ends can be replaced by two po-
larized disks in which polarity is opposite to that of the disks that
make the membrane closed. (e) Approximation of IAP profile
through a number of steps of equal length dx that are opened at
their ends and uniformly depolarized according to the mean IAP
value at the corresponding membrane portions. (f) IAP potential
profile along the fiber membrane can be considered as two stacks
of dipole disks oriented in opposite directions (black and white
disks).

2 ELECTROMYOGRAPHY (EMG) MODELING



tical. The error caused by such a source simplification is
less than 5% provided the radial distance is 5 fiber radii or
greater from the fiber axis (9).

This idea can be described by the following equations:

jðxo; yoÞ¼C

Z 1

�1

@Vi

@x
�
@ð1=rÞ

@x
� dx; ð1Þ

where C¼ sid
2

16se
; d is the fiber diameter; si and se are the

intracellular and extracellular conductivities; Vi(x) is the
IAP profile along the fiber; @Vi(x)/@x represents distribu-
tion of the dipole moment along the fiber axis x;
r¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ðxo � xÞ2þ y2o

q

is the distance from the current dipole

to the observation point P(xo,yo); and
@ð1=rÞ
@x is the potential

produced by the dipole of unit moment at P(xo,yo).
Dipole presentation of the membrane source (Equation

1) can also be used for calculating potentials produced by
curve fibers. In this case, the changes in the angle between
the axis of each dipole and radius-vector to the point of
observation (because of the fiber curvature) are taken into
account (11).

2.2. Peculiarities of a Skeletal Muscle Fiber as a Source of
Extracellular Potentials

In contrast to long nerve fibers, the distances of the ob-
servation point P1 (Fig. 3a) from the muscle fiber axis, yo,
end-plate region, y1, and fibers’ ends, y2 and y3, can be

P1(xo,yo)

P2
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P2

P1
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� �
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(a)
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Figure 3. (a) Peculiarities of single-fiber po-
tential (SFP) detection. Distances from a mus-
cle fiber, yo, from the end-plate region, y1, and
from the fiber ends, y2 and y3, to the observa-
tion point P1 are commensurable. (b) Genera-
tion and extinction of the depolarized zones. (c)
SFP (thin lines) and motor unit potentials,
MUP (thick lines) detected above the fibers
(couple of upper lines, P1) and behind the ends
of the fibers (couple of lower lines, P2) at 10mm
from the fiber or MU axis in isotropic volume
conductor. The potentials are normalized with
respect to the corresponding negative phase
amplitude detected above the fibers. (d) SFP
produced by a fiber with asymmetrical position
of the end-plate with respect to the fiber ends,
and calculated for different points along the
longer fiber semi-length. Negativity is upward
as is accepted in neurophysiology. The shape of
the IAP used for calculations corresponds to
that of IAP from Fig. 7 (line with a mark).
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commensurable. Thus, correct models of single-fiber po-
tential (SFP) that are valid for any distance from a muscle
fiber should include the processes of generation of two de-
polarized zones at the end-plate (Fig. 3b, moments of time
t1–t5), their propagation in opposite directions to the fiber
ends (Fig. 3b, moments t6–t7), and extinction of the zones
at the fiber ends (Fig. 3b, moments t8–t10, thick lines).
The effects of these processes on SFP are discussed in de-
tail in the section entitled SFP Produced by a Muscle Fi-
ber of Finite Length.

However, to realize main features of potential field pro-
duced by a muscle fiber, it is useful first to consider basic
regularities of potentials produced by a single propagating
depolarized zone and detected by a very small (point)
monopolar electrode. This situation resembles detection
of extracellular potentials by a SF electrode located far
from the end-plate and ends of fiber (i.e., when y1, y2, and
y3 (Fig. 3a) are large as compared with yo.

2.3. Amplitude Characteristics of SFP

2.3.1. Potential Field Produced by a Lumped Di-
pole. Considering the source across the fiber membrane
as two stacks of distributed dipoles (Fig. 2f), it is useful to
remember potential field produced by a lumped (point) di-
pole (Fig. 4a). The dipole produces zero potential every-
where in the plane that is perpendicular to the dipole axis
and passes through its midpoint (Fig. 4a, projection of the
plane, i.e., zero line, is along the dashed y-axis). The plane
divides the space into regions with positive and negative
potentials denoted by (þ ) and (� ). At a certain radial
distance, y, from the dipole axis (Fig. 4a, lines for
y¼ y1; y2; y3), the maximal potential is produced at the
points a+ and a� . They coincide with the tangency points
(depicted by black spots) of the corresponding line and
equipotential lines schematically represented by solid and
dotted circles for positive and negative dipole fields, re-
spectively. The larger the radial distance, the further from
the zero line is the corresponding maximum (Fig. 4a, black
spots and Fig. 4b lines Aþ and A� ). For any distance y, the
extremes are at points a+ and a� that are at distances
x¼ � y=H2 � 0:7y from the zero line (Fig. 4b). The poten-
tial produced by the dipole along a line located at a certain
distance from the dipole axis, uðxÞjy, is biphasic, positive-
negative (Fig. 4c, uðxÞ for y¼ y1; y3).

2.3.2. Extracellular Potentials Produced by a Depolariza-
tion or Repolarization Transition. Consider peculiarities of
extracellular potentials produced by a distributed (not a
point) dipole source of different length. It is the case cor-
responding to depolarization or repolarization transition
(Fig. 5a) distributed between the resting potential (de-
noted by 0) and IAP amplitude, Vm. The total dipole mo-
ment of such a membrane source (i.e., the sum of the
moments of individual dipoles distributed equidistantly,
P

i dVi=dx) is Vm.
If the fiber-electrode distance y is shorter than the

length (b¼L) of the shortest transition, than the distances
between the point of observation and individual dipoles
representing the transition differ significantly. The longer
the transition, the larger is the portion of the dipoles

whose contribution to the detected potential is weak be-
cause they are far away (as compared with y) from the
point of observation. Moreover, the moment of individual
dipole, which is proportional to dVi/dx (and can be roughly
estimated through Vm/b), is lower in longer transitions
(Fig. 5a). As a result, longer transitions produce potentials
of lower amplitude in spatial (Fig. 5b) and temporal (Fig.
6a and 6b, y¼ 0.5mm, curves denoted by 2 and 3) domains
at such distances.

If, however, the fiber-electrode distance y is larger than
the longest transition length, differences in the distances
between the point of observation and individual dipoles
become insignificant. As a result, the sources representing

Lumped (point) dipole
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Figure 4. (a) Schematic drawing of the potential field produced
by a lumped (point) dipole (black point in the center of the figure).
Signs (þ ) and (� ) near the point denote location of the positive
and negative point charges that constitute the dipole. The circles
depict equipotential lines of the positive (solid lines) and negative
(dotted lines) fields produced by the dipole. aþ and a� denote
points of extreme potential along the line y¼ y3. See text for more
details. (b) lines denoted by Aþ and A� represent position of the
extreme points at different distances from the dipole axis. (c) Po-
tentials produced by a lumped dipole along the lines located at
distances y¼ y1 and y¼ y3 from the dipole axis.
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transitions of different length are seen from the point of
observation as a lumped dipole (Fig. 5c, solid, dashed, and
dashed-dotted lines approach the dotted lines represent-
ing the lines of extremes Aþ and A� corresponding to
point dipole). At such distances, the dipole moment of the
distributed and point dipole sources appears to be identi-
cal and equal in magnitude to Vm. The amplitudes of po-
tentials produced by these transitions are also
approximately identical (Fig. 6c and 6d, y¼ 5mm).

2.3.3. Extracellular Potentials Produced by a Propagating
Depolarized Zone. The shape of the IAP typical for muscle
fibers is asymmetrical (i.e., its rising phase is shorter than
the falling one) (Fig. 1c). So is the IAP profile along the
fiber membrane (Fig. 1b). The actual IAP asymmetry is
still more pronounced when the IAP spike is followed by
after-depolarization also called negative after-potential
(Fig. 7). The relative weight of the latter could increase
considerably during prolonged muscle activity resulting in
muscle fatigue (Fig. 7, the curves with lowering ampli-
tude). Thus, the main contribution to the extracellular po-
tential detected in the fiber proximity is that from the
shorter (i.e., depolarizing transition of the IAP profile)
(12). As a result, the potentials detected by SF electrodes
located between the end-plate and fiber ends are mainly
biphasic (2,13–15), positive-negative, like potentials pro-

duced by a distributed dipole source (Fig. 6a and 6b). They
are poorly sensitive to a longer repolarization transition
and to negative after-potential that have to produce
smaller potentials (23).

At larger distances from the fiber, typical for noninva-
sive detection by surface electrodes, the rising and falling
phases of the IAP profile can be considered as lumped di-
poles d1 and d2 with opposite orientation (Fig. 8a and 8b).
The distance between the dipoles, b, reflects the length of
the depolarized zone. The source across the membrane has
quadrupole character (combination of two dipoles oriented
in opposite directions). In this case, the SFPs have already
three phases (positive, negative, positive) with positive
phases of approximately similar values (Fig. 3c, upper
thin curve up to the moment of time t7). Thus, the shape of
SFPs (relative magnitude of their positive phases) de-
pends on the fiber-electrode distance.

As positions of extremes of potential produced by a
lumped dipole depend on the distance from the dipole axis
(Fig. 4b, lines Aþ and A� ), then for any fiber-electrode
distance, y, an optimal length of the depolarized zone ex-
ists (10), for which the negative maxima of both dipoles
coincide (Fig. 8a, point a12, for dipoles d1 and d2 and Fig.
8b, point a13 for dipoles d1 and d3). As a result, the SFP
amplitude is maximal when b � 2y=H2¼ yH2 � 1:41y.

This equation is useful for an approximate classifica-
tion of the depolarized zone as short or long and for as-
sessing the source character and the effect of change in the
zone length at a certain fiber-electrode distance. When the
depolarized zone is shorter than the mean fiber-electrode
distance (as in the case of noninvasive detection), the
source looks like quadrupole and lengthening of the zone
increases the magnitude of the potential detected. How-
ever, in the case of needle detection, when the zone is
longer than 1.41y, the source looks like a distributed di-
pole and the detected potential decreases with the zone
lengthening. Thus, simultaneous detection by needle and
surface electrodes can result in opposite amplitude
changes (16–19) with lengthening the IAP profile. In this
sense, the amplitude characteristics are ambiguous.
Changes in the length of the depolarized zone reflect
changes in propagation velocity and IAP duration. SFP
amplitude remains unchanged only if duration and veloc-
ity changes in such a way that their product (i.e., length of
the depolarized zone) remains also unchanged.

2.3.4. Conclusions. (1) Potential field formation is es-
sentially a spatial problem that relates the asymmetry
and length of the IAP profile with the fiber-electrode dis-
tance. (2) Affecting the amplitude of potentials produced
close and far from active fibers in a different way, the IAP
profile asymmetry and length affect the radial decline of
different phases of SFP and as a consequence the SFP
shape. (3) The increased after-depolarization cannot affect
the potential detected by a SF electrode significantly, but
it can considerably increase potentials detected by surface
electrode (20). (4) Simultaneous detection by needle and
surface electrodes can result in opposite amplitude
changes (16–19) with IAP profile variations. (5) As the
profile length can remain the same under different com-
binations of the IAP duration and propagation velocity, it

Distributed dipoles 
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(a)
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Figure 5. (a) Schematic presentation of the distributed dipoles,
namely, the dipole stacks of different length, distributed along a
fiber axis. (b) Potentials (relative units) produced by the corre-
sponding stack along a line that is parallel to the fiber axis and is
located at a small radial distance from the axis. (c) Lines denoted
by Aþ and A� represent position of the extreme points at differ-
ent distances from the lumped dipole (dotted lines) and from dis-
tributed dipoles whose length b¼L (solid lines), b¼2L (dashed
lines), b¼4L (dashed-dotted lines).
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is not correct to relate SFP amplitude or its radial decline
to changes in only one of these parameters.

2.4. Temporal Characteristics of SFP

2.4.1. Duration of Potentials Detected by an SF Elec-
trode. The peak-to-peak duration of potentials detected
by an SF electrode is determined by the ratio of the dis-
tance between the negative and positive maxima of the
potential field and velocity of the field propagation. If the
membrane source was a lumped dipole, than the field ex-

tremes should lay at the lines denoted Aþ and A� (Fig.
4b, solid lines and Fig. 5c, dotted lines). As a result, the
distance between the extremes would increase with the
distance from the dipole and the peak-to-peak duration
would always be inversely proportional to velocity, irre-
spective of the distance (y) from the dipole axis.

This relation is not valid when the dipole source is dis-
tributed and the detection is performed in the fiber prox-
imity. In this case, the transition shape and length (Fig.
5a) determine the positions of the extremes of potential
field (Fig. 5b and Fig. 5c, solid, dashed, and dashed-dotted
lines). Up to a certain distance from the fiber that depends
on the transition length, the fiber-electrode distance prac-
tically does not affect the distances between the negative
and positive extremes (Fig. 5c, solid, dashed, and dashed-
dotted lines are almost perpendicular to the axis in the
fiber proximity) (21). As a result, the peak-to-peak interval
of the potentials detected up to 0.15–0.2mm from the fiber
remains practically unchanged (22).

Let us now assume that the transition length
ðb¼Tin:v¼LÞ increases twice (Fig. 5a) because of a two-
time increase of the initial velocity v. The distance be-
tween the extremes of the potential field increases about
twice too (Fig. 5b, Fig. 5c, solid and dashed or dashed and
dashed-dotted lines at small y). As such a new two times
longer (2L) transition moves beneath the electrode with
the new velocity that is twice as high (2v) as the initial one
(v), the peak-to-peak duration of the detected potential
(B2L/2v) is approximately the same as under the initial
velocity (BL/v) (Fig. 6a).

If, however, the transition length increases twice at the
expense of the transition duration (2Tin) under velocity v
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Figure 6. Effect of the stack (IAP transition) length
(1, 2, and 4mm) on potentials produced in infinite
volume conductor at different fiber-electrode dis-
tances y. Potentials produced by the corresponding
stack when the transition length is increased at the
expense of velocity at y¼0:5mm (a) and y¼5mm
(c). Potentials produced by the corresponding stack
when the transition length is increased at the ex-
pense of duration (Tin) of the transition at y¼0:5mm
(b) and y¼5mm (d). The numbers next to the curves
denote the stacks 1,2,3 of different length schemat-
ically represented in Fig. 5a. Negativity is upward.

0 2 4 6

40

80

120

IAP for different stages of fatigue (mV)

Time (ms)

Negative after-potential
or

after-depolarization

IAP Spike

8

Figure 7. IAPs used for simulation of changes in muscle fiber
membrane accompanying muscle fatigue. IAPs are represented in
respect of resting potential denoted here by 0.
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left unchanged, than the twice longer transition (2L)
moves along the point of observation twice as much
(B2L/v). The peak-to-peak duration increases correspon-
dently (Fig. 6b) (21).

2.4.2. Duration of SFP Produced by a Propagating Depo-
larized Zone. At larger distances, where the distributed
dipole sources (representing the IAP transitions) resemble
lumped dipoles, the negative region of the field produced
by the two dipoles widens with fiber-electrode distance y
(Fig. 8c), which reflects the increased degree of interac-
tions between the two dipole fields with y (Fig. 8a, lines of
maximal negative potential, A� , occur deeper in the pos-
itive region of another dipole field that modifies position of
the zero lines in the joint field more strongly with y in-
creasing). Distance between the zero lines defines the
length of the negative potential region. Duration of the
SFP negative phase is defined by this length divided by
velocity v of the field propagation beneath the point of ob-
servation.

Closer to the fiber (Fig. 8c, y¼y1), where the interac-
tion between the dipole fields is practically absent (Fig. 8a,
lines of maximal negative potential, A� , are in the prox-
imity of its own dipole), the distance between the zero
lines is in rather close relation to the IAP profile length. As
a result, similar to the peak-to-peak duration of potentials
produced by a single transition (see previous subsection)
duration of the SFP negative phase is proportional to the
IAP duration and is insensitive to changes in the propa-
gation velocity (23).

At large distances from the fiber typical for surface de-
tection, the length of the negative field is practically in-
sensitive to changes in the IAP profile (Fig. 8c, y ¼ y2, the
relative expansion of the negative field in the shaded re-
gion is short). As a result, sensitivity of the SFP negative
phase duration is very high to the fiber-electrode distance
and to changes in propagation velocity and it is much
lower to changes in duration of the IAP (23). After-poten-
tial, however, could also affect the duration of the SFP
negative phase (20), because the fiber-electrode distance
that is large compared with the length of the IAP spike
profile could be short compared with the length of the IAP
after-potential profile.

2.4.3. Conclusions. (1) The peak-to-peak duration of
biphasic extracellular potentials detected by an SF elec-
trode is proportional to duration of the IAP depolarization
phase and is insensitive to changes in propagation velocity
and fiber-electrode distance (21). (2) At a small fiber-elec-
trode distance, typical for detection by conventional mono-
polar or concentric needle electrode, the duration of the
negative phase of triphasic SFP is proportional to the IAP
duration and is insensitive to changes in propagation ve-
locity (23). (3) At a large distance from the fiber, typical for
surface detection, duration of SFP is sensitive to changes
in the fiber-electrode distance, propagation velocity, and
after-potential and is practically insensitive to changes in
the IAP spike duration (20,23).

2.5. SFP Produced by a Muscle Fiber of Finite Length

Appearing at the end-plate, the two depolarized zones ini-
tially act as a single source (Fig. 3b, t � t5). During this
stage, leading edge (5,6,24,25) is produced in SFP (Fig.
3d). Its duration is about that of the IAP spike (i.e., rather
short). Its amplitude depends on the electrode position.
After separation of the zones (Fig. 3b, t > t5), they continue
to produce joint effect on SFP. The larger the radial dis-
tance and the closer the point of recording to the end-plate
region, the stronger is the effect of the depolarized zone
that moves in the opposite direction. As a result, the shape
and amplitude of SFP detected near the end-plate vary
(Fig. 3d, the first four curves from left to right), which
makes the end-plate region inappropriate (16,26–28) for
noninvasive estimation of propagation velocity that as-
sumes similar shapes of potentials detected by two elec-
trodes located along the fiber direction. The velocity is
estimated by the ratio of the distance between the two
electrodes and latency between the signals. On the other

(c)

Temporal characteristics

Amplitude characteristics
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Figure 8. Relationships between the profile length and ampli-
tude (a, b) and duration (c) of the SFP negative phase. Profile
length is represented by two lumped dipoles with different dis-
tance between them. (a) Lines A1� and A2� of the negative field
maxima, corresponding to the dipoles d1 and d2, are crossed (point
a12) at a radial distance y1. Any other distance between the di-
poles cannot provide the optimal field summation at y1. (b) d1 and
d3 are in optimal location to produce maximal potential at P2 lo-
cated at distance y2 (see point a13). (c) Changes in the width of the
negative potential field (distance between zero lines) with dis-
tance y from the fiber axis. (Thick solid lines) are for initial length
b¼L of the source along the fiber axis; (dotted lines) are for twice
longer b¼2L source. Relative expansion of the field at a short
distance to the fiber ðy¼ y1Þ is much stronger than at a large dis-
tance ðy¼ y2Þ (compare expansion of the negative field (dashed
area) with the width of the initial negative field at distances y1
and y2).
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hand, if the electrodes are in symmetrical position in re-
spect to the end-plate, the detected potentials have iden-
tical shapes. They, however, are not suitable for velocity
estimation, because their latency is also identical, which
results in abnormally high velocity estimates. If these
electrodes are poles of a bipolar electrode (that detects
difference in two potentials), the resulting signal is re-
duced to values close to zero, which can be useful for non-
invasive determination of the end-plate position but can
result in wrong estimates of the muscle activity level. To
perform a correct estimate, the poles of a bipolar electrode
have to be located at one side of the end-plate region (it is
often located within the muscle belly) and as far as pos-
sible from it.

During formation of a depolarized zone, the sum of the
moments of all dipoles in one stack is not equal to that of
the dipoles of opposite direction in the other stack (Fig. 3b,
t¼ t4, one zone). Nevertheless, the total dipole moment of
the fiber as a source comprising the two zones is equal to
zero because the stacks in the two zones are opposite (Fig.
3b, t¼ t4, the two zones). Zero is also the total dipole mo-
ment of any propagating wave (Fig. 3b, t¼ t6 and t¼ t7).
At a large distance from the fiber, the character of such
sources is close to that of axial quadrupole.

After the moment t7, when a depolarized zone reaches
the corresponding fiber end, the total dipole moment of the
depolarized zone (Fig. 3b, moments t8–t10) starts to differ
from zero (17,20,29). If the point of observation P is above
the fiber (Fig. 3b, P¼P1, t¼ t8), some of the dipoles that
should produce negative potential at P1 if the fiber was
infinite are lacking. As a result (Fig. 3c, P¼P1, thin upper
curve, t > t7), the positive deflection in the SFP is pro-
duced. The maximum of this positive terminal phase cor-
responds to the moment when the maximum of the IAP
profile is at the fiber end (Fig. 3b, moment t9). Then, the
stack of the dipoles facing the point of observation with its
positive sign also starts to disappear, which results in re-
duction of the positive terminal phase. If the point of ob-
servation is behind the fiber end, the terminal phase is
negative (Fig. 3c, P¼P2, thin lower curve, t > t7), as the
disappearing dipoles face the point of observation with
their positive sign and then (after passing the fiber end by
the IAP profile maximum) with their negative sign (Fig.
3b, P¼P2). If the end-plate is in asymmetrical position in
respect to the muscle fiber ends, then two terminal waves
are produced in SFPs (Fig. 3d).

2.5.1. Conclusions. (1) The leading edge of SFP devel-
ops during IAP generation at the end-plate (5,6,24,25). (2)
When a depolarized zone reaches the fiber end, a terminal
phase develops in the SFPs because of change in the total
dipole moment of the depolarized zone (17,29). The termi-
nal phase is positive in detection above the fiber and neg-
ative in detection behind the end of the fiber (17). (3) The
shape and duration of the SFP terminal phase repeat
those of IAP (20). (4) The duration of the SFP terminal
phase does not depend on propagation velocity (20). (5) In
contrast to duration of negative phase of SFP that in-
creases with radial distance, duration of the terminal
phases is distance-independent (20). (6) As the full dipole
moment of the source producing the terminal phase is not

zero, the source has dipole character and the decline of the
SFP terminal phase with distance from the fiber is smaller
than the decline of the SFP negative phase, induced by
quadrupole-like source (5,17,20). As a result, the terminal
phases are especially pronounced in signals detected from
deeper muscles (5,6,30), which makes these phases re-
lated to the cross talk (5,6,30). (7) The regions near the
end-plate and fiber ends are inappropriate for noninvasive
estimation of propagation velocity (16,26–28).

2.6. Motor Unit Potentials (MUPs) and M-Waves

MUPs and M-waves represent the sum of SFPs produced
in response to a single impulse exciting either a single
nerve fiber or a number of nerve fibers innervating differ-
ent MUs in the muscle. The activated muscle fibers are
located at different distances from the detecting electrode
in these cases. Nevertheless, the distance-dependent fea-
tures of the amplitude and temporal characteristics of
MUPs andM-waves are similar to those described for SFP.
The mean fiber-electrode distance determines their spe-
cific characters (18,19).

Another peculiarity of such muscle activation is related
to scattering of the end-plates, different propagation ve-
locity of IAP along individual muscle fibers as well as to
differences in diameter and length of the nerve terminals
and in time of transmission across individual neuromus-
cular junctions, which causes spatial and temporal dis-
persion of the potential fields produced by IAP profiles
moving along individual fibers. The resulting desynchro-
nization of different SFPs additionally affects the MUP
and M-wave shape, amplitude, and duration (Fig. 9). The
effect is more pronounced (compare Fig. 9b and 9c) in nee-
dle detections, when the distance from active fibers and
thus signal duration are shorter (Fig. 9a and 9b) than
those in surface ones (Fig. 9c), which determines the com-
plex polyphasic shape of signals detected in some patho-
logical cases by needle electrodes (15).

The terminal phases of individual SFPs also have short
duration (Fig. 3c, thin lines, t4t7, Fig. 3d), which is why
the effect of desynchronization on the MUP and M-waves
terminal phases is pronounced (Fig. 3c, thick lines, Fig. 9c)
irrespective of the MU-electrode distances. The desyn-
chronization affecting the terminal phases has an addi-
tional component. It is related to differences in the
moments of arriving of the depolarized zones at the ends
of different fibers. It depends on the fibers’ semi-lengths
and propagation velocity (6,19,31).

2.6.1. Conclusions. (1) The distance-dependent fea-
tures of the amplitude and temporal characteristics of
MUPs andM-waves are similar to those described for SFP.
The mean fiber-electrode distance determines their spe-
cific character. (2) Desynchronisation of individual SFPs
additionally affects amplitude, duration, and the number
of phases in MUPs detected by needle electrodes and in
terminal phases of MUPs and M-waves detected by sur-
face electrode. (3) In contrast to the SFP terminal phases,
the shape, amplitude, and duration of terminal phases
MUPs and M-waves depend also on the fiber semi-length
and propagation velocity.
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2.7. Anisotropy of the Volume Conductor

As the muscle fibers can often be considered parallel to
each other, conductivity of the muscle tissue in the longi-
tudinal direction (sl) is higher than in radial (sy) and
transversal (sz) ones (i.e., the volume conductor is aniso-
tropic with anisotropy ratio Kan¼ s1=sy). In the case of
parallel fibers, such an anisotropic volume conductor can
be replaced by an equivalent isotropic one in two different
ways.

One way is to decrease all longitudinal dimensions (fi-
ber length, IAP propagation velocity and thus the length
of the depolarized zones) HKan-times (32,33). Note that
shortening of the depolarized zones decreases the SFP
amplitude at a large distance and increases it at a short
distance to the fiber (see section on Extracellular Poten-
tials Produced by a Propagating Depolarized Zone) that
results in increasing the SFP amplitude radial decline.

Another way is to increase all radial and transversal
dimensions of the volume conductor (9,34–40) and of the
fiber diameter HKan-times (32). The increase in fiber di-
ameter is often not considered in simulation studies. In
such cases, the SFP at short fiber-electrode distances de-
creases (instead of increasing) because the fiber-electrode

distance becomes larger in the equivalent volume conduc-
tor. Thus, the results obtained by the two ways are not
identical, which can be a reason the SFP simulated at
short fiber-electrode distances to be of lower amplitude
than the measured ones (34,35,37,40).

2.7.1. Conclusion. The effect of the volume conductor
anisotropy (anisotropy ratio Kan) is equivalent to the cor-
responding increase in all radial and transversal dimen-
sions of the volume conductor (the diameters of the active
fibers included) HKan-times (32).

2.8. SFP and MUP as an Output of a Linear TimeShift-
Invariant System

2.8.1. Single Muscle Fiber Potential (SFP). The above
considerations have physical transparency that helps to
understand electrical phenomena. They are based on pre-
sentation of the membrane source through sequence of
dipoles distributed along the fiber axis. Equation 1 is a
mathematical formulation of such a spatial problem. It is,
however, not convenient for calculation of potentials pro-
duced by an ensemble of different muscle fibers, because
both its terms (IAP spatial profile and the term that take
into account the fiber geometry) are fiber-specific, which
must result in calculation of SFPs for each fiber from the
ensemble. To reduce the number of calculations, it is use-
ful (see the next subsection) to transform the formulation
into the temporal domain when the IAP as a function of
time can be considered identical for fibers of identical
membrane properties.

Assume that a unit dipole originates at the end-plate at
time zero and propagates along a fiber with a constant
velocity v. The potential produced by this dipole at the
point of observation P is IR(t) (Fig. 10a, left). The mem-
brane source, SoðtÞ¼dVi=dt can be approximated (Fig.
10a, middle) by n dipole sources of different moment
(an). Each subsequent ith dipole source originates at an
interval of dt. Propagating along the fiber, it produces po-
tential pi whose shape is also IR(t), magnitude is defined
by ai, and it is delayed by (i� 1)dt from the potential pro-
duced by the first dipole source [i.e.,
piðtÞ¼ai � IRðt� ði� 1ÞdtÞ]. The total potential is the sum
of n such potentials. As dt tends to zero and n tends to
infinity, the total potential produced at the point P by a
depolarized zone is represented through convolution:

jðP; tÞ¼SoðtÞ � IRðtÞ:

Thus, an active fiber can be considered as a linear
timeshift-invariant system of potential generation and
jðP; tÞ is the output of the system with the impulse re-
sponse IR(t) (Fig. 10, left) and input signal So(t) (Fig. 10a,
middle). The latter is the first temporal derivative of the
IAP (Fig. 10a, right).

As a skeletal muscle fiber has two depolarized zones,
IR(t) is the sum of potentials generated at the observation
point by two dipoles moving in opposite directions from
the end-plate to the fiber ends, where they disappear
(25,41), which can be described by the following equations

needle detection

surface detection

Terminal phases

Main phases

(c)

(b)(a)

Σ

Σ

Σ

Figure 9. Effect of desynchronization on potentials that mimic
needle (a, b) and surface (c) detection. (a) Synchronized activity of
different fibers or motor units results in increase of the summed
potential amplitude. (b) Desynchronization in generation of short
potentials can make the shape of the summed potential polyp-
hasic. (c) Identical to (b) desynchronization has slight effect on
result of summation of the wide main phases and strong effect on
result of summation of the short terminal phases of SFP produced
at the muscle surface, which makes the terminal phases pro-
longed and its relative weight lower in the resulting signal (thick
line).
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for anisotropic volume conductor (41):

jiðt; xo; yo; zoÞ¼Can

Z t
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�
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v
� ½IR1ðt� tÞ

þ IR2ðt� tÞ�dt¼Can �
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IRðtÞ;
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where * means a convolution, IR¼ IR1þ IR2, 0 � t � tmax;
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@
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C1¼1 for : t � L1=v and C1¼ 0 for : t > L1=v;

IR2

¼C2
@

@t

1

½ðxo � xepþ vtÞ2þKanðyo � yiÞ
2
þKanðzo � ziÞ

2
�1=2

ð4Þ

C2¼1 for : t � L2=v and C2¼ 0 for : t > L2=v;

tmax is the time during which the excitation passes along
the longer distance from the end-plate (xep) to the proxi-
mal (L1) or distal (L2) fiber end (tendon).

This approach is convenient also for simulation of SFP
produced by muscle fibers inclined to the skin (42) or by
fibers with nonuniform propagation (43).

2.8.2. Motor Unit Potentials (MUP). Although fibers in
MUs differ by their length and positions of their end-
plates and ends as well as by their diameter and thus ve-
locity of IAP propagation, histochemical and biomechani-
cal characteristics of all fibers in a given MU are identical

(15). If the membrane parameters are the same for all fi-
bers, the IAP in time domain could be accepted as identi-
cal, irrespective of the fiber diameter (44,45). So does the
input signal (the first temporal derivative of IAP) for all N
fibers of the MU. Then, the MU could also be considered as
a linear time shift-invariant system, whose common im-
pulse response (CIR) is the sum of N impulse responses
corresponding to individual muscle fibers. Instead of N
convolutions (one for every fiber), the MUP as the output
signal can be calculated as a single convolution between
the IAP first temporal derivative and CIR.

The properties of the volume conductor (conductivity
and anisotropy) are included as a common factor into CIR.
IR of an individual fiber incorporates information (41)
about fiber diameter, propagation velocity, positions of the
end-plate and fiber ends, location of the fiber within the
MU territory, electrode position, and the effect of a rect-
angular electrode area (see below). Any spatial filtering in
accordance with multielectrode arrangement can be also
included in IRs of an individual fiber (46). The CIR of an
MU is, in fact, the sum of potentials produced at a mono-
polar or multielectrode by N pairs of propagating dipoles
corresponding to N fibers.

2.8.3. Conclusions. (1) The presentation of SFP and
MUP as an output signal of linear and timeshift-invari-
ant system (Equation 2) results in fast calculation of MUP
without simplification of the IAP shape. It, however, has
no such transparent physical interpretation as that
through two stacks of distributed double-layer disks. (2)
This approach allows better understanding of regularities
of SFP and MUP spectral characteristics (see below).

2.9. Spectral Characteristics of SFPs and MUPs

Attempting to describe the power density spectrum (PS) of
SFP in terms of well-defined physical parameters, Lind-
ström (47,48) related all expressions to the action poten-
tial just outside the fiber (i.e., IAP did not participate in
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Figure 10. Excitable fiber as a linear time-
shift invariant system of SFP generation (a)
and result of changes in velocity on tripole
presentation (b). (a) impulse response (IR)
(i.e., potential produced by a moving unit di-
pole) (left); the membrane source, So, or input
signal (IS) in double-layer presentation, qVi(t)/
qt (middle); IAP (i.e., Vi(t)) (right). (b) The IAP
potential profile (left, thick line, 1) length is
shorten (left, thin line, 2) upon two-fold de-
crease of velocity; (middle) first spatial deriv-
ative of the two IAP profiles; (right) second
spatial derivatives of the two IAP profiles dem-
onstrating differences in the sources’ strengths
(different phases’ areas) and differences in dis-
tances between the individual poles in the two
approximating tripoles.
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the equations). Following Krakau (49), Lindström (47)
proposed a mathematical model of the SFP power density
spectrum (PS), which explicitly depended on propagation
velocity because this term was part of the impulse re-
sponse of their systems. As a result, it was concluded (47–
49) that any change in propagation velocity was reflected
in proportional shift of the power spectrum of the signal.

Convolution in the temporal domain (used to express
SFP and MUP, as described earlier) is transformed into
product of PS of the input signal and impulse response in
the frequency domain. The input signal (as the first tem-
poral derivative of IAP(t)) does not depend on propagation
velocity. However, as the impulse response becomes wider
(and thus lower frequency) with radial distance (Fig. 4),
the interrelation between power spectra of the IAP deriv-
ative and impulse response does depend also on the fiber-
electrode distance (50,51), which means that the effect of
the product of two terms can differ from that of one term
(impulse response) only (19,46,50–52). The PS of the sig-
nal detected in the proximity of muscle fiber is not ex-
pected to shift in accordance with the propagation velocity.
Thus, conclusion that any change in propagation velocity
is reflected in a shift of the power spectrum of the signal
(53,54) could be invalid for detection by SF electrode,
which is in line with the distance-dependent sensitivity
of SFP duration to propagation velocity demonstrated ear-
lier.

Besides, duration of the leading edge and terminal
phases (Fig. 3d) is in close relation to that of the short
IAP spike. It does not depend on the distance from the
source and determine the high-frequency components of
the SFP and MUP power spectra (5,6,46,52). Combination
with the low radial decline of the terminal phases makes
contribution of these components to the cross talk more
significant than that of other signal phases (5,11,30). Con-
sequently, the cross talk from other muscles should dom-
inate in the high- but not in the low-frequency region as is
considered by the most authors (53,54). Thus, mathemat-
ical differentiation and high-pass filtering of the raw sur-
face EMG signal proposed (55) for cross-talk reduction,
could increase the cross talk (6).

The leading edge and terminal phases considerably af-
fect (56) also fmean defined (54) by the ratio between the
myoelectric signal spectral moments,

R

PSðf Þ � ðf Þkdf , of
order k¼ 1 and order k¼ 0. As a result, sensitivity of fmean

to changes in propagation velocity only is strongly reduced
(56), which makes fmean proposed (57) and used as a mea-
sure of propagation velocity changes not very reliable. On
the other hand, depolarizing after-potential determines
IAP and SFP low-frequency components (19,50,51). Under
detection by surface electrodes, the relative weight of the
low-frequency components in SFP is especially pro-
nounced (19,50,51). Taking into account this fact as well
as the effects of changes in leading edge and terminal
phases, it is possible to create a sensitive noninvasive
spectral fatigue index (58,59),
R

PSðf Þ � ðf Þ�1df=
R

PSðf Þ � ðf Þkdf , where 2 � k � 5.

2.9.1. Conclusions. (1) The characteristics of the power
spectrum density and their sensitivity to changes in prop-
agation velocity and IAP are defined by distance-depen-

dent interrelations between power spectra of the input
signal and impulse response (19,46,50–52). (2) Mathemat-
ical differentiation and filtering of the raw surface EMG
signal with high-pass filters can increase the cross talk (6)
instead of its decreasing.

2.10. Other Ways to Model SFP and MUP

If Equation 1 is integrated by parts, a version of equation
of Lorente de Nó (60) for a fiber of finite (x1–x2) length is
obtained:

jðPÞ¼
@Vi

dx

1

ran

�

�

�

�

x1

þCan

Z 1

�1

@2Vi

@x2
1

ran
dx�

@Vi

dx

1

ran

�

�

�

�

x2

: ð5Þ

It is a single-layer presentation (9). The terms at the ends
x1 and x2 of a very long cylinder are close to zero like at
points remote from the membrane source. Then another
expression for unlimited fibers is obtained:

jðPÞ¼Can

Z þ1

�1

@2Vi

@x2
�
1

ran
dx: ð6Þ

The results described in the previous sections could also
be obtained with the model based on Equation 5. It, how-
ever, requires special description of the source change dy-
namics at the end-plate and tendons (61,62). As a result,
SFP and MUP calculation cannot be directly reduced to
single convolution. A fast-computing algorithm is crucial
when a large number of fibers are included in simulation
of MUP or interference EMG signals.

To eliminate the explicit expression of the terms at the
end-plate and fiber ends, Farina and Merletti (63) intro-
duced them implicitly in analytical description of the
source. At a certain moment, the source across the mem-
brane of each fiber semi-length was represented through
the first spatial derivative of the IAP profile. It was mul-
tiplied by the function that takes the value 1 above the
fiber semi-length and 0 otherwise. The transmembrane
current density was then represented through the first
spatial derivative of the sum of two (for two depolarized
zones) sources. Inclusion of anatomical parameters of in-
dividual fiber in the input signal, IS, deprives the IS of
generality. The IS becomes specific for each fiber and cal-
culation of MUP cannot be reduced to single convolution.

Hammarberg and Stålberg (64) overcame the problem
with description of the source change dynamics at the end-
plate and tendons in another way. They transformed the
changes in the source at the end-plate and tendons into
the corresponding changes of the weighting function. In
such a way, they were also able to reduce the formal ex-
pression of SFP to single convolution in temporal domain.
However, the SFP expression is split into six terms; each
term depends on the individual fiber length (i.e., does not
contain a term that could become a common one in calcu-
lations of potentials produced by a number of fibers). The
authors paid attention to the sampling frequency required
for a correct SFP calculation. They noted that the fre-
quency must be defined not by bandwidth of the resulting
SFP but by the transmembrane current that had signifi-
cant high-frequency content. Just the high-frequency con-
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tent of IS made the authors to apply an antialiasing filter
to remove the excess bandwidth of the transmembrane
current. The dipole presentation (first temporal derivative
of Vi in the IS against the second one) reduces the IS high-
frequency content.

SFP can be obtained also by formal solutions of Pois-
son’s or Laplace’s equation with the corresponding bound-
ary conditions using method of separation of variables
(9,36,38,65–69). The solution is based on Fourier trans-
form technique and modified Bessel functions. The formal
solution, however, gives no chance for transparent phys-
ical interpretations (9).

Taking into account the fact that the transmembrane
current is the primary electric source producing the ex-
tracellular potentials, many authors (36,37,40,68,70–77)
modeled SFPs on the basis of Equation 6, although Lo-
rente de Nó (60) explicitly stressed that it is valid for fibers
of infinite length only. Although different types of MUs can
differ in their IAPs (78), mathematical description of IAP
in space domain most used (27,36,37,63,73–75,79–81) is
either that suggested by Rosenfalck (68) or its modifica-
tion (37). Belonging to one type of MU and thus having
identical IAP as a function of time, the fibers of different
diameters have to differ in their velocity and consequently
in spatial extent of the IAP profiles and thus in trans-
membrane current density.

Thus, to simulate differences in diameters of fibers
through presentation of the source in spatial domain, it
is necessary to calculate the source strength each time
when the IAP spatial profile changes. It is not correct to
move the source, calculated for initial conditions, with dif-
ferent velocity along the fibers. Similar problems develop
when duration of the IAP and its velocity change with the
muscle functional state in such a way that their product
(the length of the depolarized zone) is also changed. The
opposite changes in amplitude of the signals detected si-
multaneously by electrodes located at different distances
from the active fibers (4,81,83–85) is an indirect indication
of the possible changes in the IAP profile length. The only
case when the identical source can be moved along the fi-
bers with different velocity is when the IAP duration is
changed together with velocity in such a way that their
product remains unchanged.

2.10.1. Approximation of the IAP through a Tripole. A
simplification of the above model is replacement of the
distributed source by an equivalent current tripole
(9,36,40,66,68,71,72,76,82). The intensity of the individ-
ual point current source is defined by area of the corre-
sponding phase of the transmembrane current density.
Each point source should be located at the centroid of the
corresponding phase (Fig. 10b, right). Such a presentation
cannot be suitable for a proper approximation of IAP with
after-potential. In addition, variation of the IAP profile
length must involve changes in the tripole parameters.
The lower the velocity, the shorter the depolarized zone
(Fig. 10b, left, thin line, 2) and the distances between the
positive and negative poles (Fig. 10b, right, tripole 2). The
point source intensities must be higher because of larger
areas of the phases (Fig. 10b, right, thin line, 2).

To avoid the problem with simulating the effects of IAP
generation and extinction, some authors (66,71,72,82)
treated the space and time domains separately. Each point
source remained stationary at the end-plate until its de-
parture time, and then it propagated along the muscle
axis until reaching the tendon where it remained station-
ary. The terminal phases and changes in the dipole mo-
ment did not follow the actual IAP time course in this case.
Difficulties with presentation of the IAP tail (IAP depo-
larizing after-potential, whose effect is especially consid-
erable at large fiber-electrode distances) can make the
tripole simplification of the source not correct at large fi-
ber-electrode distances either.

2.10.2. Conclusions. (1) SFP and MUP produced by
muscle fibers of finite length in infinite volume conductor
can be calculated identically correctly on the basis of
Equations 1 or 2, or Equation 5 or by formal solution of
Poisson’s or Laplace’s equations. (2) Calculations of poten-
tials produced by a great number of muscle fibers on the
basis of Equations 1 or 5 either cannot be reduced to a
single convolution or required complication of specific ex-
pression of the equation terms. (3) The simplified model of
SFP through an equivalent current tripole cannot be suit-
able for a proper approximation of IAP with after-poten-
tial. (4) To model changes in propagation velocity only, it is
necessary to change the length and intensity of the source
(Fig. 10b, right). It is not correct just to move the source,
calculated for initial velocity, with the new velocity along
the fibers.

2.11. Effect of Electrode Dimensions

The actual electrodes have a certain contact area that acts
as spatial averager of the extracellular potentials and
background noise. The noise intensity is approximately
inversely proportional to the contact area (86,87). A larger
electrode area, however, reduces the signal detected (88–
90). A useful combination of required noise reduction with
an acceptable signal distortion can be found by a proper
modeling.

Equation 2 provides a possibility for a simple analytical
integration of the SFP over rectangular electrode area.
The temporal derivative of (1/r) in Equations 3 and 4 dif-
fers from the spatial derivative along xo only by the term
7v. Thus, integration along longitudinal xo dimension of a
rectangular electrode is reduced to corresponding multi-
plication of the term 1/r (41). Analytical integration over
another transversal electrode dimension can be performed
by the way described by Griep et al. (71). The effects of
longitudinal and transversal electrode dimensions on SFP
essentially differ (91). The longitudinal dimension affects
the main SFP phases (that reflect the IAP profile propa-
gation along the fiber) more than the transversal one. In
this sense, the rectangular shape has its advantages. Nev-
ertheless, electrodes with circular shape are also used.
Farina and Merletti (63) proposed a transfer function, as a
2D spatial filter in space domain, to simulate the effect of
rectangular, circular, and elliptic electrodes.
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2.11.1. Conclusion. As the effects of longitudinal and
transversal electrode dimensions on SFP essentially differ,
the appropriate choice of dimensions and orientation of
rectangular electrodes gives a chance for obtaining useful
information in SFP, MUPs, and EMG signals and sup-
pressing noise and other obstructive information (91).

2.12. Modeling of Interference EMG

To simulate correct interference EMG signals, it is neces-
sary to take into account muscle and MUs anatomy
(61,73,75,92,93) that can be affected in specific ways by
neuromuscular disorders (15), proportion between differ-
ent types of MUs (94,95), their recruitment and firing
rates (61,93,96) as well as adequate MUPs. As was dem-
onstrated above, the effect of IAP profile across the mem-
brane on EMG is distance-dependent. Thus, adequate
interference EMG signals could not be obtained using
samples of individual SFPs or MUPs detected experimen-
tally at a given electrode position (97–101), which is also
valid for the case when analytic functions that mimic such
experimental SFPs or MUPs (12,53,54,90,102–106) or a
band-limited Gaussian random process (107–109) are used
to simulate interference EMG. That type of models cannot
take into account neither distance-dependent relations
between individual phases of SFPs and MUPs nor the ef-
fects of anatomical and physiological parameters of differ-
ent muscles. They are descriptive or phenomenological
with limited validity.

Models by Nandedkar et al. (110,111) and Stashuk (93)
take into account delays in neuromuscular transmission, a
realistic IAP shape, and distribution of muscle fibres
within MUs and muscle territory. The correct effects of
the IAP origin at the end-plate and the IAP extinction at
the fiber ends were not a part of these models. They could
be used for simulation of EMG detected by an SF electrode
(located far from the end-plate and fiber ends), whose ref-
erence electrode is far away from the active fibers and de-
tects no electrical activity. They could also be used for
simulation of EMG detected by a concentric needle elec-
trode although experimental recordings performed sepa-
rately from the central electrode and cannula
demonstrated registration of the terminal phases (related
to the processes at the fiber ends) at both recordings (112).

Simulation of EMG signal detected by a needle mono-
polar, MACRO-, or surface electrode requires inclusion of
the processes at the end-plate and fiber ends. They are
included in models of interference EMG signals proposed
by Duchêne and Hogrel (62), Farina and Merletti (64),
Lowery et al. (76), and by Hamilton-Wright and Stashuk
(92). However, the MUP calculation cannot be directly re-
duced to single convolution in these models and the MUPs
were calculated as the sum of individual SFPs. When a
large number of fibres is included in simulation, a fast-
computing algorithm is important. To reduce the number
of calculations, contribution of the muscle fibres located
only in the so-called detection area is taken into account
(93), the MU or muscle fibers are assumed to be distrib-
uted within a few ‘‘isopotential’’ layers, each fiber of which
produces the same potential (90) or SFPs are calculated
instead of MUPs (27).

2.12.1. MU Recruitment and Firing Rates. The regi-
ments of MU recruitment and derecruitment as well as
the firing rates of different MUs are task-specific and have
no general character. The classic approach is related to the
so-called Henneman (113–116) ‘‘size principle,’’ according
to which progressively larger MUs are recruited with in-
creasing muscle force. Larger MUs comprise muscle fibers
of greater diameter, which is why the MUs are often or-
dered by their mean propagation velocity value. It is, how-
ever, found that the order of MU recruitment can depend
also on movement speed and direction (117).

The physiological range of mean firing frequencies is
reported to be within 8–35Hz (79,118–121). The interpulse
intervals produced by an MU are considered to be inde-
pendent samples of a random variable. Different distribu-
tions of the consecutive interpulse intervals of an MU are
proposed, but a Gaussian distribution appears justifiable
to model them (39,61,73,75,79,92,93,96,122). Usually, con-
stant ranges for the variation of the firings are chosen,
irrespective of the mean interpulse interval. The typical
values for the coefficient of variation are within the 0.1–
0.33 range, which corresponds to a standard deviation of
10–30ms for mean firing frequency of 10Hz.

The experimental results on relations between fre-
quency of MU discharge and muscle tension are contra-
dictory (123) even for a simple muscle activity like
isometric contraction when the muscle length is main-
tained unchanged. With the increase of muscle tension,
the frequency of discharge was reported first to increase,
then to be stable and to increase again near the maximum
effort (124,125). Other investigators have found increasing
firing rate at low tension (126) and an almost stable fre-
quency at high tension (126,127). An approximately linear
relation between firing frequency and muscle force was
established by Clamann (128) and many others (see, for
example, Ref. 119). Gydikov and Kosarov (120) found two
types of MUs, one of which demonstrated a linear- and
another one demonstrated a plateau-like dependence. The
discrepancies in the data are because of insufficient selec-
tivity of recordings, difficulties with following activity of
one MU especially under high-level contraction, and bias
of the data collected by different methods. On the other
hand, the loss of force during a sustained maximal volun-
tary contraction is accompanied by a marked decrease in
the MU firing rate, which can be as much as 50% in 1
minute (129,130).

When additional MUs are recruited at a certain force
level, they usually fire at lower rate than the MUs re-
cruited earlier at the same force level (130). No systematic
assessments of the distribution of mean interpulse inter-
vals of the whole pool of active MUs exist. The firing rates
of simultaneously active MUs do not differ by more than
10Hz. The variability seems to decrease with increasing
force level (131).

When a number of MUs are active, their firing rates
can be synchronized (132,133). A number of authors ana-
lyzed the effect of synchronization on frequency and am-
plitude characteristics of EMG signals (73,134–138). The
degree of this phenomenon is still not clear. Synchroniza-
tion has been implicated as one of the causes of frequency
shifts in the power spectrum during fatigue
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(134,137,139,140) because a declining propagation veloc-
ity only partly explains the frequency decrease. However,
after many years of discussion, it is still a matter of con-
troversy (141,142). A more pronounced frequency shift
could (19,50,51,56) be because of the end effects and effect
of IAP changes during fatigue (Fig. 7). Attempts to explain
the increase in the EMG amplitude with synchronization
also exist (73,138) although IAP profile lengthening could
also be responsible (10,18,19).

The specific parameters used to model MU recruit-
ments can be found, for example, in Refs. 61,79,92,96.

2.12.2. Conclusions. (1) When intramuscular interfer-
ence EMG is simulated, it is necessary to pay a special
attention to a correct inclusion of parameters of IAP and
propagation velocity in simulation of each SFP as well as
anatomy of MUs. (2) When surface interference EMG is
simulated, it is necessary to include processes at the end-
plate and fiber ends. (3) As no reliable experimental
method exists for studying the firing patterns of the ma-
jority of the MUs in a muscle, the simulations give a
chance for analysis of different regiments of recruitment
and firing rates.

3. MODELING OF EMG SIGNALS IN AN
INHOMOGENEOUS BOUNDED VOLUME CONDUCTOR

An actual volume conductor is inhomogeneous and
bounded because of the presence of bones, vessels, inter-
stitial tissue, and layers of fat, skin, and air contacting
with the skin. The inhomogenities affect the potential field
and EMG signals (143). Together with a complex muscle
structure, they are obstacles for a correct assessment and
interpretation of the detected EMG signals. Thus, propa-
gation velocity is estimated in a few muscles only. The
analysis of the effects of the volume conductor complexity
gives ideas to what extent regularity obtained for homo-
geneous unbounded volume conductor could be distorted.

The parameters, varying with muscle activity, are func-
tional (IAP duration, after-potentials, velocity, whose pro-
nounced effect on regularities of SFP changes was
demonstrated in the first part of the chapter), anatomical
(fiber diameter, curvature, angle between the fibers in
pinnate muscles and thus anisotropy of the volume con-
ductor), and biochemical, affecting conductivity of the vol-
ume conductor. The volume conductor inhomogenities are
subject specific and, fortunately, do not change a lot with
muscle activity.

The effect of air or an insulating plate can be taken into
account by the method of mirror images whose application
show (38,144) that the SFP decline is reduced in direction
to the boundary where the SFP is doubled. The effect of
layers of lower conductivity can be approximated through
corresponding increase of the electrode distance from the
active fibers (145), which can explain expansion of the
signals, increase in the relative weight of the terminal
phases, lower decline of MUPs in transversal direction,
and possibility of a good estimation of the MU axis location
but not of the MU size.

Formal exact mathematical description of potentials in
inhomogeneous and bounded volume conductor differs
from the Poisson’s equations for isotropic infinite volume
conductor only by dependence of conductivities on the
point in the volume conductor. In case of layered geome-
try, the equation is solved in each layer and then the
boundary conditions at the surfaces between the layers
are used for obtaining the final solution.

The clear general idea, however, results in complicated
solutions that can be analytical for certain simple geom-
etries of volume conductor such as half-spaced or circular
cylinders. For more complicated geometries, numerical
techniques are used. As a result of complicity and compu-
tational demands, these models are often accompanied by
a simplified membrane source presentation through a
tripole. Their further development and analysis of the ef-
fects are forthcoming. They will shortly be described be-
low. A wider review of these approaches can be found in a
recent book on EMG (146).

3.1. Effect of Frequency Dependence of Volume Conductor

Strictly speaking, muscle tissue, as a volume conductor, is
frequency-dependent because of the capacitive effect of the
muscle fiber membranes. Starting from a certain fre-
quency, the tissue conductivity increases. The increase
in longitudinal conductivity starts at a higher frequency
than that in the radial conductivity. As a result, anisot-
ropy ratio is also frequency-dependent (147).

Using a model for infinite fiber, Albers et al. (34) found
pronounced effect of tissue conductivities on SFPs at small
distances only, because the distance from the fiber acted as
a low-pass frequency filter widening the SFP. However,
muscle tissue does not act as a low-pass filter on the ter-
minal phases that (together with the leading edge) deter-
minate high frequencies of the signal and its power
spectrum (6). Thus, frequency dependence of tissue con-
ductivities can affect SFPs, MUPs, and M-waves at a large
distance as well. This effect on SFPs was demonstrated
recently (80). However, the actual effect on MUPs or M-
waves should be smaller because the frequency content of
their terminal phases are not as high as in the case of SFP.

3.2. Semi-Infinite Layered Volume Conductor

Following Farina and Rainoldi (148), Farina and Merletti
(63) proposed an approach of surface EMGmodeling based
on the spatial and temporal Fourier frequency character-
istics of the signal. It was applied to generate signals in a
layered volume conductor (muscle, fat, skin) with infinite
parallel planes separating the tissues. The signal in the
temporal domain was generated by an equivalent 1D filter
in the time domain. The filter was computed based on the
spatial transfer functions of the volume conductor and de-
tection system and of the spatio-temporal function de-
scribing the evolution in space and time of the IAP. The
effect of electrode shape and size as well as the inclination
of the fibers parallel to the surface in respect to the de-
tecting system can be included in the transfer function of
the filter. The model allows computation of the simulated
potentials using properties of the 2D Fourier transforma-
tion.
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3.3. Cylindrical Volume Conductor

Amodel by Gootzen et al. (62) describes cylindrical volume
conductor consisting of two layers (muscle and subcuta-
neous fat). Roeleveld et al. (67) and Blok et al. (149) de-
veloped it and described a three-layered model that
included muscle, fat, and skin. The authors found that
the terminal phases were enhanced significantly because
of the finite limb dimensions.

Recently, Farina et al. (150) proposed a surface EMG
generation model and multilayer cylindrical volume con-
ductor and the source in an internal, intermediate, or ex-
ternal layer. It allows the description of layers (which are
anisotropic in the three directions), sources (traveling ei-
ther in the longitudinal or in the angular direction), and
any detection electrode shape.

3.4. Volume Conductor with Complicated Geometry

Lowery et al. (74) attempted to analyze a potential field in
multiple-layer finite-element model of the upper arm that
incorporates muscle tissue, fat, skin, and bone. Potential
distribution generated by a single fiber was analyzed. The
authors have found that the effect of bone wasminor in the
upper arm. Recently, Lowery et al. (80) presented a more
realistic finite-element model based on arm anatomy ob-
tained through magnetic resonance images of human up-
per arm. The model includes resistive and capacitive
tissue properties as well as the effect of finite length of
muscle fibers. Farina et al. (151) presented the possibility
of combining analytical and numerical methods for de-
scription of the complex volume conductor and analytical
methods for modeling the source. Mesin and Farina (152)
analyze the ability to describe surface EMG signals gen-
erated by bi-pinnate muscles analytically.

3.5. Conclusions

Studies of a more actual complicated volume conductor
are of doubtless interest. Complicity of these models and
computational demands often require simplification of the
expression for the membrane source. Further develop-
ment of those models and comprehensive analysis of the
complicated volume conductor effects are forthcoming.

4. GENERAL CONCLUSION

EMG investigations include detection of changes in the
neuromuscular system as a result of pathology, treatment
or changes in muscle functional state, and analysis of rea-
sons for them. Each model reflects only part of reality. The
art of the modeling is in the choice of significant param-
eters and rejection of the secondary ones in answering a
specific question.

BIBLIOGRAPHY

1. C. S. Sherrington, Ferrier lecture: some functional problems
attaching to convergence. Proc. R. Soc. (Lond.) 1929;
105:332–362.

2. J. Ekstedt, Human single muscle fiber potentials. Acta

Physiol. Scand. 1964; 61(Suppl 226):1–96.
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ektrischer Ströme in Körpelischen Leitern mit Anwendung
auf die thierischelektrischen Versuche. Ann. Phys. Chem.
1853; 29:222–227.

8. F. N. Wilson, A. G. MacLeod, and P. S. Barker, The distribu-
tion of the action currents produced by heart muscle and
other excitable tissues immersed in extensive conducting
media. J. Gen. Physiol. 1933; 16:423–456.

9. R. Plonsey, The active fiber in a volume conductor. IEEE

Trans. Biomed. Eng. 1974; 21:371–381.

10. N. Dimitrova, Influence of the length of the depolarized zone
on the extracellular potential field of a single unmyelinated
nerve fibre. Electromyogr. Clin. Neurophysiol. 1973; 13:547–
558.

11. G. V. Dimitrov and N. A. Dimitrova, Modeling of the extra-
cellular potentials generated by curved fibres in a volume
conductor. Electromyogr. Clin. Neurophysiol. 1980; 20:27–40.

12. D. C. Boyd, P. D. Lawrence, and P. J. A. Bratty, On modeling
the single motor unit action potential. IEEE Trans. Biomed.

Eng. 1978; 25:236–243.

13. F. Buchthal and P. Pinelli, Analysis of muscle action poten-
tials as a diagnostic aid in neuromuscular disorders. Acta

Med. Scand. 1952; 142(Suppl 266):315–327.
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tion and analysis of electromyographic interference pattern
in normal muscle. Part II: Activity, upper centile amplitude,
and number of small segments. Muscle Nerve. 1986; 9:486–
491.

112. D. Kosarov and A. Gydikov, The influence of the volume
conduction on the shape of the action potentials recorded by
various types of needle electrodes in normal human muscle.
Electromyogr. Clin. Neurophysiol. 1975; 15:319–335.

113. E. Henneman, Relation between size of neurons and their
susceptibility to discharge. Science. 1957; 126:1345–1347.

114. E. Henneman and C. B. Olson, Relations between structure
and function in the design of skeletal muscle. J. Ne-

urophysiol. 1965; 28:581–598.

115. E. Henneman, G. Somjen, and D. Carpenter, Functional sig-
nificance of cell size. J. Neurophysiol. 1965; 28:560–580.

116. E. Henneman, G. Somjen, and D. Carpenter, Excitability
and inhabitability of motoneurons of different sizes. J. Ne-

urophysiol. 1965; 28:599–620.

117. B. M. Van Bolhuis, W. P. Medendorp, and C. C. A. M. Gielen,
Motor-unit firing behaviour in human arm flexor muscles
during sinusoidal isometric contractions and movements.
Brain Res. 1997; 117:120–130.

118. P. Christova, A. Kossev, and N. Radicheva, Discharge rate of
selected mototr units in human biceps brachii at different
muscle lengths. J. Electromyogr. Kinesiol. 1998; 8:287–294.

119. A. J. Fuglevand and D. A. Keen, Re-evaluation of muscle
wisdom in the human adductor pollicis using physiological
rates of stimulation. J. Physiol. (Lond.) 2003; 549.3:865–875.

120. A. Gydikov and D. Kosarov, Some features of different motor
units in human biceps brachii. Pflügers Arch. 1974; 347:75–
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1. ANATOMY AND NEUROPHYSIOLOGY OF THE PELVIC
FLOOR MUSCLES

1.1. The Anal Sphincter and Puborectalis Muscles

The anal canal is between 3 and 5 cm in length, starting at
the anal opening and ending in the rectal ampulla. It
frequently is shorter in women, in elderly subjects, or in
patients with incontinence than in healthy young males.

Above the dentate line (the border between the ano-
derm and mucosa), which marks the beginning of the
smooth muscle part of the anal canal, a sagittal section
through the anal canal encounters the following layers:
the mucosa (about 0.5–1 mm), the circularly arranged

smooth fibers of the internal anal sphincter (about 0.5–
1 mm), a layer of smooth fibers in the longitudinal direc-
tion (longitudinal muscle, about 1 mm)—these three
layers continue orally as the layers of the rectum ampulla.
A second and thicker layer (between 1 and 3 mm) of
striated muscle forms the external anal sphincter (EAS),
which extends between the anal orifice and the puborec-

Figure 1. Anatomy of the anal sphincter and puborectalis mus-
cles as proposed by Stelzner in 1998 (1).
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talis sling at the level of the anorectal angle (Figs. 1 and 2)
(1).

Three anatomical concepts of the morphology of the
EAS muscle and its innervations are currently described
in the published literature:

1. A traditional concept of the EAS as consisting of
three bundles of striated muscle fibers that are all
circular but their attachment varies, also between
the genders. This concept has frequently been re-
plicated in the anatomical textbooks and is the most
widely used concept of sphincter anatomy (2).

2. A more recently developed concept (3) described the
EAS as a series of three ‘‘loops’’ to account for a great

variability between ages and gender. In this concept,
muscle fibers run circumferentially, only in the
‘‘basal loop’’ whereas the fibers of the other two loops
decussate anteriorly in the perineal body, which is in
agreement with data from endoanal ultrasound
showing deficiency of the EAS muscles in the ante-
rior upper anal canal, especially in women.

3. A final concept has been proposed by Fritsch et al.
(4) and is based on both plastinated anatomical
preparations as well as pelvic floor imaging by
ultrasound and magnetic resonance techniques. Ac-
cording to this concept, the EAS consists of two
parts: a subcutaneous part with circumferentially
running muscle fibers and a deep ‘‘loop’’ that opens
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in the midline ventrally, but demonstrates thickened
muscle bundles ventrolaterally, especially in wo-
men.

The pudendal nerve leaves the pelvis via the great sciatic
foramen, and accompanies the internal pudendal artery
into the pudendal canal on the lateral wall of the ischior-
ectal fossa. In the posterior part of the canal, it gives off
the inferior rectal nerve, then it branches into the perineal
nerve and the dorsal nerve of the penis/clitoris. The
perineal nerve is the inferior and larger terminal puden-
dal branch and divides into the posterior scrotal/labial and
muscular branches. One of its branches innervates the
anterior part of EAS (5–9).

1.2. The Urethral Sphincter

Some authors describe a branch at the level superior to
the passage of the pudendal nerve through the greater
sciatic foramen (10) which contains fibers to the levator
ani and the external urethral sphincter while others have
not found this branching. Therefore, it is still controver-
sial whether the urethral sphincter is innervated by
somatic motor nerve fibers traveling within the pelvic
plexus (11) or with the pudendal nerve (10,12). Whether
the pudendal nerve branches also innervate the levator
ani (‘‘from below’’) is controversial as well; most authors
agree that its main innervation is through direct branches
from the sacral plexus (‘‘from above’’). Branches originat-
ing from S3–S5 sacral nerve roots and traveling on the
superior surfaces of the pelvic floor (called the levator ani
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nerve) were proposed as the sole innervation of levator ani
in females (13).

Significant variability of normal human neuroanatomy
seems to exist, which is probably why controversies still
exist resulting from anatomical studies of peripheral
innervation of pelvis, which, as a rule, are performed in
a small number of cases. Little is known about asymme-
tries of anatomy; interestingly, anatomical studies appar-
ently dissect specimens only unilaterally, so intersubject
variability is noticed, but intrasubject variability (asym-
metry) is not. Much less still is known about the finer
details of central pathways to pelvic floor muscles (PFM),
which have mostly been explored in experimental ani-
mals.

2. ELECTROMYOGRAPHY OF THE ANAL AND URETHRAL
SPHINCTERS AND PUBORECTALIS MUSCLES

With needle electromyogram (EMG), activity at rest and
motor unit potential amplitude, duration, percent poly-
phasia, and recruitment following mild to moderate vo-
luntary muscle contraction can be assessed. These
parameters are measured in a standardized semiquanti-
tative manner that has been demonstrated to have mini-
mal intra- and interobserver variability. Assessment of
motor unit recruitment is also a reliable measure of
muscle weakness in neurogenic lesions. Needle EMG is
sensitive to identify denervation (fibrillation potentials)
and myogenic (small polyphasic motor unit potentials),
neurogenic (large polyphasic motor unit potentials) or
mixed injury. Neurogenic injury of the anal sphincter
may be caused by damage anywhere along the lower
motor neurone innervating the anal sphincter, including
the nerve branches within the anal sphincter (14). Neuro-

genic injury affecting the external anal sphincter and
ischiocavernosus probably indicates a pudendal neuropa-
thy. Needle EMG of the puborectalis muscle can be used to
distinguish disorders that affect this muscle and the
external sphincter muscle selectively or in combination
(15).

Neurophysiology of pelvic floor functions (8) has never
been a routine clinical tool used by many investigators and
in many patients. The only exception is perhaps the
determination of the terminal motor latency of the puden-
dal nerve (PNTML) by a less invasive technique (16) with
a glove-mounted surface electrode to stimulate the puden-
dal nerve through the rectal wall and evoked responses
recorded from the anal sphincter by another pair of
electrodes at the finger base, which is because needle
EMG is an invasive and painful procedure for the patient
and requires remarkable experience by the clinician.

EMG recordings by an anal sponge or hard plug
electrode correlate well with sphincter pressures, but
cannot distinguish among the causes of sphincter weak-
ness specified above. Surface EMG recordings may be
obtained from electrodes placed in the lumen of the anal
canal or from perianal skin-surface electrodes (17). Intra-
luminal electrodes are believed to be more accurate be-
cause they are closer to the external anal sphincter muscle
and less likely to pick up signals from the glutei or other
muscles. Of the different types of intraluminal electrodes,
longitudinally oriented metal plates (oriented along the
axis of the anal canal) perform better than concentric ring
electrodes because they are along the muscle fiber direc-
tion. Surface EMG has been used as a biofeedback signal
for pelvic floor retraining to improve the external anal
sphincter function in patients with fecal incontinence or to
decrease inappropriate sphincter contractions in pelvic
floor dyssynergia (see Chapter on Biofeedback).
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2.1. EMG of the Anal Sphincter

Anatomical properties and physiological features of ske-
letal muscle motor units (such as length, orientation,
location of the innervation zone, and muscle fiber conduc-
tion velocity) can be detected using linear arrays of surface
electrodes (18), as indicated in other sections of this
encyclopedia. The motor unit action potentials (MUAPs)
propagating from the innervation zone to the tendon
terminations are detected as they travel under a sequence
of equally-spaced electrode pairs (linear electrode array,
see Fig. 3 a1, a2, a3) (19). They are amplified by an array
of amplifiers, converted in digital form, and displayed on
the screen of a computer. The contribution of each MUAP
appears as a sequence of waves on subsequent channels.
These waves are progressively time-shifted as the source
travels underneath the electrode array and generate a
typical spatio-temporal pattern from which anatomical
properties of the motor units can be extracted (18,19) as
evident from Fig. 3, a3.

When the probe and the muscle are circular, channel 1
is next to channel 16 and the electrodes, as well as the
signal channels, are spaced by equal angular distances.

The signals are interpreted in the same way as in the case
of linear arrays and show innervation zones, motor unit
lengths, and conduction velocities. Section b1 of Fig. 3
shows an anal probe and section b2 depicts a schematic
diagram of the probe in the anal canal and two motor
units. Section b3 shows a segment of real signals where
propagation of action potentials is evident with innerva-
tion zones evident under channels 13–14. Individual
MUAPs can be clearly recognized.

Noninvasive detection of single-channel surface-EMG
of the sphincter muscles, as reported in the literature (20–
26), adopted either longitudinal or ring-shaped electrodes
or perianal electrodes mostly for biofeedback training
purposes. These configurations do not allow detection,
recognition, classification, and counting of single MUAP
or assessment of motor unit (MU) anatomical features.
This information is useful in many clinical situations for
the investigation of sphincter innervation and asymmetry,
the quantification of activity during relaxation or contrac-
tion, the investigation of myogenic and neurogenic inju-
ries, and the identification of areas that are particularly
vulnerable to surgical interventions because of possible
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denervation, especially in women, consequent to episiot-
omy or lacerations during delivery (27,28).

Figure 4a provides a schematic representation of the
EMG patterns that would result in case of two innervation
zones (one right and one left) of the sphincter. Figure 4b
shows the EMG patterns that would result from a single
dorsal or from a single ventral innervation. Figure 4c
shows some experimental signals generated by motor

units innervated in different regions of the sphincter.
Preliminary results concerning the distribution of inner-
vation zones have been reported in Enck et al. (29).

Figure 5 shows an anal probe with three electrode
arrays, spaced 10 mm apart, and signal segments from
each of them (from three different contractions). Different
innervation zones and different (angular) conduction velo-
cities are evident from the recordings indicating that
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different motor units with different geometry and proper-
ties exist, side by side, in the different rings of the muscle.

Figure 6 shows a sphincter with motor units inner-
vated in different locations and Fig. 7 shows one with
motor units innervated in the same location, under elec-
trodes 6–7 in the ventral right region. In case of a female

subject, this latter arrangement suggests a vulnerability
of the sphincter to episiotomy or lacerations in the ventral-
right region.

Vaginal delivery is often associated to lacerations or to
minor surgery consisting of cutting the perineal wall
(episiotomy) during child delivery. The importance of

Table 1. Population-Based Survey of Fecal Incontinence (32)

Country Population Prevalence of Fecal Inc.

France 1100 males and females 445 years 6% (60% are women)
UK 549 Post-partum women 5.5%
UK 2818 males and females older than 65 years 3.0%
Canada 228 teen-age females 3.0%
Canada 949 post partum women 3.1%
Canada 447 nursing home residents 46%
Holland 719 women older than 60 years From 4.2% to 16.9% increasing with age
USA 1440 persons older than 50 years From 11.1% to 15.2% increasing with age
USA 18.170 persons in Wisconsin Nursing homes 47%
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locating the innervation zones of the anal sphincter
muscle is outlined in Fig. 8 and related to the possibility
of performing an episiotomy in a way that would minimize
the likelihood of sphincter damage and consequent incon-
tinence.

According to Christianson et al. (30), 4.4% of episio-
tomies lead to anal sphincter injury, whereas Parnell et al.
(31) state that 6.4% of women who received episiotomy
had partial or total sphincter rupture.

Tables 1 and 2 report data from the literature showing
the relevance of the problem of incontinence associated to
gender, age, and child delivery (32).

2.2. EMG of the Puborectalis Muscle

The puborectalis muscle is a sling whose two branches are
attached to the pubic bone and wrap around the vagina (in
females) and the anal canal. The muscle is above the
sphincter (see Figs. 1 and 2) and can be reached with a
linear electrode array glued on the gloved index finger. An
array with eight electrodes is depicted in Fig. 9a. The
finger can be rotated and pressed against the posterior,
right, or left part of the muscle. Examples of experimental
signals detected in the right or left position are indicated
in Fig. 9b and 9c and show clear propagation patterns
meeting and occasionally crossing over at the midline of
the muscle.

Signals showing clear MUAPs can be decomposed into
the constituent action potential trains. Potentials of simi-
lar shape, presumably generated by the same motor unit,
may be extracted and superimposed to monitor fatigue-
related changes of the specific motor unit (see section on
EMG signal processing). Figure 2a and b shows the
schematic anatomy of the female pelvic region and the
electrode array used for puborectalis investigation. Figure
2c and d show superimposed potentials generated by two

different motor units and propagating in opposite direc-
tions.

2.3. EMG of the Urethral Sphincter

Detecting propagating action potentials and motor unit
innervation zones from the urethral sphincter is techno-
logically more complex that detecting them from the much
larger anal sphincter. Two prototypes of urethral probes
are depicted in Fig. 10a and b. Propagating action poten-
tials, detected using the device of Fig. 10a, are evident in
the recordings of Fig. 10c. In some cases, innervation
zones are evident. As shown in the case of the anal
sphincter, as well as in the case of the urethral sphincter,
it is possible to describe the geometry of the motor units
and the location of the innervation zones.

(c)

50 µV 
50 ms

Ø = 5.5 mm
12 x 3 electrodes

Ø = 5.5 mm
8 electrodes

Balloon Electrode arrays

(b)(a)
Figure 10. (a) Prototype of urethral catheter
with one circumferential array of eight silver
contacts (Courtesy of Ottino Bioengineering,
Rivarolo Torinese, Italy). (b) Prototype of ure-
thral catheter with three circumferential arrays
of 12 gold contacts each and a balloon to be
inflated inside the bladder for proper positioning
of the electrode arrays (Courtesy of Standard
Instruments GmbH, Karlsruhe, Germany). (c)
Three segments of single differential signals
detected with the catheter depicted in (a) show-
ing individual MUAPs propagating along the
circumference of the probe.

Table 2. Association Between Method of Childbirth and
Fecal Incontinence: Odd Ratios (32)

Type of delivery
Odds of fecal incontinence. Odd
ratios (95% confidence interval)

Vaginal delivery versus
nulliparous

2.59 (1.58–4.28)

Instrumented delivery
versus nulliparous

3.37 (1.93–5.91)

Caesarean section versus
nulliparous

1.76 (0.73–4.16)

Vaginal delivery versus
Caesarean section

1.47 (0.69–3.23)

95% confidence interval.

Recent estimates of the risk of fecal incontinence after fistulectomy

(affecting both genders) ranged from 18% to 52% (32).
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1. INTRODUCTION

The mechanical activity of skeletal muscles is associated
with the generation of electric signals that can be recorded
by electrodes inserted in the muscle (intramuscular re-
cordings) or fixed over the skin (surface recordings). The
electric signals generated by the muscles during their ac-
tivity are referred to as electromyographic (EMG) signals.

The first recording of intramuscular EMG signal was
done in 1929 by Adrian and Bronk using the concentric
needle, which allows the detection of single motor unit
(MU) potentials. The first recording of surface EMG sig-
nals was performed by Raymond in 1849, and, in 1944,
Inmann et al. (1) first reported data on the activity of dif-
ferent shoulder muscles investigated by analyzing surface
EMG signals.

In recent years, EMG signal detection, amplification,
and processing systems have been largely improved, in-
creasing the quantity and quality of information that can
be extracted from EMG signals and the motor unit action
potentials (MUAPs) of which it is composed. This infor-
mation is now widely used for research purposes and in
many clinical applications in a number of fields, including,
among others, rehabilitation medicine, ergonomics, neuro-
physiology, and sports and space medicine. This chapter
will provide a short overview of the state of the art in the
field of EMG detection systems and equipment.

2. EMG SIGNAL DETECTION

This section will give a brief overview on the different de-
tection systems for intramuscular and surface EMG re-
cordings. With respect to intramuscular recordings,
surface EMG techniques are noninvasive, the application
of electrodes is not painful, and they are better suited for
EMG signal detection during movement. For these rea-
sons, considerable effort has been spent in the last years
by research groups and companies in the biomedical field
for the refinement of existing and development of innova-
tive surface detection systems. The research in this area is
noticeably active and, although, at present, the main clin-
ical application of surface EMG techniques is restricted to
movement analysis, the transfer of such techniques from
research to clinical practice is promising. Nonetheless, the
theory on signal detection, conditioning, and storage is
largely in common between intramuscular and surface
EMG systems.

Detection of EMG potentials is accomplished by the use
of two or more electrodes (one of which is usually the ref-
erence electrode), which act as the interface between the
muscle (or its surface) and the active electronic circuits
meant to amplify and filter the weak electrical signal de-

tected. The first stage of an EMG amplifier is usually re-
ferred as the analog front-end of the EMG detection
systems, and it is often directly attached to the electrode,
with the aim of improving interference immunity (2). In
this case, the system comprising electrodes and front-end
is termed as active probe.

2.1. Intramuscular Electrodes

The insertion of electrodes directly into the muscle allows
the detection of electric potentials very close to their
source, thus limiting the filtering effect of the muscle tis-
sue. This, at moderate contraction forces, permits easier
separation of action potentials generated by different
MUs, and is traditionally used in the assessment of my-
ogenic and neurogenic diseases through the observation of
shape and size of the detected potentials.

Intramuscular electrodes exist with different architec-
tures (Fig. 1), allowing different degrees of insight into the
phenomena of MUAP generation. The classical concentric
needle electrode detects signals in monopolar configura-
tion (i.e., referred to an electrode placed on an electrically
inactive region) through a wire insulated in the cannula of
a needle. An extension of this concept has been developed
by Buchthal et al. (3), who placed 12 insulated wires in the
cannula. This system records the electrical activity of a
motor unit in many points in the muscle, allowing a de-
tailed investigation of the MU territory. A similar concept
has been applied by DeLuca and Forrest (4) with their
quadripolar needle, featuring four detecting surfaces ar-
ranged to detect MU electrical activity in different loca-
tions. The redundancy of information resulting from these
different representations of the same MUAPs can be ad-
vantageously used for the automatic decomposition of the
EMG signal into its constituent MUAP trains.

Aside from the above described needle electrodes, fine
wire electrodes can be used for the purpose of detecting
intramuscular EMG activity. This approach was first pro-
posed in 1960 by Basmajian et al., and consists of using
electrodes made from nonoxidizing, small diameter, insu-
lated metallic wires, whose insulation is removed for a
small portion on the tip. These electrodes can be inserted
in the muscle with the help of a needle, which is subse-
quently removed. The advantages of these systems with
respect to needle electrodes is the much more limited dis-
comfort perceived by the subject, allowing strong contrac-
tions for longer periods. In addition, they are more stable
during movement but, as opposed to needle electrodes,
their position cannot be adjusted after insertion.

An extension of this concept is used by the so-called
branched electrodes, proposed by Gydikov et al. (5) They
consist of two isolated parallel wires, connected together
to prevent relative displacement. In one of the wires, the
isolation is removed at one location (leading-off area), in
the other it is removed at two points spaced by 1–2mm.
MUAPs are detected differentially between the two wires,
resulting in the difference signal between the leading-off
area and the average of the potentials detected in the two
points in the second wire. This system proved to be selec-
tive enough for single motor unit analysis.
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Finally, special arrangements have been developed for
specific techniques, such as the macroEMG method pro-
posed by Stålberg (6,7). Here, a noninsulated metallic
needle carries a separate electrode for single MUAP de-
tection. This signal is used as a trigger for the macropo-
tential detected on the needle surface (8).

2.1.1. Applications of Needle EMG. The main advan-
tage of intramuscular EMG is the high spatial selectivity
that can be attained (i.e., the pick-up volume of the detec-
tion system is limited to territories within few hundreds of
mm from the detection points). The shape and extension of
the pick-up volume depend on the electrode shape and are
inversely proportional to its size. The much higher spatial
selectivity of intramuscular electrodes with respect to sur-
face ones makes themmore suited for clinical applications.
Some neurogenic and myogenic pathologies can be diag-
nosed by observing the shape and features of the MUAPs
detected from the few MUs in the electrode territory. Dis-
orders in central control (i.e., firing pattern irregularities)
and detection of spontaneous contractile activity (fibrilla-
tions) can also be assessed with intramuscular techniques.
On the other hand, this high sensitivity to electrode dis-
placement does not suit applications involving pronounced
muscle movement or medium to high generated force.

Methodologies for assessing disturbances in muscle ac-
tivation from observation of detected MUAPs rely on the
fact that the single fiber action potentials (SFAPs) of a
same motor unit have a certain degree of relative disper-
sion in time and space, which is due to the scattering of the
fibers in the MU territory, to the different length of the
axonal branches of the motor neuron axon, and to differ-
ences in conduction velocity of the fiber and its branch. As
a result, SFAPs recorded at the detection point are not
perfectly synchronous and, depending on their relative

delay, they can result in partial phase cancellation of the
resulting MUAP, or give origin to a polyphasicMUAP (e.g.,
featuring several changes in sign of the signal slope, or
turns). Thus, the shape of the MUAP is related to the fea-
tures of its MU.

Among others, the turns and amplitude method (T&A)
has been extensively used, with some refinements, in the
past 20 years for the analysis of intramuscular EMG (9).
Here, turns and other MUAP geometrical parameters are
usually reported in scatter plots versus force or another
parameter, and compared with ‘‘typical’’ plots of healthy or
pathologic subjects for diagnostic inference. For example,
in some neurogenic disorders, the degeneration of some
motor neurons leads to the denervation of their muscle fi-
bers. The neighboring surviving MUs grow new axonal
sprouts, which connect to the denervated fibers. The
MUAP of the surviving MUAPs tend thus to have larger
amplitude, longer duration, and larger scattered SFAPs,
which generally result in a higher number of MUAP turns
or polyphasic shape. In the macroEMG technique (10), the
body of the needle acts as a macroelectrode with large de-
tection volume, whose acquisition is triggered by the
SFEMG signal detected by the highly selective single fi-
ber EMG electrode mounted on the side. Peak-to-peak and
area of the macroMUAP are then evaluated and compared
against reference values of healthy subjects, reported for
different muscles and ages (7).

Another technique that relies on the triggering method
is scanning EMG, which provides an electrophysiological
cross section of a motor unit (6). The recording method
uses two intramuscular electrodes, one with high selec-
tivity for triggering, and a concentring electrode for ac-
quisition, inserted at least 2 cm away and in the direction
of the fibers. After detection of some potentials, the con-
centric electrode is automatically pulled within steps of
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multipolar
electrode 

endings
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exposed tips  
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conductor 

insulated
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needle for fine wire insertion ( removed after wire application )

Figure 1. Various types of intramuscular
electrodes. (a) concentric needle electrode;
(b) multipolar electrode; (c) fine wire elec-
trode inserted in the cannula of a needle,
prior to insertion in the muscle; usually 2–3
wires are used; (d) macroEMG electrode.
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50 mm or more using a precision actuator. The result is a
scan of a corridor in the muscle, 15 to 20mm in length
across the investigated MU, allowing one to see the
changes in shape of the MUAP at different positions (10–
12).

Finally, mixed techniques such as spike triggered aver-
aging exists. These techniques take advantage of the high
sensitivity of intramuscular EMG, associated with the
features of multichannel surface EMG methods (see sec-
tion on surface electrode montages). Here, intramuscular
signals detect the firings of a single MUAP, and trigger the
recording of the corresponding signal epoch on the muscle
surface. By averaging subsequent epochs (20–40), surface
MUAPs from the trigger MUs are enhanced with respect
to those generated by other MUs, which are not synchro-
nous with the trigger and thus appear as ‘‘background
noise,’’ which allows, for example, the assessment of the
single MU conduction velocity from the surface signal at
low to moderate contraction levels (13).

2.2. Surface Electrodes

A surface EMG electrode consists of a conductive medium
with defined dimensions and shape, which detects electri-
cal muscle activity from the skin. Electrodes can be man-
ufactured in solid silver or gold (14), conductive carbon,
pressed sintered powders of silver and silver chloride (dry
electrodes), or porous flexible substrates filled with adhe-
sive electrolyte gel (Fig. 2). These latter have the advan-
tage of a stable electrode-skin contact during movement,
and do not require straps or tape to be kept in position as
for dry electrodes.

An additional electrode family is constituted by capac-
itively coupled electrodes, where the detection surface is
coated with a thin layer of dielectric substance and the
skin-electrode junction behaves like a capacitor. However,
they exhibit higher inherent noise (15), and for these rea-
sons they are not commonly used in EMG applications.

Multiple surface electrodes can be arranged in mono-
and bi-dimensional montages (and referred as arrays, ma-
trixes, or grids of electrodes), with the aim of implement-
ing spatial filters to improve the selectivity of the
detection. Alternatively, the redundancy of information
provided by multichannel detection can be used for the
calculation of physiological parameters, such as muscle
fiber conduction velocity, for the assessment of spatial dis-
tribution of electrical muscle activity, or to improve the
performance of decomposition algorithms.

2.2.1. Surface Electrode Technology. From an electro-
chemical point of view, an electrode is the transducer that
converts the ionic current generated by the muscle con-
traction into electrical current (electron flow) sensed by
the detection equipment. This process is carried out by
reduction-oxidation reactions at the interface between the
electrodes and the aqueous ionic solutions of the body
(which, in case of dry electrodes, are constituted by the
natural moisture of the skin).

When an electrode is placed in contact with the skin, a
voltage, known as the half-cell potential, is generated be-
tween the bulk of the electrode and its interface with the

skin. This voltage difference is described by Nernst equa-
tion, which, in the simplified case of two ionic solutions,
becomes (16)

E¼
RT

nF
ln

a1

a2

� �

; ð1Þ

where R is the universal gas constant, T is the absolute
temperature, n is the valence of the ions, and a1 and a2 are
the activities of the ions. A transient in charge distribution
can be generated by slight displacements of the electrode
over the skin, for example, as consequence of movement,
which will induce a change in the half-cell potential that
will be sensed as a disturbing motion artefact (i.e., a low-
frequency variation) on the detected EMG signal.

For the above reasons, nonpolarizable electrodes (i.e.,
those that exhibit a half-cell potential independent to the
current passing through the membrane) are preferred in
practical applications. Usually, they are made of silver and
silver chloride reduced in fine powder and pressed to-
gether (sintered electrodes) (17,18). A further improve-
ment is obtained if a layer of electrolyte gel is interposed
between the electrode and the skin to stabilize the contact.
This solution is widely used in electrodes for long-term
EMG recordings.

Finally, the electrode-skin impedance can be lowered
by increasing the effective contact surface, which can be
done without increasing the electrode dimensions (which
would change its spatial filtering features) by making the
metal surface highly irregular by means of grooves (19) or
taking advantage of the superficial roughness of sintered
silver-silver chloride. In practical applications, however, a
proper skin treatment is always needed in order to remove
the corneal skin layer and lower electrode-skin imped-
ance. It has been demonstrated (20) that rubbing the skin
with abrasive paste provides the best results in terms of
contact impedance and noise reduction.

2.2.2. Surface Electrode Montages. Placing a number of
electrodes (21) in different locations over the skin allows
the detection of potential in different space coordinates;
this operation is also termed as spatial sampling. In this
case, the potential distribution is sampled in particular
points and spatially filtered in each point, with a spatial
transfer function depending on the specific electrode ar-
rangement. The availability of many electrodes along fiber
direction (linear electrode arrays) may be used to estimate
muscle fiber conduction velocity and to obtain more infor-
mation on the processes of generation and extinction of
the action potentials, as well as improving the perfor-
mance of pattern-based algorithms for the decomposition
of EMG signals into its constituent MUAP trains.

Masuda et al. (22–24) first proposed the sampling of
MUAPs detected over the skin at equally spaced locations
along muscle fiber. The linear electrode arrays they pro-
posed were comprised of point electrodes from which sin-
gle or double differential signals could be extracted. These
systems were shown to provide information about single
MU anatomical properties, such as the location of the in-
nervation zones and the length of the muscle fibers. Later,
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linear electrode arrays have been further developed and
applied by other research groups (25,26) to extract infor-
mation about conduction velocity, crosstalk, etc.

Figure 3 (top) (27) shows signals detected from the bi-
ceps brachii muscle by a linear electrode array. The gen-
eration of the action potentials at the motor end plate can
be observed from the surface signals as the point from
which the potentials start the propagation in the two di-
rections (toward the tendon regions). It is possible to fol-
low the action potentials from the generation at the
neuromuscular junction to the extinction at the tendons.
The pattern corresponding to the propagation of the sig-
nals in both directions is typical of single MU action po-
tentials and can be used to identify the contributions of
the single MUs in the interference signals.

Other electrode montages, in addition to the linear one,
are possible. The placement of electrodes in the transver-
sal direction can be used to analyze the rate of decrease of
the potential with increasing transversal distance from
the source. This decrease depends on the depth of the MU,
which thus can be estimated from this type of recording.

Such a recording technique has been proposed first by
Roeleveld et al. (28). Bi-dimensional arrangements of elec-
trodes have been developed and are being used in ad-
vanced studies on muscle functions. In particular, from
these systems it is possible to compute maps of potential
amplitude and to investigate the distribution of muscle
activity in different tasks. The information extracted from
this type of signal was shown to be extremely important
both for research and clinical applications (29,30).

Finally, the concepts of multichannel EMG detection
can be extended to montages in which the electrodes form
a circular rather than a linear array. This architecture
suites muscles in which fibers are arranged along a cir-
cumference, as it is for anal sphincter muscles. Figure 3
(bottom) shows signals detected from the external anal
sphincter using such a circular array of silver bar elec-
trodes.

These recently developed detection systems (27) find
application, among others, for the assessment of geomet-
rical features of sphincter muscles, such as the position
and number of their innervation zones. This information

dint
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Figure 2. Overview of different surface electrodes: (a) bipolar electrode with silver or silver bars,
(b) self-adhesive electrode with metal clip (shape and dimensions can vary among models) and clip
cable, (c) adhesive electrode, with leaning-off clip tab for minimizing movement artifacts because of
cable strain; (d) silver-plated or sintered silver-chloride bipolar electrode, (e) hollow electrode cup
with electrolyte gel filling. In A and D, dint represents the interelectrode distance between electrode
pairs (generally in the range 5–25mm). Drawings of different electrodes are not to scale with each
other.
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is of paramount importance during surgical operations in
the pelvic floor area, to avoid damage to the terminations
that innervate such muscles.

Bi-dimensional electrode arrangements can also be ap-
plied to circumferential architectures. In this case, several
circumferential arrays of electrodes are placed along the
probe axis and can be used to assess the features of sphinc-

ter muscles at different depths without the need of repo-
sitioning the probe.

2.3. Electrical Model of Tissue-Electrode Interface

Defining the electrical model of the skin-electrode inter-
face (or tissue-electrode for intramuscular recordings) is
not a simple task, because the values of its parameters
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change, for example, in response to sympathetic activity
(31) and the behavior is nonlinear. Some models proposed
in literature are very refined, but for the issue of describ-
ing the interactions between electrodes and an EMG am-
plifier, refer to a simplified model composed by:

1. the capacitive and resistive contact impedance, the
latter in the range 10kO–1MO (19,32), depending
on the type of electrode (intramuscular or surface)
and its geometry;

2. the electrode half-cell potential, whose value can
reach 200mV or even more (33);

3. the intrinsic thermal noise of the tissue-electrode
interface, given by:

Vth;RMS¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

4kTRB
p

; ð2Þ

where k is the Boltzman constant, T is the absolute
temperature, R is the tissue-electrode resistance,
and B is the bandwidth of the EMG amplifier. In
surface EMG recordings, this noise can be reduced
by lowering the skin-electrode impedance with
scrubbing prior to electrode placement (20);

4. the noise generated by ionic exchanges occurring at
the tissue-electrode interface, of the same order of
magnitude or higher than the intrinsic thermal
noise;

5. a voltage generator modeling the detected EMG sig-
nals, with amplitude ranging from noise level up to
5–6mV for surface signals (it depends on electrode
area and their relative distance); for intramuscular
signals is strongly affected by the type of electrode
used.

Special care is exercised in the design of the low-noise
input stage of EMG amplifiers, the most critical circuit in
terms of determining the quality of the acquired signals
(34,35).

In the following section, the above described model will
be used to draw considerations about proper EMG signal
amplification.

3. EMG SIGNAL AMPLIFICATION, FILTERING, AND
ACQUISITION

3.1. General Description of an EMG Acquisition System

An EMG amplification and acquisition system has a num-
ber of identical EMG input channels that can vary to a
minimum of 1 to 4 (for biofeedback applications, or move-
ment analysis systems) up to 64 or 128 channels for ad-
vanced multichannel acquisition with 1-D and 2-D
electrode arrays.

Each EMG channel is constituted by an input stage
that performs an initial conditioning of the weak signal
detected by the electrodes, an amplification and filtering
block (usually with variable gain and sometimes with ad-
justable bandwidth), an analog-to-digital (A/D) conversion
block, a display unit for online and offline visualization of
the acquired signals, and a mass memory device where
data are stored for further visualization and processing.

The display and the storage unit can be embedded in
the device (e.g., in standalone portable systems), or be
constituted by an external PC equipped with a visualiza-
tion, recording, and signal processing software. In this
latter case, the A/D conversion blocks can either be in the
device (in this case, it will communicate to the PC via a
serial, USB, or Firewire interface), or in an acquisition
card installed in the PC. A schematic block diagram of a
generic EMG acquisition system is depicted in Fig. 4.

If the EMG system is powered by mains, or if it is
meant to be connected with external devices (such an ac-
quisition PC), international safety regulations for medical
equipment require that the patient must be electrically
isolated, which will ensure protection against electrical
faults and limit the leakage current into the patient to
safety limits. Equipment of such type is referred as BF
class devices, where the letter B indicates the maximum
leakage current range (which must not exceed 100 mA).
Patient isolation is usually accomplished by the use of
optocouplers along the signal line (either before or after
the A/D converters, if these are internal to the device) and
by galvanically isolating the power supply of the circuits
connected to the patient, or powering them with batteries.

In general, it is useful to correlate EMG activity to
other biomechanical parameters that must be recorded
together with EMG signals, such as the joint angles of the
limb investigated (during movement) or to the force or
torque exerted during isometric contractions. Other sig-
nals (e.g., feet pressure distribution or joint angles during
gait and synchronization signals from other equipment)
may need to be acquired as well. For this reason, some
EMG acquisition systems are equipped with auxiliary in-
put channels where external sensors can be connected. As
such sensors are not electrically in contact with the pa-
tient, isolation is not needed on these channels.

3.2. Signal Conditioning and Acquisition

The input stage of an EMG (intramuscular or surface) de-
tection system is composed by an instrumentation ampli-
fier (IA), which performs the difference between the signal
detected in the volume conductor and the potential in an
electrically inactive area (monopolar detection) or be-
tween two signals detected in the same volume conductor
(bipolar or differential detection).

A complete electrical model of the input stage of an
EMG detection system, including the electrical model of
the tissue-electrode interface, is depicted in Fig. 5.

From Fig. 5 it can be observed that a realistic model of
the input stage comprises:

1. the resistive and a capacitive input impedance of the
amplifier, whose values are in the range of 107–
1012O and 5–10pF;

2. the input bias current, in the nA to pA range, de-
pending on the technology of the instrumentation
amplifier;

3. the wideband input voltage noise, with an additional
flicker component (whose spectral amplitude is pro-
portional to 1/f) below 10Hz. In low-noise instru-
mentation amplifiers, typical values for voltage
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noise spectral density is in the range of 20 to 40nV/
OHz (36,37);

4. the wideband input current noise. It is approxi-
mately inversely proportional to the bias current,
and ranges from 1 to 60 fA/OHz;

5. a finite Common Mode Rejection Ratio (CMRR),
which is the ability of the amplifier to reject com-
mon mode signals (i.e., identical signals applied at

Zs1
Ehc1 + Vsn1

+ +

-

Ehc2 +Vsn2
Zs1

+

+ +

Ib+Iin/2

VIN1

Ib+Iin/2

Zi1

Zi2
Ein/2

VIN2

V1

V2

Vd

++

Ad (Vd+Vc/CMRR)

+

Vout

Ein/2

instrumentation
amplifier

VIN1,2  = signal sources Ib = amplifier input bias current Vd = differential input voltage

Ehc1,2      = half-cell voltages Ein = amplifier input voltage noise Ad = differential gain

Vsn1,2      = tissue-electrode noises Iin = amplifier input current noise CMRR = common mode rejection ratio

Zs1,2        = tissue-electrode impedances Zi1,2 = amplifier input impedances Vc = (V1 + V2)/2 = common mode input voltage

Figure 5. Electrical model of an EMG tissue-electrode system connected to the input stage of an
EMG amplifier; the figure represents the main sources of nonidealities, such as nonzero source
impedance, source noise, finite amplifier input impedance, and input noise.

+

-

differential 
input stage

amplificator
and filter

isolation barrier

isolated power supply

EMG electrodes

reference

optocoupler 
(optical isolation)

DC/DC converter 
(galvanic isolation)

A/D converters

power supply line
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data 
storage unit

on-line
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A/D
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Figure 4. Block diagram of an EMG acquisition system (one EMG channel only is shown for
simplicity), with additional input channels for biomechanical sensors (such as joint angle gonio-
meters, force or torque sensors) and auxiliary channels.
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both inputs), and is defined by:

CMRRdB¼ 20 logðAd=AcÞ; ð3Þ

where Ad¼Vout=Vd is the differential gain and
Ac¼Vout=Vc is the common mode gain. Vd is the
differential voltage across the two inputs, and Vc is
the common mode voltage.

As it will be discussed in the section on Noise and In-
terference Reduction, these nonidealities will affect the
quality of the acquired signals and possibly degrade their
quality in terms of noise and interference.

In an EMG amplifier, the input stage is followed by a
band-pass filter (i.e., a filter that rejects all the frequencies
below and above preset values). High-pass filtering has
the aim of removing the unwanted DC offset generated by
the half-cell potential of the electrodes and, to a lower ex-
tent, the intrinsic offset voltage of the input amplifiers.
This offset, if amplified together with the EMG signals by
the next amplification stages, could reduce the useful dy-
namic range of the signal or even saturate the last ampli-
fication stages. In addition, high-pass filtering will remove
signals below 10–20Hz in surface recordings and below
50–100Hz in intramuscular recordings. This frequency
region contains unwanted motion artifacts, that in intra-
muscular recording are generated by movements of the
lead wires in the muscle, and in surface recording are
caused by the displacement of the electrodes on the skin.

Low-pass filtering is needed mainly to remove un-
wanted noise beyond the bandwidth of interest, that could
lead to a degradation of the signal-to-noise ratio (i.e., the
ratio between the amplitude of the signal and the back-
ground noise), which is defined as:

SNRdB¼ 20 log
S

N

� �

; ð4Þ

where S is the amplitude of the signal and N of the noise;
in case of white noise, N is expressed by:

N¼n �
ffiffiffiffi

B
p

; ð5Þ

where n is the total noise spectral density and B is the
bandwidth. From Equations 4 and 5 it can be observed
that reducing the bandwidth to the useful portion only will
maximize the signal-to-noise ratio for a given application.

A summary of the recommended high and low cut-off
frequencies for EMG amplifiers (32,38) is reported in Ta-
ble 1.

In applications where the shape of the MUAPs is of in-
terest, filters should exhibit a sufficient linearity in their
useful band, in order to avoid phase distortions in the sig-
nal. Filters with Chebychev profile (39) are more selective
(i.e., the slope, or roll-off, at the cut-off frequencies is
steeper), but exhibit a nonlinear phase response. Con-
versely, filters with Bessel profile are linear in phase, but
have a poor roll-off for a given filter order. Butterworth
profiles are usually a good compromise in between.

Except for applications where signal amplitude is the
only parameter of interest (e.g., in biofeedback), the use of
notch filters to remove power line interference (see also
Noise and Interference Reduction) is a practice to be
avoided, as they induce a 1801 phase shift to the spectral
components above the cut-off frequency.

The choice of the proper gain for the EMG signal is re-
lated to the input range of the A/D conversion system; a
correct gain should be suitable to bring the signal into its
full input range, thus maximizing the signal resolution.
The resolution of an A/D converter is given by:

LSB¼
Vrange

2N
; ð6Þ

where LSB is expressed in Volts, Vrange is the maximum
input range of the A/D, and N is the number of resolution
bits. In an ideal case, the amplitude of the EMG signal
should exploit the full range of the A/D converter, and the
amplitude of the LSB should be comparable with that of
the noise; in this way, the useful signal is acquired with
the best possible resolution. Common resolutions used in
EMG acquisition systems are 12 or 16 bits.

Finally, a suitable sampling frequency should be se-
lected. It is known (Nyquist theorem) that, if the sampling
frequency is at least twice the maximum frequency of in-
terest, the original signal can be fully reconstructed from
its samples:

fs � 2 � fmax; ð7Þ

where fs is the sampling frequency and fmax is the maxi-
mum frequency of interest. In this case, sampling will be a
lossless conversion process from analog to digital. If the
EMG signal is not meant to be acquired with its full band-
width, a lower sampling frequency can be used; in this
case, however, care should be taken in filtering the signal
to the desired bandwidth before sampling to avoid the
phenomenon of spectrum aliasing, which would prevent a
correct reconstruction of the sampled signal.

3.3. Noise and Interference Reduction

The intrinsic noise of the input amplifier is generated by
the joint effect of the two statistically independent noise
sources, namely the input voltage and current noise, and
is given by:

Vnoise;amp¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

E2
in;noiseþ ðZs � Iin;noiseÞ

2
q

; ð8Þ

with the notation of Fig. 5 and Ein;noise and Iin;noise calcu-
lated from their power spectral density as in Equation 5.
For surface EMG amplifiers (bandwidth 20–500Hz), this
contribution usually ranges in the range of 0.4–0.6 mVRMS

depending on the instrumentation amplifier used.
The overall noise at the input stage of the amplifier is,

in turn, given by the statistically independent contribu-
tions of the intrinsic noise of the amplifier, the electrode
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thermal noise, and the electrode contact noise:

Enoise;RMS;total¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

V2
noise;ampþE2

thermal;RMSþV2
contact;RMS

q

:

ð9Þ

If, as usual, the conditioning circuit is composed by cas-
caded stages, the noise of the subsequent stages must also
be taken into account. However, as the major source of
noise is the intrinsic contribution of the electrode-tissue
interface, these contributions can be neglected.

It is known from Equation 5, that, for a given choice of
the amplifiers, their noise can be reduced by limiting the
bandwidth to the strictly necessary for the application.
The same consideration applies for the electrode thermal
noise (Equation 2), which can be further reduced by low-
ering the electrode-tissue impedance (R); in surface elec-
trodes, this task can be effectively done by vigorous
scrubbing of the skin (20) prior to the application of the
electrodes. Finally, the contact noise can be reduced dur-
ing electrode design with a proper choice of the materials
used. Further consideration about noise reduction in EMG
detection can be found in Ref. 40.

Another major cause of signal quality degradation
comes from electrical interference generated by the mains
power supply of the equipment, power lines, and nearby
operating devices such as electrical motors. External dis-
turbances are usually coupled to the EMG signal by
means of unavoidable parasitic capacitances between the
interference source, the equipment, and the patient’s body.
As these may differ for the two inputs of the instrumen-
tation amplifier, they may induce a differential voltage
that is not attenuated by its CMRR. One way to limit this
interference is to place the input stage close to electrodes,
which has the effect of reducing the value of parasitic ca-
pacitances and also to reduce magnetically coupled inter-
ference, whose amplitude is proportional to the area of the
electrical loop from the electrodes to the input stage.

Common-mode interferences are generated by parasitic
capacitive coupling to the patient’s body, and are attenu-
ated by the CMRR of the differential input stage. However,
even with high CMRR values of 90–100dB, in practical
cases they may reach a value of few mVRMS.

An additional source of interference comes from the so-
called potential divider effect (41), caused by nonequal

electrode impedances and unbalanced input impedances
of the amplifier, which generates a differential voltage
from a common-mode disturbance that is given by:

Vd¼Vc
Zs

Zi

DZs

Zs
þ

DZi

Zi

� �

where

Zs �
Zs1þZs2

2
and Zi �

Zi1þZi2

2
;

ð10Þ

with the notation of Fig. 5. In practical situations, this
contribution can also reach levels of few mVRMS, which will
sum to that of the common-mode voltage and lead to un-
acceptable levels.

As the designer has little or no control over electrode
impedance unbalance and parasitic capacitances, the most
effective way to reduce such interferences is to reduce the
amplitude of the common mode itself, which is normally
done by the use of aDRL (Driven Right Leg) circuit, whose
name comes after its extensive use in ECG amplifiers
(where the reference is connected to the patient’s right
leg). It is basically composed by a circuit that senses the
patient’s common-mode voltage, and reapplies it on the
reference electrode with amplification and reversed phase.
Using this system, the equivalent CMRR of the input
stage can be increased by tens of dB (42,43). Special top-
ologies of DRL circuits also exist for multichannel acqui-
sition systems (44).

Notch filters tuned at power line frequency (50Hz in
Europe; 60Hz in the United States) are sometimes used.
However, it is not a viable solution if spectral, and not only
amplitude information has to be extracted from the EMG
signal. In addition to a careful reduction of line interfer-
ence at the source (always the best practice), digital adap-
tive filters may be used offline to further improve signal
quality. They lock on a disturbance of a predetermined
frequency, estimate its amplitude and phase, and remove
it by subtraction (45).

4. EMG EQUIPMENT

This section is devoted to the description of EMG equip-
ment currently used in clinical applications, in sport and
occupational medicine, and in basic and applied research;

Table 1. Recommended Bandwidth for EMG Amplifiers

Electrode Type and Application Recommended High-pass Filter Recommended Low-pass Filter

Surface electrode
For EMG spectral analysis o10Hz 400–500Hz
For movement analysis 10–20Hz 400–500Hz
For special wideband applications 10–20Hz 1000Hz
Wire electrode
For general applications 20Hz 1000Hz
For signal decomposition 1000Hz 10.000Hz
Monopolar and bipolar needle electrode
For general applications 20Hz 1000Hz
For signal decomposition 1000Hz 10.000Hz
Single fiber electrode 20Hz 10.000Hz
Macroelectrode 20Hz 10.000Hz
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these biomedical devices include electromyographs, gait
analysis systems, and biofeedback devices.

4.1. Electromyographs for Laboratory Use

An electromyograph for clinical use consists of a multi-
channel EMG amplifier with an embedded or external ac-
quisition board and a PC equipped with a software for
signal visualization, acquisition, offline review, and some-
times processing; additional input channels are some-
times provided for the acquisition of biomechanical
parameters such as exerted torque or force, or joint an-
gles (Fig. 4). A neuromuscular stimulation circuit is some-
times included for the acquisition of electrically elicited
EMG activity, which can be used, for example, for the
measurement of the motor nerve conduction velocity
(MNC), or the muscle fiber conduction velocity (CV) of
the electrically elicited EMG response (M-wave). In other
devices, the stimulation block is not included, but the
EMG amplifier features additional inputs for the synchro-
nization with an external stimulator.

If the device is meant to be operated with electrically
elicited contraction, the EMG input stage features an ad-
ditional blanking circuitry, synchronized with the stimu-
lator output, whose aim is to reduce the amplitude of the
stimulation artifact on the electrically elicited EMG signal
(46,47).

In devices designed for the use with multichannel de-
tection systems (mono- or bi-dimensional arrays), EMG
channels are cascaded in a way that the reference for each
channel is constituted by the electrode also connected to
the input of next channels.

4.2. Ambulatory EMG Acquisition Systems

In some applications, such as sport or occupational med-
icine, long-term EMG measurements in the field may be
required. In these cases, portable, battery-powered EMG
acquisition system are used. These systems, also referred
to as EMG data loggers, consist of a number of surface
EMG probes (often carrying the amplification and filtering
circuits) and a wearable multichannel acquisition unit
equipped with a removable storage media. Once the ac-
quisition is terminated, data can be downloaded offline to
a PC for subsequent review and analysis.

With respect to laboratory electromyographs, these de-
vices usually feature a limited number of functions, such
as a fixed gain, a fixed bandwidth, and do not have blank-
ing circuits for the use with neuromuscular stimulators.
Finally, although portable devices with up to 64 input
channels exist (48), the number of input channels is often
limited in a range from 2 to 8.

4.3. Movement Analysis Systems

Movement analysis is one of the most common clinical ap-
plications of surface EMG, and it consists in the detection
of muscle activation patterns during normal movement
(such as gait), using bipolar surface EMG electrodes, up to
a number of usually 4 or 8 electrode pairs.

In gait analysis, footswitches or insoles for the calcula-
tion of pressure distribution are used jointly with EMG

electrodes, with the aim of providing the correlation be-
tween EMG activity and gait phases (swing and stance).
Complex systems using up to eight (but more commonly
two to four) infrared or visible light cameras are often
used to track and reconstruct the movement of the limb
segments in a 2-D or 3-D space. Most of these systems
make use of reflective markers to be placed on the limbs,
or active, light-emitting markers. They are used with soft-
ware programs that allow scrolling the movie clip of the
subject during the test, the animation of the limb segment
positions (stick diagrams) and the corresponding EMG
and footswitch patterns.

Apart from these specific accessories and the provisions
to synchronize them with the EMG acquisition, movement
analysis systems do not differ substantially from a porta-
ble EMG acquisition system. As the test is normally per-
formed in a limited space (the room where cameras, and
sometimes sensorized mats, are installed), is not strictly
necessary for the system to be completely wireless. For
this reason, sometimes the EMG detection system worn by
the subject is connected to an acquisition PC via a long
electrical or fiber optic cable; this solution provides intrin-
sic optical isolation of the patient. In other devices, the
connection between the patient unit and the computer is
implemented with a radio link. In the last years, the use of
low-cost Bluetooth radio modules has increased progres-
sively.

4.4. EMG Biofeedback Devices

Biofeedback techniques consists of measuring the EMG
activity of a certain muscle or muscle group, and giving
the patient a simple real-time indication of muscle activ-
ity, which helps the patient in gaining awareness of his/
her muscle activity and in training in order to regain a
better muscle control.

Several studies in occupational medicine demonstrate
that, on a long-term, insufficient muscle relaxation may
develop musculoskeletal disorders. In these cases, biofeed-
back techniques proved to be an effective method for train-
ing patients in relaxing muscles with excessive activation.
Conversely, biofeedback can be used for training subjects
with insufficient muscle activation, such as female pa-
tients suffering from urinary incontinence. In this case,
biofeedback is used to train the patient in gradually re-
gaining a sufficient activation of voluntary pelvic floor
muscles.

The device usually consists of a miniaturized, single-
channel EMG wearable amplifier with surface electrodes
suitable for the muscle to be trained (vaginal probes are
available for pelvic floor muscles) and equipped with real-
time indicator of muscle activity by means of a numerical
or analog visual scale, a frequency-modulated sound, or a
vibration. The feedback is simply based on EMG signal
amplitude and, for this reason, notch filters tuned at
power line frequency are sometimes included to eliminate
power line interference. Some devices are equipped with a
presettable activity threshold, which activate a warning
when this is exceeded.

Recent studies (49) formulated the so-called Cinderella
theory, which hypothesizes that there are low-threshold
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motor units (Cinderella motor units) that are always re-
cruited as soon as the muscle is activated, and stay active
until total muscle relaxation; because of their prolonged
activation, these motor units are more prone to overload
that may lead to degenerative processes. Although areas
of debate on this theory still exist, this hypothesis has, in
general, been acknowledged by the research community.
In this paradigm, no safe activity level exists, and even a
low-level but continuous muscle activity would lead to
muscular disorders. Thus, a biofeedback system based on
the Cinderella hypothesis would rather detect the pres-
ence or absence of gaps (i.e., periods of total muscle inac-
tivity) in the EMG activation pattern, and issue a
warning, such as a vibration, whenever an insufficient
relative rest time (RRT) (50,51) is detected.

Regardless of the architecture (i.e, whether the feed-
back depends on muscle activation or presence duration of
inactivity periods), some devices are equipped with a non-
volatile and an interface that allows the download of EMG
data on a PC for further examination.
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7. E. Stålberg and P. R. W. Eawcett, Macro EMG in healthy
subjects of different ages. J. Neurol. Neurosurg. Psychiatry

1982; 45:870.

8. B. Calancie and P. Bawa, Limitations of the spike-triggered
averaging technique. Muscle & Nerve 1986; 9:78–83.

9. A. Fuglsang-Frederiksen, Electrical activity and force during
voluntary contraction of normal and diseased muscle. Acta
Neutrol. Scand. 1981; 63(suppl 83):1–60.
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1. ANATOMICAL AND ELECTROPHYSIOLOGICAL
FEATURES OF THE MOTOR UNIT

A living mammalian muscle explored with an intramus-
cular extracellular needle electrode may show so-called
spontaneous activity of muscle fibers or activity that is
part of a volitional or reflex movement. Physical para-
meters of this electromyographic (EMG) activity may
reveal information related to physiology and pathology
of the neuromuscular system that is often of considerable
clinical interest.

It is appropriate to recall some of the relevant anato-
mical and physiological features of muscle and its inner-
vation. A muscle contains several hundreds of motor units
which by the extent of their recruitment and firing
frequency determine the timing and force of its contrac-
tion. In anatomical terms, the motor unit (MU) consists of
a motor neuron, its axon, and all the muscle fibers
innervated by the axonal branches. A motor unit may
contain widely different numbers of muscle fibers, ranging
from 10–15 in the extraocular muscles to over 500 in large
limb muscles such as the gastrocnemius. The muscle
fibers of each motor unit are intermingled with fibers of
other motor units, forming, in cross section, a mosaic
pattern. In each fascicle (i.e., small bundle of muscle fibers
surrounded by connective tissue), usually several motor
units are represented in a scattered fashion. A single
motor unit may occupy a relatively large portion of a cross
section of a muscle, called the motor unit territory. In
human limb muscles, the average motor unit territory has
an irregular round shape with a diameter of about 10mm
(1).

In neurogenic disorders (e.g., amyotrophic lateral
sclerosis, ALS), when some motor neurons are destroyed,
the surviving motor neurons grow new axonal sprouts
establishing neuromuscular junctions with the dener-
vated muscle fibers (collateral reinnervation). The ‘‘adop-
tive’’ motor unit may thus become much denser and larger,
often containing several times more than the normal
number of muscle fibers, although its territory does not
increase (2). It seems that the axonal sprouts cannot cross
the boundaries of the muscle fiber fascicles. On the other
hand, in a muscle disorder (such as muscular dystro-
phies), the motor unit may lose some of its muscle fibers
and become smaller. In some disorders, there may be
disturbances in conduction of impulses along the axons
(demyelinating polyneuropathies), impairment of impulse
transmission across the neuromuscular junctions (e.g.,
myasthenia gravis), or disturbed depolarization/repolar-
ization of the muscle fiber membrane (e.g., myotonias).
Needle electromyography is well suited for the detection of
changes in motor unit size and its internal organization,

such as focal slowing of impulse conduction in the axonal
tree and along the muscle fibers, and can often reveal
abnormal function. Needle EMG also makes it possible to
record action potentials of spontaneously contracting de-
nervated single muscle fibers (fibrillation potentials),
which are an important sign in clinical EMG. Needle
EMG can distinguish between other types of normal and
abnormal spontaneous activity (fasciculations, complex
repetitive discharges, myotonic and neuromyotonic dis-
charges).

In physiological terms, all the muscle fibers of a motor
unit are discharged nearly synchronously upon the arrival
of a nerve impulse along the axon and through its term-
inal branches to the motor end plates. A motor unit action
potential (MUAP), resulting from depolarization of mem-
branes of the constituent muscle fibers, is recorded by a
needle electrode inserted in the contracting muscle (Fig.
1a). Depending on the type of electrodes used, the re-
corded MUAP can be derived from action potentials (APs)
of a small number of muscle fibers (1–3), a larger group of
muscle fibers (15–20), or a great majority of muscle fibers
belonging to the MU (several hundred).

The objective of recording of a muscle’s electrical
activity by intramuscular recording techniques is to study
the physiology and pathology of the MU. At the peripheral
level, one can study the effects of lesions such as loss of
nerve supply to the muscle (denervation); the ability of the
nerve to regenerate (re-innervation); diseases affecting
the muscle fiber itself (myopathies, such as muscular
dystrophies); and diseases of the neuromuscular junction
(e.g., myasthenia gravis). MU recruitment and firing
patterns may give information about central nervous
system motor control and its disturbances.

On the other hand, surface electrodes are used for
nerve conduction studies. They are also better suited for
studies in which information is sought on the various
aspects of behavior, temporal pattern of activity, or fatigue
of the muscle as a whole or of muscle groups. Modern
surface electrode arrays also allow the mapping of the
MUAP propagation from the innervation zone to the
tendon endings, high accuracy estimation of muscle fiber
conduction velocity, location of the innervation zone (i.e.,
areas where neuromuscular junctions are situated in the
muscle), length and orientation of the fibers and, to some
degree, recruitment and decomposition. They find impor-
tant applications in sport, rehabilitation and occupational
medicine, where needle techniques are not acceptable or
when assessments have to be repeated frequently.

2. RECORDING CHARACTERISTICS OF NEEDLE
ELECTRODES

Needle electrodes designed to study muscle activity in situ
are used to make extracellular recordings of the APs
generated by a MU or a muscle fiber; intracellular record-
ings made mainly in vitro will not be considered here.

An extracellularly recorded AP of a single muscle fiber
has a triphasic shape, starting with a positive deflection
followed by the main positive–negative slope and the final
positive component (Fig. 1b). The AP amplitude decreases
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exponentially with the increasing distance between the
electrode tip and the muscle fiber from which recording is
made. Thus, the contribution of any individual muscle
fiber to the MUAP amplitude crucially depends on its
distance from the active electrode surface. The change of
amplitude with distance depends on the type of electrode.
Those with a small recording surface show a steep decline
of the recorded AP amplitude with increasing distance
from the source and are therefore more selective, detect-
ing mostly activity of the closest muscle fibers. Conversely,
electrodes with large recording surfaces are less selective,
picking up activity from a larger area within the muscle
(Fig. 2), however with a smaller amplitude, while the rate
of decline of the AP’s amplitude with increasing distance
between the muscle fiber and the recording surface is
slower. In other words, the recorded amplitude and the
rate of its decline are inversely proportional to the size of
the active surface and the uptake radius of the recording
electrode (Fig. 3).

3. CONVENTIONAL NEEDLE EMG

In clinical EMG, two types of needle electrodes are com-
monly used to record spontaneous, voluntary, and occa-
sionally stimulus-induced muscle activity: the
‘‘concentric’’ needle electrode and the ‘‘monopolar’’ needle
electrode. A needle electrode of either type inserted inside
the territory of a discharging motor unit records from all
the muscle fibers active within its uptake area. The
summating APs generated by different muscle fibers in
the motor unit are not perfectly synchronous (Fig. 1a).
This is due to the fact that conduction times to the
electrode for the individual muscle fibers of the same
MU differ. There are differences in velocity along the
nerve and muscle fibers (as a result of different diameters
of axonal branches and muscle fibers) and in traveling
distance (since terminal axonal branches have different
lengths and the end plates are somewhat scattered along
the different muscle fibers, resulting in different lengths of
the muscle fiber segments to the electrode). When tem-
poral dispersion becomes significant, the individual fibers’
APs are less well aligned in time; the resulting partial
cancellation of positive- and negative-going phases will

reduce the MUAP amplitude and produce a serrated or
polyphasic shape characteristic of certain types of muscle
pathology. On the other hand, properly synchronized APs
of an increased number of muscle fibers in a reinnervating
motor unit may produce MUAPs of higher amplitude and
at least moderately increased duration.

3.1. MUAP Parameters and Their Changes in Disease

The different MUAPs recorded in a muscle show great
variation of shape and other parameters, partly depending
on the electrode position. Therefore, a sufficient number
has to be studied in order to obtain a representative
sample. A number of parameters can be quantitatively
assessed using automatic digital techniques offered by
modern EMG equipment.

In diagnostic EMG, parameters studied include the
MUAP amplitude, MUAP duration, duration of the main
spike, and number of voltage turns and phases (Fig. 4).
Jiggle, i.e., degree of instability of shape of the MUAP,
which reflects uncertainties of impulse travel in the
terminal nerve tree, across the motor end plates and along
the muscle fibers on consecutive discharges, is a more
recently quantified parameter (5).

The amplitude, measured from peak to peak, reflects
the number of active muscle fibers of a motor unit within
the uptake area of the electrode, and the degree of
synchronicity of their firing, whereby the closest 2–5 fibers
contribute the largest share in the normal muscle when
the conventional concentric needle electrode is used. The
amplitude is increased in large and dense motor units
following reinnervation, and is often decreased in myopa-
thies.

The duration measured between the onset of the slow
initial phase of the MUAP and the end of the slow terminal
phase mainly reflects the number of muscle fibers de-
tected. Contrary to earlier assumptions, MUAP duration
does not change much with increased temporal dispersion
of individual fibers’ APs (e.g., due to abnormally large
variation in muscle fiber diameters, such as in myopa-
thies), unless this is unusually excessive.

The number of voltage turns and phases shows the
degree of temporal dispersion of the APs from different
muscle fibers in the motor unit; it is increased with

(a) (b)

200 µs

2 mV

Figure 1. (a) The motor unit action potential,
as detected by a concentric needle electrode.
The APs of muscle fibers closest to the active
surface are recorded with higher amplitude
than those of more distant fibers. The arrival
of individual fibers’ APs at the electrode is not
perfectly synchronous. Courtesy: E. Stålberg.
(b) The single fiber action potential, as re-
corded with a small surface needle electrode.
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increased differences in impulse conduction times along
the terminal nerve twigs and particularly along the
muscle fibers, in case of increased variation in muscle
fiber diameters, such as in myopathies.

An abnormal jiggle is the result of increased jitter (see
below) or intermittent blocking of individual single fiber
APs or groups of APs. Disturbed conduction may occur in
the immature axonal sprouts, and transmission may be
impaired across sick or immature motor end plates.

Other parameters have been developed to extract more
information from the signal and reduce its dependence on
the electrode position (6).

In nerve lesions, where the muscle loses part of the
motor neurons innervating it, their muscle fibers become
denervated; within hours to days the surviving motor
axons start to grow new sprouts and gradually reinner-
vate the neighboring denervated muscle fibers (collateral
reinnervation). The adoptive motor unit now contains an
additional number of adopted muscle fibers. The newly
reinnervated muscle fibers have immature neuromuscu-
lar junctions and are atrophic, both of which improve after

a few months, resulting in an improved although often
still deficient synchronicity of the MUAP.

The MUAP of a reinnervated MU has an increased
amplitude (because of the additional muscle fibers); a
polyphasic shape (due to delayed arrival of impulses along
the recently acquired muscle fibers); increased duration
(due to increased number of muscle fibers); and at least
initially unstable shape, an abnormal jiggle. In addition,
the interference pattern on maximum voluntary effort (see
below) is reduced. These changes help the electromyogra-
pher assess the nature and age, as well as the localization
and extent of the lesion.

Another type of change is seen with conventional
needle EMG in primary muscle disease. The muscle fiber
itself, the generator of the AP, is diseased and may become
a weaker electrical generator. Different muscle fibers in
the same motor unit may undergo variable changes at
different time intervals, depending on the disease process;
one of the consequences is that the discharges of indivi-
dual fibers in the motor unit are less well synchronized. In
addition, the myopathic motor unit may lose a part of its
muscle fibers to degeneration and necrosis and become

(a)

1 mm 0.5 mm

MU(b)

(c)

(d)

(e)

Figure 2. The different types of needle electrodes
have different recording areas, covering different por-
tions of a typical motor unit territory: (a) single fiber
electrode, (b) concentric electrode, (c) monopolar elec-
trode, (d) macro electrode. Also shown is the recording
area of a plate–mounted surface electrode (e). Mod-
ified from (3) with permission.
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smaller. This results in an MUAP that typically has a
lower amplitude and shorter duration and is serrated or
polyphasic in shape with a frequency content shifted
toward higher values: the so-called myopathic MUAP. In
contrast to neurogenic disorders, the number of motor
units recruited at maximum effort often remains normal
in myopathy.

3.2. Needle EMG at Increasing Voluntary Contraction

With increasing voluntary effort, the active MUs fire at
increasing discharge rates and new motor units with
progressively higher recruitment thresholds appear in
the tracing. Individual MUAPs start to overlap and be-
come less and less discernable in a dense electrical activity
called the summation or interference pattern (Fig. 5).
Recruitment of new motor units may be delayed when
there is partial loss of motor units and the remaining ones
are increased by collateral reinnervation; furthermore,
the recruitment pattern on maximum voluntary effort is
reduced. This is in contrast to muscle diseases where
motor units become small and weak: there recruitment
is abnormally early, but the interference pattern may
remain full (Fig. 6).

Several quantitative methods have been developed to
analyze the interference pattern, e.g., based on counts of
voltage turns and amplitudes between the turns (7).

(a)

(b)

(b)

(c)

50 ms 0.2 mV

Figure 5. EMG recording at increasing force of contraction. (a)
At low effort, only a few MUs are active. (b) With increasing force,
their discharge frequency increases and new MUs are recruited.
(c) At strongest voluntary contraction, individual MUs can no
longer be discerned. There is a full interference pattern. From (3)
with permission.
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Figure 3. The amplitude (ordinate in arbitrary units) versus
recording distance for simulated action potentials recorded with
different types of leading–off surfaces. Note the low amplitude
obtained with large electrodes for short electrode–fiber distance.
The curves for point–shaped and 25-mm electrode practically
overlap. Reproduced with permission from (5).

T

T

T

P

P

P P

P

S

Duration

Figure 4. The main MUAP parameters: phases (P) and turns (T)
reflect the degree of asynchronicity; the peak to peak amplitude of
the main spike mostly depends on the few closest muscle fibers;
the duration is correlated to the number of muscle fibers seen by
the electrode. A late component, ‘‘satellite’’ (S), is generated by a
muscle fiber which is either innervated by a slowly conducting
terminal axon or, more significantly, itself conducts slowly due to
atrophy. Modified from (3) with permission.
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3.3. The Concentric and Monopolar Needle Electrode

Developed by Adrian and Bronk in 1929, the concentric
needle electrode (CNE) is still the most commonly used
electrode in clinical recordings of EMG signals (Fig. 2b).
The electrode has an elliptical (150 mm�580 mm) active
recording surface located in the beveled tip of a metal
cannula. Signals detected by the active recording surface
are referenced to the cannula. The cannula is thus not
‘‘inactive,’’ but its large recording size ensures that the
amplitudes of the signals recorded by it remain generally
small in comparison to those recorded by the core (cf. Fig.
3).

The MUAP amplitude recorded with this electrode is
directly related to the number and size of muscle fibers
located within a semi-globe with a radius of 0.5mm at the
needle tip while the MUAP area is related to muscle fibers
located within 1.5mm; and the MUAP duration to those
located within 2.5mm (Fig. 7). On average, the concentric
MUAP is derived from 15–20 muscle fibers of a motor unit
that lie within the uptake area of the needle electrode.

The ‘‘monopolar’’ needle electrode, consisting of a solid
Teflon-insulated pin with a bare tip, most often used by
physiatrists in the US, has a little larger recording area
and therefore slightly different reference values.

Algorithms have been developed to identify different
MUAPs recorded with CNE or MNE during slight to
moderate degrees of muscle contraction. At the same
time, automatic analysis of their parameters can be
performed (6). The method, also known as ‘‘Multi-MUP
EMG analysis,’’ is available in some EMG equipment and

is supported by a large reference material for many
muscles. It is fast and sensitive in detecting mild patho-
logical changes in neurogenic and primary muscle disor-
ders (Fig. 8).

4. SPECIAL NEEDLE RECORDING TECHNIQUES

Two techniques based on the use of special needle electro-
des will be briefly described: single fiber EMG and Macro
EMG. They have both found clinical application, and
perhaps more importantly, have essentially contributed
to the present understanding of electrophysiology of the
motor unit.

4.1. Single Fiber EMG

It is possible to record APs from individual muscle fibers,
whereby information can be obtained also from individual
NMJs, motor units, and spinal or brain stem motor
neurons. Such recording from a restricted area in situ is
possible with a fine wire electrode that is inserted into the
muscle by means of an injection needle and then left in
place. A better approach to studies of the fine details
within the motor unit is to use a specially designed single
fiber electrode (8). In this electrode, a needle cannula
contains a 25-mm platinum wire exposed in a side port
near the tip (Fig. 3). With this electrode, which has an
uptake radius of about 300 mm, it is possible to record
action potentials of single muscle fibers of relatively large
amplitude, 1–6mV.

Single fiber EMG has been used to study a variety of
physiological and morphological parameters of the motor
unit and its constituents.

4.1.1. Fiber Density. This parameter describes the de-
gree of grouping of muscle fibers of a single motor unit in
the cross-section of a muscle. As mentioned above, the
muscle fibers of different motor units are normally ar-
ranged in a mosaic pattern, i.e., interdigitated with each
other. This normal arrangement is disrupted in disorders
involving denervation followed by reinnervation. Then

(a)

(b)

(c)

1 s 1 mV

Figure 6. Interference pattern in (a) normal muscle, (b) myo-
pathy: dense pattern of low amplitude, and (c), neuropathy:
reduced pattern with high amplitude components. From (3)
with permission.

Amplitude
0.5 mm

Area
1.5 mm

Duration
2.5 mm

Figure 7. The uptake area of the concentric needle electrode.
The MUAP amplitude depends on muscle fibers located in a semi–
globe above the active surface with a radius of 0.5mm; the radius
for MUAP area and for MUAP duration is 1.5mm and 2.5mm,
respectively.
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muscle fibers of the same MU appear adjacent to each
other, forming smaller or larger clusters. In fiber density
(FD) estimation, the SFEMG needle is inserted repeti-
tively into the slightly contracted muscle and recordings
are made from a number of randomly sampled sites (Fig.
9). All spike components time-locked to a selected SFAP
are counted and an average from 20 recording sites is
obtained. In a normal limb muscle, only one fiber is
recorded in about 70% of insertions, and two or three at
the remaining sites. Normal FD values are close to 1.5,
with slight differences between muscles. FD is a sensitive
measure of spatial rearrangement of muscle fibers in the
motor unit and is increased early in both neurogenic and
myopathic disorders. Increased FD is the electrophysiolo-
gical counterpart of the histochemical fiber type grouping.

4.1.2. Jitter and Neuromuscular Transmission. Single fi-
ber action potentials can be elicited with intramuscular
electrical stimulation of small bundles of motor axons
through a pair of monopolar needle electrodes. On con-
secutive stimulations, the latency between stimulus and
response varies by a few tens of ms (Fig. 10a). This is called
the neuromuscular jitter. Most of the jitter is due to the
variation in time needed for end plate potentials at the
neuromuscular junction to reach the depolarization
threshold. During voluntary activation of the muscle,
the SFEMG electrode can be positioned to record from
two (or more) muscle fibers in one active motor unit (Fig.
10b). The jitter in this case is seen as the varying time
interval between action potentials from two fibers on
consecutive discharges. It represents the combined varia-
tion of delays at two end plates.

The jitter is expressed as the mean value of consecutive
differences (MCD) of successive interpotential intervals

(in case of voluntary activation) or latencies (in case of
axonal stimulation). It is usually measured and computed
by means of jitter meters incorporated in the EMG equip-
ment. Usually 20 potential pairs or 30–40 SF APs from
different muscle fibers are recorded to assess the status of
neuromuscular transmission in a muscle.

The jitter value is a measure of the safety factor of
neuromuscular transmission. It is increased whenever the
ratio between the endplate potential and the depolariza-
tion threshold, i.e., safety margin is smaller than normal.
This may be seen even in muscles with no clinical weak-
ness, where transmission of impulses does occur, although
with decreased safety margin. Increased jitter is thus a
subclinical sign of impaired neuromuscular transmission.
With further impairment, intermittent or persistent im-
pulse blocking occurs and weakness becomes clinically
manifest.

SFEMG is considered to be the most sensitive method
to detect disordered neuromuscular transmission and is
widely used to diagnose myasthenia gravis and other
diseases of neuromuscular junction. The axonal stimula-
tion technique makes it possible to distinguish between
the pre- and postsynaptic abnormality. In postsynaptic
disorders, such as myasthenia gravis, maximum abnorm-
ality is manifest at 5–10Hz, while transmission is more
reliable at 0.5–1Hz, and, as a result of intratetanic facil-
itation of transmitter release, often also improves at 15–
20Hz. In a presynaptic disorder, exemplified by the Lam-
bert-Eaton myasthenic syndrome, the jitter and blocking
are most pronounced at low activation rates (e.g., 1–5Hz)
and may improve dramatically as the rate is increased to
15–30Hz (10). However, mixed findings may be seen in
either of the two disorders, in particular in Lambert-Eaton

Normal

Reinnervation

1 ms

1 ms

1 ms

1

2

3

3

2

1

Figure 8. Fiber density measurement. The up-
take area of the SFEMG electrode is shown as
semi–circles. In the normal muscle 1 or 2 fibers
from the same motor unit are recorded. After
denervation followed by reinnervation many
more fibers are recorded within the uptake area.
From (8).
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myasthenic syndrome, perhaps pointing to a dual patho-
physiology.

4.1.3. Muscle Fiber Conduction Velocity. This can be
studied at the level of single muscle fibers using either
intramuscular stimulation and recording with an ordin-
ary SFEMG electrode or by recording from two surfaces in
a multi-electrode. During activity, velocity changes as a
function of preceding interdischarge intervals (11). Fol-
lowing a subnormal period with slowed conduction, most
muscle fibers showed a period of supernormal velocity
starting at inter-stimulus intervals between 3–12ms, with
a peak at 5–15ms which decayed to normal velocity at 1 s
(12). Muscle fiber propagation velocity was also shown to
depend on its length status—the degree to which it is lax
or stretched at the moment of depolarization (13). It
should be noted that muscle fiber conduction velocity
can also be estimated with surface electrode arrays,
although not at the level of single fibers. The surface
technique is simpler and noninvasive but somewhat af-

fected by the end-of-fiber effect which (if not removed or
corrected for) causes overestimate of velocity.

4.2. Macro EMG

This method is based on the use of a special macro-needle
electrode (14). The purpose of this technique was to record
from a majority of muscle fibers of the entire MU (the
‘‘macro-MUAP’’). Recordings are made between a large
bare segment of the cannula of a needle electrode and a
distant surface reference electrode. The macro-electrode
uses a modified SFEMG electrode to trigger on an action
potential from a nearby muscle fiber on one amplifier
channel while the time-locked macro potential is recorded
by the needle’s cannula on a second channel. An external
reference electrode is required. Averaging must be used to
eliminate the activity of other motor units (Fig. 1). The
resulting AP, the macro-MUAP, is the compound action
potential of a large portion of muscle fibers in the MU,
most often the majority of fibers. This potential has been
shown to correlate well with the size and number of

Stimulate

Record

Normal jitter0.5 Hz

2 Hz

20 Hz

5 Hz

Increased jitter

Increased jitter & blocking

Persistent blocking

(a) (b)

Normal jitter

1 ms

Increased jitter Increased jitter &
blocking

Figure 9. Jitter measurement during electrical stimulation of the motor axon (a) and during
voluntary activation (b). In (a), the jitter is measured between the stimulus and the SF AP on
consecutive discharges. In (b), the recording is made from a pair of muscle fibers innervated by the
same axon. The sweeps are triggered by the first and the jitter is measured on the second of the two
SF APs. Reproduced with permission by Elsevier Science from (9).
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muscle fibers of the MU. Because of its large size, the
macro recording surface has a pronounced shunting effect
on the action potentials of muscle fibers closest to the
recording electrode, and these are recorded with low
amplitude (cf. Fig. 1). On the other hand, the distant
fibers are relatively well represented because of a slow
rate of amplitude decline with increasing distance. In
contrast to APs recorded with the CNE and MNE, the
macro-MUAP remains relatively stable at different posi-
tions of the needle electrode within the motor unit terri-
tory. This makes it particularly useful for the study of MU
size, while it is rather insensitive to the changes affecting
the micro-architecture of the MU. However information of
this kind, e.g., on FD, is simultaneously obtained on the
SFEMG channel.

Macro EMG allows the study of the motor unit at the
focal and global levels. It yields useful information on the
size of the motor unit in terms of the quantity of its muscle
fibers. This may be particularly valuable in conditions
where nonuniform, focal changes in a motor unit (rein-
nervation by collateral sprouting, myopathic involvement
of some Mus with sparing of others) seen in conventional
or single fiber EMGwould give a false impression and lead
to misinterpretation.

4.3. Evaluating and Reporting Results of a Clinical EMG Study

During a typical quantitative clinical EMG test, a number
of data points is obtained for each of the parameters
investigated (e.g., duration, number of phases and turns
or amplitude in a sample of 20 MUAPs, jitter at 30 NMJs,
macro EMG amplitudes of 20 MUs, etc.). Distribution of
these data is often asymmetrical. Moreover, some values
tend to fall rather far out of the range of other data points
(outliers). It was shown that an increased number of
outliers can be as sensitive in diagnosing an abnormality
as is the finding of an abnormal mean value (15). On the
other hand, the degree of abnormality is quantified by
obtaining the mean value. Therefore, the abnormality is
conveniently detected and expressed as a combination of
both parameters. Large international collaborative stu-
dies have been undertaken to collect age-related reference
values (e.g., 16).

5. PHYSICAL CHARACTERISTICS OF NEEDLE EMG
SIGNALS

From the perspective of signal analysis, the electrical
activity recorded by needle EMG may be pseudo-random
(e.g., so-called interference pattern, which results from a
number of independently firing MUAPs, overlapping in
time and space) or semiperiodic (e.g., discrete voluntary, or
stimulus evoked motor unit activity with recognizable
repetitive appearance of individual waveforms). In the
former case, statistical methods are applied for signal
analysis; in the latter, deterministic parameters describ-
ing individual MUAP or other waveforms, i.e. amplitude,
shape and time parameters can be analyzed.

Frequency content of the recorded signal depends on
several factors. Due to the electrical properties of intra-
muscular tissues affecting volume conduction, the upper
part of the frequency spectrum is attenuated significantly
more than the lower part with increasing distance of the
AP generator from the active electrode surface. Electrodes
with small active surface and high input impedance have
better high-frequency response characteristics, and vice
versa. In contrast to the surface recorded EMG signals,
where almost all the frequency content lies below 500Hz;
this limit is at about 2 kHz for the CNE and 10kHz for the
SFEMG electrode. The frequency content of the EMG
signal has a physiological significance, and frequency
analysis has been used in studies of muscle fatigue,
mainly with surface EMG (17), although the same type
of changes is seen with needle EMG. In needle EMG, a
shift toward high frequencies is a typical feature in
myopathies, while a shift toward low frequencies is often
prominent in chronic neurogenic conditions.

The amplitude of the recorded signals depends on the
same physical factors as the frequency content, the most
important being size of the active electrode surface and
the distance between the electrode and the AP generator.
Thus, amplitudes of single muscle fiber APs recorded with
a SFEMG electrode are greatly variable (ranging from 0.3
to 10mV), even when the fibers act as equally strong
electrical generators. For this reason SF AP amplitude is
not a diagnostically relevant parameter in SFEMG. The
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10 ms 100 µV
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Averaged response
(Macro MUAP)
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Figure 10. Macro EMG. SFEMG recording is used to trigger the
traces and the cannula referenced to a distant electrode records
activity of most muscle fibers within the motor unit (marked with
full circles). The recording is averaged to eliminate non-synchro-
nized activity of other motor units. ‘‘a’’ active surface, ‘‘r’’ refer-
ence. Reproduced with permission from (14).
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MUAP amplitude recorded with CNE, however, is more
significant, as the variability related to distance is smal-
ler. With macro EMG, dependence on distance is even
much smaller; the macro MUAP amplitude faithfully
reflects the strength of the generator.

6. RECORDING EQUIPMENT

6.1. Principles of Instrumentation

The last three decades were marked by gradual transition
from fully analog instrumentation to digital technology.
The earliest EMG equipment consisted of an oscilloscope
with high impedance amplifier as input and with an audio
amplifier and a loudspeaker as output. Further develop-
ment was triggered by the introduction of delay lines and
averagers, an early step into digital technology, which
offered very significant advantages in signal analysis. At
that time, commercial EMG machines were mainly ana-
log, with a few digital modules. The first fully digitalized
equipment contained specially developed digital units,
including processors, memory, and dedicated built-in soft-
ware. The most recent generation, however, is based on
general purpose digital technology and software, mostly
PC and standard graphics environment. The amplifier
thus remains the only analog part. EMG equipment nowa-
days uses network facilities, including remote data sto-
rage and printing, and even remote servicing. The
equipment can be tailored to the needs of individual
consumers and can easily be upgraded or changed. The
same applies to software. The prevailing standard today is
based on the IBM PC technology and Windows environ-
ment.

6.2. Features of EMG Equipment

Modern digital EMG equipment consists of a mainframe
and three peripheral modules, each containing a small
analog component: an amplifier, an electrical stimulator,
and a dedicated keyboard.

6.2.1. Amplifiers. The EMG signals detected require
voltage and current amplification. The high-input impe-
dance amplifiers change the incoming weak, low-voltage
signals into stronger, higher-voltage signals suitable for
analog to digital (AD) conversion and further processing.

The amplifiers are built as differential units, with two
electronically symmetrical inputs, so that the difference
between the two signals is what is actually amplified
(differential mode). When the signals are amplified uni-
polarly (common mode), the selected input is connected to
zero reference. The components of the amplifiers must be
low-noise; the two inputs must be as symmetrical as
possible. The common mode rejection ratio (CMRR) is a
parameter defining the degree of symmetry and thus the
quality of the amplifier. An isolation unit based on opto-
coupler (or radio frequency) technology is built in for
electrical safety; it ensures galvanic separation between
the equipment and the patient. Following amplification,
the signal undergoes an anti-aliasing filtering and AD
conversion; the AD converters are usually placed in the

same unit as the amplifiers, and close to the patient in
order to minimize the effects of external electrical distur-
bances. Interference after amplification is not likely, since
the signals then have high amplitude, while after AD
conversion they are naturally not sensitive for distur-
bances. Most EMG machines are multichannel and, fol-
lowing AD conversion, their signals are multiplexed and
serially transmitted to the mainframe, either by copper or
optic fiber cable. Battery operated amplifiers and wireless
connection to the mainframe is among expected future
improvements. The signal is displayed on a screen after
digital-to-analog (DA) conversion. From the user’s point of
view, the important parameter is the system sensitivity,
expressed as input signal amplitude versus output effect
(e.g., mV/screen unit), rather than the amplifier gain and
AD/DA conversion characteristics.

The mainframe is essentially a better-quality PC com-
puter with industry-grade motherboards and additional
hardware for communication, equipped with the ampli-
fiers and an electrical stimulator. In addition to a standard
keyboard, it has a dedicated control panel containing the
standard EMG investigation commands, such as audio
volume, gain and time base, start-stop of signal acquisi-
tion, trigger adjustment, stimulus controls, etc.

The EMG machine software follows the same develop-
mental cycles as the general purpose computer software. A
variety of specialized medical diagnostic programs are
incorporated, whereby only those actually purchased are
activated. Additional programs can be made accessible at
a later date by entering activation codes supplied by the
manufacturer. One of the developments in the recent
decade was that of the knowledge-based expert systems
that should assist and occasionally even guide the user’s
decisions during clinical investigations. Large databases
have been accumulated to support these expert systems.

The electrical stimulator is a peripheral unit digitally
controlled by the mainframe’s software. Like the amplifier,
it has an isolation unit to provide safety for the patient. A
feedback system measures the actual strength of the
delivered stimuli. The stimulus output is defined as either
constant voltage or constant current.

6.2.2. Auxiliary Connections. These may be necessary if
the EMG machine is used as part of a more complex
measurement system, and synchronization of stimulation
and acquisition is needed. Higher-end equipment usually
offers this option. The acquisition control may be per-
formed by the EMG machine or by some other external
unit (e.g., magnetic stimulator). In the latter case the
EMG equipment can serve as a slave unit acquiring data
under the control of an external master unit.

6.2.3. Network Connections. The PC technology itself
offers networking which can be used to incorporate the
EMG equipment into a wider information system. The
EMG data may be stored on a network server, as patient
and signal database, and printing may be performed
either locally or through a network printer. In addition,
the network allows remote screen displays or separate
reader units, e.g., for teaching purposes or for consultation
with a remote expert.
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The future development of EMG machines seems to be
in the direction of greater hardware independence of the
peripheral units from the mainframe, which should allow
for easy replacement of the central computer with more
advanced types, once they become available on the mar-
ket.

6.3. Features of Digitized Signals

While the digital format of the EMG data offers a number
of advantages, the digitization process also involves a
distortion of the original signal, depending on the resolu-
tion of the system. The time resolution of EMG equipment
is usually based on 512 or 1024 points per sweep, and this
is constant in most cases. With 1024 points per sweep, a
sweep time of 100ms means a time resolution of 100/
1024ms, i.e., close to 100ms. This implies a sampling
frequency of 10 kHz, which, according to the Nyquist
theorem (which defines sampling rate as a double of the
highest frequency of interest) means an upper frequency
limit of the recorded signals at 5 kHz. In most equipment,
sampling rate is automatically adjusted to the set sweep
time. A better time resolution can only be achieved by
shortening the sweep time. Some equipment offers the
option of long sweep mode, in which the sampling rate is
increased to improve time resolution.

The amplitude resolution depends on the quality of the
ADC. The older digital equipment contained only 8-bit
converters, yielding no more than 28¼ 256 amplitude
levels on the screen. A 200mm high screen had a vertical
resolution of 200/256¼ 0.8mm/point. This produced steps
in traces visible to the naked eye. For this reason, 12 or
more bit- converters are built into more recent equipment,
making the traces smooth (212¼ 4096; 200/4096¼
0.05mm/point). Recently at least 16 bits converters have
been used in order to increase input range of AD conver-
sion. Wider range conversion is needed to avoid distortion
of unexpectedly high amplitude signals or signal cut-off
due to superimposed low-frequency disturbances.

The quality of the screen is a further factor influencing
the visual quality of the displayed signals. Modern EMG
equipment uses standard computer screens with no more
than 1600� 1280 pixels.

6.4. Data Format

Already older digital EMG equipment had made it possi-
ble to store the recorded signals on a built-in magnetic
memory medium. The format of data storage used to be
specially designed, making it difficult to export data for
further computer analysis. The most recent generation of
EMG equipment makes use of one of the standard data
formats or at least allows data export in a standard
format. Further standardization of data structure and
connectivity of equipment of different producers is ex-
pected in the near future.

7. THE ROLE OF EMG IN NEUROLOGY

While the new imaging techniques have revolutionized
diagnostics and have taken place of several older methods,

EMG along with the nerve conduction studies is likely to
stay. The kind of information it offers is, in most cases,
supplementary to, but not replaceable by, that obtainable
with other methods. In addition, EMG is relatively non-
invasive, can be easily repeated for follow-up, and the
results are immediately available. In the future we can
expect better defined strategies and algorithms of exam-
ination, individually tailored to the clinical problem under
study, and a wider use of the available techniques of
automated signal analysis. This already has resulted in
a considerable amount of reference material, which has
increased the sensitivity and specificity of the individual
parameters and the utility of the method as a whole.
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1. ELECTRONIC HEALTH RECORD

The term electronic health record (EHR) refers to the
complete set of information that resides in electronic form
and is related to the past, present, and future health
status or health care provided to a subject of care. The
primary purpose of EHRs is the documentation, retrieval,
transmission, linking, and processing of multimedia in-
formation to legitimate users for the delivery of knowledge
and decision support that enhance efficient and secure
health-related services, regardless of the health care
model applied. Secondary uses of EHRs are related to
policy development, education, research, quality manage-
ment, and disease surveillance via pseudonymized or
anonymized datasets requiring, in most of the cases,
explicit consent on behalf of the subject of care.

Important characteristics of an EHR that stem from
the above definition are:

– its patient-centered notion, as it is related to a single
subject of care;

– its longitudinal spanning, possibly from conception
until the end of one’s life;

– its breadth, as it includes content from disparate in
nature sources; and

– its association with not only previously recorded and
currently available information, but also to prospec-
tive health status information.

EHRs usually contain, without being limited to, obser-
vations, opinions, and care plans, and, as a whole, act as a
long-term accumulator of information about what has
happened to or for the subject of care. EHRs have the
potential to significantly improve quality of care and
health outcomes. Anticipated benefits of an EHR include:

– around-the-clock availability of key health informa-
tion, regardless of where the subject requiring care
happens to be;

– more effective and efficient treatment and planning;
– reduction of mistakes because of lack of information;
– less health risks because of the reduction of redun-

dant procedures and improved subject of care safety;
– empowerment of individuals to exercise greater con-

trol over their own health by enabling them to make
informed choices about options available to them;
and finally

– improved quality of care, as a result of the formula-
tion of relevant health-care policies, by means of
collectively anonymized information contained
within individual EHRs.

2. BACKGROUND

The term EHR has undergone substantial changes
throughout recent years. Terms like CPR, CMR, PHR,
EMR, and EPR have been used in the past, and although
the EHR has turned out to represent the most generic
term, each one of them represents a different concept in
the current understanding of EHR (1).

The term computer-based patient record (CPR) was
used by the Institute of Medicine report (2) to denote the
computer-stored collection of comprehensive health infor-
mation about one patient (i.e., a representation of all
patient data that one would find in a coded and struc-
tured, machine-readable form).

The term patient-carried medical record (sometimes
abbreviated as PCR) appeared in the mid-1980s to denote
longitudinal patient information stored in an intermit-
tently connected device such as a smart card.

The term computerized medical record (CMR),
although sometimes promoted as a form of the EHR, in
reality refers to document imaging-based systems. It is
directly linked to the scanning of traditional paper-based
documents into computer systems and appropriately in-
dexing them for instant multiuser access.

The term electronic patient record (EPR) is similar to
the CPR, with the exception that it focuses only on
relevant information for specific medical problem epi-
sodes. Up until recently, it was considered a synonym for
CPR, and its usage is still often inconsistent in many
places.

The term digital medical record (DMR) refers to a web-
based patient record, maintained by a health-care provi-
der or health plan, to be accessed by health-care practi-
tioners.

The term electronic medical record (EMR) refers to an
information system managing patient information within
an enterprise (e.g., hospital, clinic, primary health-care
center). It is medically focused, includes full interoper-
ability required to cover all computer-based services pro-
vided within an enterprise (e.g., order entry, results status
notification, follow-up scheduling), and can be used as a
stepping stone toward an EPR, DMR, or EHR.

The term personal health record (PHR) introduces the
notion of patient empowerment through personal manage-
ment and sharing of personal health information, and that
of others for whom they are authorized. An important
prerequisite for effective use of personal health records
(PHRs) is the understanding of their content (at least in
general terms) by individuals.

Finally, the recently introduced term of continuity of
care record (CCR) refers to a transportable set of basic
information about a patient’s health care (e.g., allergies,
medication, history of present illness) to be shared be-
tween both clinicians and the patient. CCR addresses
more directly the issue of patient data summaries used
for transfers, referrals, and discharges, and is created by a
health-care provider at the end of an encounter or at the
end of an episode of care.

Today, EHR has turned out to be the favored nomen-
clature for a sophisticated, generic term covering all
concepts described above. In contrast to CPR, it consists
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of components implemented according to measurable and
realistic benefits, including PHR information. It is not
limited to scanned documents only, like CMR, and in-
cludes wellness information and nontraditional links to
external knowledge, like guidelines, protocols, and genetic
information, contrasting both CPR and EPR. It integrates
legacy systems (in contrast to DMR), extends beyond the
boundaries set by a single health-care organization (in
contrast to EMR), and is primarily created and managed
by health-care professionals (in contrast to PHR).

3. TECHNICAL CHALLENGES

As a result of the fact that health care is delivered by
many health-care providers, through one’s lifetime, sev-
eral episodes of care occur, having as a consequence the
production of distributed segments of one’s EHR. Data
populating the EHR reside in a variety of highly hetero-
geneous, autonomous, and decentralized information sys-
tems. Therefore, a basis for the efficient correlation and
linkage of EHR segments (and not necessarily their
physical integration) among multiple organizations seems
to be needed. Effectively, what is required is an approach
where individual information providers for the EHR (i.e.,
the various EHR systems) are self-contained and autono-
mous, but together form part of a wider picture (3). It is
foreseen that in the future one EHR system will directly
communicate with other EHR systems. What is still
missing is the ability to transparently locate those other
systems that have pertinent information and directly
access it on an as-needed basis.

A successful EHR realization requires, from a techno-
logical point of view, the existence of certain supporting
features. Those features impose specific requirements that
ought to be met in order to achieve user acceptance and
meet the foreseen benefits. Certain technological require-
ments, imposed by end-user needs or expectations, as
documented by the Professionals and Citizens Network
for Integrated Care (PICNIC) (4) project, are listed below:

– Around-the-clock availability;
– Provision of fast responses even at high workload

periods;
– Restricted access to information;
– Maintainability;
– Low usage cost;
– Role-based access to information;
– Secure communication of information;
– Activity monitoring;
– Access to reliable and up-to-date information;
– Support for native user interface;
– Support direct access to multimedia clinical data

communication;
– Scalability;
– Support for standardized reference vocabularies;
– Functional and customizable user interfaces; and
– High availability.

Central issues related to any approach toward the
adoption of the EHR are related to subject of care identi-

fication and access to the actual EHR information (5). In
order for the EHR to deliver the longitudinal collection of
information related to one’s health, it must be in a position
to resolve difficult indexing, location, and meaning issues.
Access to all types of information related to the EHR must
be provided for accessing, without being limited to, text
and numeric values; structured and unstructured docu-
ments; multimedia information like waveforms, sound,
and image files; or even analyzed Deoxyribonucleic Acid
(DNA) sequences.

4. EHR ARCHITECTURE

The exact EHR content is dictated by the context upon
which it is instantiated, and therefore in order to be in a
position to support all possible domains of application,
while at the same time facilitate the integration of all
available autonomous EHR systems (i.e., systems for
recording, retrieving, and manipulating information in
EHRs (6,7) in a standardized manner, a general frame-
work and an overall EHR Architecture (EHRA) must be in
place.

This EHRA provides the generic structural components
from which all EHRs are defined, in terms of a standar-
dized or commonly agreed logical information model,
totally independent of EHR systems that manage only
subsets of one’s EHR. In other words, the EHRA provides
the generic structural components from which all EHRs
are built, defined in terms of an information model.

The EHRA does not prescribe or dictate what is stored
inside individual health-care records, nor does it prescribe
or dictate how any EHR system is implemented. It also
places no restrictions on the types of data that can appear
in the record.

A standardized EHRA enables the whole or parts of the
EHR to be shared and exchanged between authorized
members of a multidisciplinary care team, including the
subject of care, independently of any particular EHR
system. EHR information conforming to a standardized
EHRA should be capable of being accepted, processed, and
presented by an EHR system that uses the EHRA irre-
spective of implementation.

Therefore, the purpose of an EHRA is

– to provide and enable interoperability (among EHR
systems through the promotion of open standards);

– to adopt modularity (i.e., to facilitate the develop-
ment, maintenance, and evolution of scaleable, se-
cure, effective, and affordable EHR systems); and

– to support incremental evolution by building upon
existing systems and functionalities while adding
new capabilities as they become available.

Any architecture is usually represented by means of an
architecture model. Example of such an architecture
model is the Reference Model for Open Distributed Pro-
cessing (RM-ODP) (8–11), which defines the standard
reference model for open distributed processing systems.
The RM-ODP framework for system specification consists
of four fundamental elements:
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– an object modeling approach to system specification;
– the specification of a system in terms of separate but

interrelated viewpoint specifications;
– the definition of a system infrastructure providing

distribution transparencies for system applications;
and

– a framework for assessing system conformance.

According to RM-ODP, a viewpoint is a subdivision of
the specification of a complete system, established to bring
together those particular pieces of information relevant to
some particular area of concern. RM-ODP is used actively
by industry in the domain of health care, and the EHR is
perceived from all five viewpoints defined by the standard,
which complement each other and allow for a thorough
and complete description of it. These five viewpoints are:

– the enterprise viewpoint, focusing on EHR purpose,
scope, and policies;

– the information viewpoint, focusing on the semantics
of the information and information processing per-
formed;

– the computational viewpoint, enabling distribution
through the functional decomposition into objects
that interact at interfaces;

– the engineering viewpoint, focusing on the mechan-
isms and functions required to support distributed
interaction between objects; and

– the technology viewpoint, focusing on the choice of
technology.

EHRA levels can also be classified using the Health
Informatics Profiling Framework (HIPF) (12) that pro-
vides a consistent method for describing and classifying
‘‘artefacts’’ within the domain of health informatics stan-
dards. Figure 1 shows the HIPF classification matrix with
levels of specificity and types of perspective identified.
Types of perspective are the basic questions that can be
reviewed for any model or standard in order to address
coordination, communication, and compatibility, whereas
levels of specificity provide differentiation of the different

aspects as one move from abstract to exact implementa-
tion specifications.

5. EHR CONTENT

In order to enable EHR system interoperability, adequate
answers must be provided in dealing with semantic-level
issues, which further requires an analysis on how ter-
minologies and domain ontologies are currently embedded
in these systems. In particular, attention must be given to
what parts of the semantics are explicitly conveyed by
means of the architecture of EHR systems, and what parts
are only implicitly addressed and are in fact hidden in the
user interface or in the pragmatic ways human users work
with these applications.

Content of EHRs may include, without being limited to,
information regarding subject of care identification, demo-
graphics, health history, clinical summaries, problem lists
and diagnoses, diagnostic values and interpretation, care
plans and decision support, treatments, consent, vital
signs and alerts, provider identification, clinical documen-
tation for chronic diseases, encounters, immunizations,
primary care and community care, and quality and safety
information. In order to use and interpret this information
in a clinical relevant context, certain requirements are
considered to be of great priority, including contextual
information related to encounters and clinical decisions,
privacy and confidentiality of information, disclosure law
and logs, service agency directories, and information on
current legislation.

Today, EHR systems cover ephemeral needs through
clearly specified domain models, populated by means of
controlled vocabularies, whereas certain needs for exter-
nal communications have to be provided through well-
defined interfaces. An attempt is being made to separate
the level of knowledge from the level of information
through the creation of clinical documents, which are
based on a reference model and describe a domain concept.
These documents, called archetypes (13), are the business
entities represented in the EHR systems. Furthermore,
the adopted domain reference model is based on relevant
work of international standardization bodies and contains
a limited and constant number of entities (see Fig. 2). In
other words, if sufficiently generic and granular models in
the commonly agreed ontology of structures can be cre-
ated, then any health-care application’s domain model can
be mapped into (and out of) that particular reference
model.

The International Standards Organization (ISO) (14)
EHR ad hoc Group classification (15) lists four key pre-
requisites necessary to achieve semantic interoperability
of EHR information, with the first two being required for
functional interoperability:

– a standardized EHR reference model (namely, the
EHRA) between the senders (or sharers) and recei-
vers of the information;

– standardized service interface models to provide
interoperability between the EHR and other compo-
nents such as demographics, terminology, access-
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Figure 1. Health informatics profiling framework classification
matrix. The conceptual level contains shared fundamental mean-
ings. The logical level contains generalized models or standards
without technological constraints (tactical and operational per-
spectives). The physical design level contains models and protocol
definitions within technological constraints (operational perspec-
tive).
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control, and security services in a comprehensive
EHR system;

– a standardized set of domain-specific concept models,
namely, archetypes and templates for clinical, demo-
graphic, and other domain-specific concepts; and

– standardized terminologies (which underpin the ar-
chetypes).

Rector (16) characterizes the problem of the interface of
EHR and terminologies in terms of the notion of encapsu-
lation (i.e., the amount and form of information in a
terminological entity) and the choice between precoordi-
nated and postcoordinated terms. The latter in particular
is a serious problem because many concepts exist that are
composites of more basic concepts, and the inclusion in a
terminology in precoordinated form would vastly increase
the size of the terminology, making it impossible to
manage. The use of formal domain concept models pro-
vides a place for standardized postcoordination of terms,
according to actual uses.

6. EHR MESSAGE HANDLING

In real life, content can be exchanged through messages.
Messaging makes the exchange of form-based information
such as prescriptions, laboratory results, referrals, and
discharge summaries almost automatically possible be-
tween different health-care providers. When communicat-
ing clinical messages, a store-and-forward e-mail
technique is often used providing the opportunity to
communicate 24 h a day. As such messaging is suitable
for standardization, national or regional standards make
it possible to integrate clinical messages in Information
Technology (IT) applications already in use.

Any given message supports a given process with a
required dataset, which facilitates interoperability, both
by supporting the propagation of information between
internal computer systems in response to an ‘‘event’’
created by a process (unsolicited update), or through the
movement of data in response to a ‘‘query’’ (solicited
update). It is predicted that, in the future, information

will not be sent or exchanged but rather posted and
accessed, and authorized health-care professionals will
be notified that they can access information.

7. SECURITY ISSUES

For communication between different information do-
mains, a trusted end-to-end communication policy must
be established. In general, access rights can be managed
through:

– Authentication, being the process of ensuring that
the communicating party is the one it claims to be

– Authorization, being the process of ensuring that the
communicating party is eligible to request for a
specific action

In addition, audit trails are needed to ensure account-
ability of actions of individual persons or entities, such as
obtaining informed consent or breaching confidentiality.
These records can be used to reconstruct, review, and
examine transactions; track system usage; control author-
ized users; and detect and identify intruders.

The ISO Technical Committee 215 (ISO/TC 215) in its
Technical Report (TR) 21089 (17) offers a guide to trusted
end-to-end information flow for health (care) records and
to the key trace points and audit events in the electronic
entity/act record lifecycle (from point of record origination
to each ultimate point of record access/use). It also offers
recommendations regarding the trace/audit detail rele-
vant to each.

Currently, the most common technological tool to cover
various security aspects is the public key infrastructure
(PKI). PKI is used to describe the processes, policies, and
standards that govern the issuance, maintenance, and
revocation of the certificates, public, and private keys
the encryption and signing operations require. PKI incor-
porates the necessary techniques to enable two entities
that do not know each other to exchange information
using an insecure network such as the Internet. PKI is
based on asymmetric cryptography, and each entity (user,

……………
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Mapping Mapping EHR
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Model

EHR System EHR System

Export
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Export
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Local
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Figure 2. In order to make EHR information
available outside the strict boundaries defined
by each individual EHR system, the appropri-
ate standardized interface that has to be de-
fined must be based on a common domain
model and a corresponding controlled common
vocabulary. Subsequently, part (or the whole)
of the schema of each EHR system must be
mapped to that particular common, normal-
ized schema. In order to achieve concept map-
ping in an efficient manner, a standardized
EHR reference model must be in place to
support standardized service interface models.
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information system, etc.) is provided with a pair of keys (a
private and public one).

The public key security infrastructure comprises the
following services:

– Certification authorities that control and manage the
PKI, publish public key certificates, and impose
policies in their domain of authority

– Registration authorities that act on behalf of the
certification authorities to declare registered in the
domain of authority the certification authority man-
ages

– Certificates management systems for management of
certificates during their entire duration of validity

– X.500 directories that store public key certificates
and public information for the holders of certificates
and are used for the verification of digital certificates

– The user certificate for each of the users, which is
published by the certification authority and is stored
together with the user’s private key, in a micropro-
cessor card.

To guarantee the authenticity of a set of input data, the
same way a written signature verifies the authenticity of a
paper document, PKI uses digital signatures. European
Prestandard (ENV) 13729 (18) on Secure User Identifica-
tion for Healthcare Strong Authentication Using Micro-
processor Cards defines how certificates are used to
support authentication. Because of its importance, ENV
13729 is expected to be reviewed and enhanced further in
the future.

ENV 13608 (19–21) on Security for health-care com-
munication specifies a methodology for defining, expres-
sing, and selecting a communication protection profile
specification (i.e., integrity, confidentiality, availability,
and legal accountability); defines a standard way of secur-
ing health-care objects (so that they can be transported
over open, unsecured networks, or stored in open unse-
cured repositories), and specifies services and methods for
securing interactive communications used within health
care (including preservation of data integrity, confidenti-
ality with respect to the data being communicated, and
accountability in terms of authentication of one or both
communicating parties).

Building on the digital signature technology, the digital
signing of clinical documents is a special instance in which
the nature of the clinical workflow may require that each
participant only sign that portion of the document for
which he/she is responsible. Older standards for digital
signatures do not provide the syntax for capturing this
sort of high-granularity signature or mechanisms for
expressing which portion a party wishes to sign.

ISO/TC 215 is going to create a new standard (22600)
on Privilege Management and Access Control (PMAC)
(22,23), including structural and functional roles (e.g.,
delegation policies), which is very important for accessing
a complex multilingual and multimedial virtual distribu-
ted EHR system.

8. THE NEED FOR A HEALTH INFORMATION
INFRASTRUCTURE

A regional/national health information infrastructure
(HII) is fundamentally about bringing timely health in-
formation to, and aiding communication among, those
making health decisions for themselves, their families,
their patients, and their communities. Individuals, health-
care providers, and public health professionals are key HII
stakeholders and users, and the applications that meet
their respective needs are important components of the
infrastructure.

The envisioned environment for the EHR provides a
decentralized view of the patient medical record, by
dynamically composing key information that resides in a
variety of heterogeneous, self-consistent, EHR systems
that have been optimized with respect to the requirements
of different medical specialties and levels of care. The
initial sets of essential HII services that have been
identified as required (24) include the following:

– Identification services for identifying subject of care
based on their demographic data and correlating
their identities across different identification do-
mains

– Security services (like for encryption, authentication,
etc.) to counter all kinds of security threats

– Health resource services for identifying availability
of related resources such as organizations, devices, or
software and the means for accessing them

– EHR indexing services for locating segments of clini-
cally significant health information maintained by
different clinical information systems

– Clinical observation access services for direct access
to the sources of clinically significant health informa-
tion where the complete, original, valid health in-
formation is kept

– Update brokers for maintaining consistency between
indexing services and the various EHR systems

– Terminology services for the association of existing
coding schemes and to enable the transformation of
information from one form or representation to an-
other.

This type of multitier approach, which heavily depends
on the existence of both generic and health-care-specific
middleware services/components, imposes a level of com-
mon design that varies according to the actual composi-
tion of the overall platform. ‘‘Health-care-related’’
components are needed for the proper identification of
the subjects of care, the exchange of EHR indexing and
health data (using appropriate health-oriented protocols),
health resource(s) location(s), collaboration between
health-care professionals and patients/experts, authoriza-
tion for accessing health-care-related resources, medical
terminology, and so on, whereas ‘‘Generic’’ components are
required to support low-level, essential, platform-depen-
dent functionalities like concurrency control, directories,
event handling/notification, licensing, security (authenti-
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cation, encryption, auditing, etc.), timing, and transaction
management.

9. EHR STANDARDS

The major purpose of EHR standards is to facilitate
improvements regarding interoperability, security, relia-
bility, efficiency, and communication. However, interoper-
ability is the area most lacking in information
management today. Any standard for the EHR should be
defined as part of a family of standards that collectively
represent the major services in a distributed health
computing environment. This layering approach allows
standards to be built incrementally and enhanced over
time.

Three main standards bodies are currently active in
international standards directly related to the EHR.
These bodies are the ISO (14), the European Committee
for Standardization (Comité Européen de Normalisa-
tion—CEN), and HL7 (25). Within the United States,
many other standards development organizations are
involved in the development of EHR-related standards,
most notably, ASTM (26) and the Object Management
Group (OMG) Health Domain Task Force (HDTF) (27).
Digital Imaging and Communications in Medicine (DI-
COM) (28) is the peak international standards develop-
ment organization for image storage and communication
in health.

HL7 Version 3 (V3) is designed to take a structured
definition of data and process and produce a standard
message based on both the data required and the process
being supported into a standard methodology giving se-
mantic interoperability. HL7 Clinical Document Architec-
ture (CDA) Release 2 (R2) (29) is now ready as a
compliment to HL7 V3 to move electronic ‘‘documents’’
as well as ‘‘messages.’’ HL7 V3 and CDA documents
(defined to be complete information objects that can in-
clude text, images, sounds, and other multimedia content)
are characterized by persistence, stewardship, potential
for authentication, wholeness, and human readability.

They seem to be the preferred vehicle for the movement
of structured clinical information, and they are based on
the HL7 American National Standards Institute (ANSI)
(30) standard Reference Information Model (RIM), which
is depicted in Fig. 3.

The American Society for Testing and Materials
(ASTM) (26) Continuity of Care Record standard, based
on HL7 V3 CDA, is considered today the strongest candi-
date for becoming the first ISO (14) standard regarding
EHR content.

At the same time, HL7 has approved the EHR System
(EHR-S) Functional Model to move forward as a Draft
Standard for Trial Use (DSTU) (31) intending to provide a
summary of understanding of functions that may be
present in an EHR-S, from a user perspective, to enable
consistent expression of system functionality. The HL7
EHR-S DSTU is expected to form the basis for the inter-
national (ISO) standard for EHR system functionality.

The CEN Technical Committee 251 (CEN/ TC 251) (32)
has started revising ENV 13606 (Electronic Health Record
Communication) (33–36) to provide a rigorous and durable
information architecture for communicating EHR to sup-
port the interoperability of systems and components inter-
acting with EHR services, by having adopted the
OpenEHR (37) archetype methodology and by using ISO
18308 (7) as an EHRA standard. The revised CEN Eur-
opean Standard (EN) 13606 will be a five-part standard
consisting of the ‘‘Reference Model,’’ the ‘‘Archetype Inter-
change Specification,’’ the ‘‘Reference Archetypes and
Term Lists,’’ the ‘‘Security Features,’’ and the ‘‘Exchange
Models.’’ CEN EN 13606 will also include compliance with
HL7 CDA R2 (29).

ISO/TC 215 in its technical report 20514 (EHR Defini-
tion, Scope, and Context) (38) and its technical specifica-
tion 18308 (Requirements for an EHRA) (7) provides an
EHR definition and delivers a consolidated set of EHR
requirements for using, sharing, and exchanging EHRs,
independently of technology and current organization
structures.
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Figure 3. HL7 ANSI RIM links together an
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The other main CEN EHR standard currently under
development is CEN 12967 ‘‘Health Informatics—Service
Architecture’’ (HISA), which is a major revision of the
earlier ENV entitled ‘‘Healthcare Information Systems
Architecture’’ (39). HISA is a high-level service-based
architecture that is compatible with and ‘‘sits above’’
CEN 13606 and similar lower level standards such as
HL7 CDA. The revised standard will consist of three parts
that correspond to the first three viewpoints of ISO 10746
RM-ODP (8–11), i.e., ‘‘Enterprise viewpoint,’’ ‘‘Information
viewpoint,’’ and ‘‘Computational viewpoint.’’

In parallel with the above efforts, the Integrating the
Healthcare Enterprise (IHE) initiative (40) has introduced
Cross-enterprise Document Sharing (XDS) as part of its IT
Infrastructure Technical Framework (41,42), to support
the sharing of electronic clinical documents among enter-
prises belonging to a ‘‘clinical affinity domain,’’ contribut-
ing this way to the foundation of a shared EHR, through
the sharing of clinical records in the forms of documents
by specifying the appropriate metadata to facilitate docu-
ment content discovery.

Although the IHE does not develop standards, it selects
and provides detailed guidelines on how to use available
standards to implement specific use cases to deliver
simplified integration through sets of specifications that
can be fully implemented.

10. DISCUSSION

EHR adoption will certainly require standards to facilitate
interoperability. Although the approach will be decentra-
lized, a HII of standards and privacy safeguards that
restricts access only to authorized users will be required
at some level. In addition, the issue of identifiers will need
to be resolved so that significant health information can be
connected at the subject of care level while ensuring
individuals’ privacy. At some level, an underlying HII of
standards and privacy safeguards that supports a decen-
tralized, federated architecture will be required to support
electronic connectivity between health industry constitu-
ents. The issue of proper identification of the subject of
care and comprehensive ability to locate individualized
information will be paramount, requiring attention when
demonstrations move from strictly local activities to re-
gional (and ultimately national) interconnectivity.

Until now, the lack of a common HII has prevented
health-care professionals from mining and analyzing dis-
parate data sources. Similarly, the lack of a unifying
architecture has proven to be a major roadblock for
industry to develop interoperable and open solutions. In
summary, today there is no unifying infrastructure or
common standards for the technologies that most health-
care organizations need and use. As a result, health
professionals cannot share their data or benefit from the
innovative services that are developed by other health-
care professionals and organizations.

Because the delivery of a lifelong EHR is considered
today a crucial factor in reducing medical errors (43), our
ability to link unaffiliated sites to share patient data with
each other (requiring the communication of complex and

diverse forms of information between a variety of clinical
and other settings) is expected to close the information
gap that has traditionally impaired the delivery of the
highest quality of care. A recent report by Kerr et al. (44)
underscored the need to advance Health IT to disseminate
knowledge and wisdom in health care. This study sug-
gested that there is a huge disconnect between best
practices and appropriate medical treatments and the
clinical care that is actually delivered. Unfortunately the
barriers to implement these technologies are high, and the
immediate tangible benefits to health organizations re-
main indefinable.

Widespread adoption by physicians in their office prac-
tices will require the EHR system to make their profes-
sional lives easier, not more complex, and will need to
provide a clear benefit to their clinical activities. At the
same time, the development of comprehensive policies for
privacy, consent management, and access to the EHR is
required, together with the corresponding legislation. By
having the entire EHR available, it will be far more
possible to tailor medical care for each individual’s clinical
needs. Furthermore, Health IT will enable more effective
disease management and prevention, leading to improved
clinical outcomes. Genetic information is expected to
become an essential part of EHRs and to help provide a
basis for a new, personal, and proactive form of medicine
to drive the delivery of individualized health care linking
EHRs with clinical protocols and guidelines, while pre-
venting thousands of diseases, by improving human
knowledge.
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ELECTROPHORESIS
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1. INTRODUCTION

Electrophoresis is the stationary motion of charged colloi-
dal particles ranging from rigid particles to biological cells
in an electrolyte solution under an applied electric field E,
and it provides us with fundamental information on the
surface potential and the surface charge density of the
particles (1–9). Electrophoresis of this kind is often called
particle electrophoresis, which is different from other
types of electrophoresis such as gel electrophoresis. The
readers are also referred to a recent review on particle
electrophoresis written by a group of the well-known
scientists in this field within the scope of IUPAC (10). If
the applied electric field E is weak (|E|o100V/cm), then
the electrophoretic velocity U of the particle is propor-
tional to the filed E. The electrophoretic mobility m of the
particle is defined as the ratio of the magnitude of U to
that of E, viz., m¼U/E (where U¼|U| and E¼|E|, is
related to the zeta potential z of the particle. The zeta
potential z is defined as the potential at the plane where
the liquid velocity relative to the particle is zero. If this
plane, which is called the slipping plane or shear plane, is
located at the particle surface, then the zeta potential z
becomes equal to the particle surface potential co. Expres-
sions relating the electrophoretic mobility to the zeta
potential of a colloidal particle depends on the ratio of
the particle size to the thickness 1/k of the electrical
double layer around the particle, which equals the decay
length of the potential c around the particle.

2. POTENTIAL DISTRIBUTION AROUND A SPHERICAL
PARTICLE

A colloidal particle immersed in an electrolyte solution is
usually charged, owing to adsorption of ions onto the
particle surface or ionization of dissociable groups on the
surface. Electrolyte ions with charges of the sign opposite
to that of the particle surface charges (which are called
counter ions) tend to approach the particle surface and to
neutralize the particle surface charges, but thermal mo-
tion of these ions prevents accumulation of the ions so that
around the particle an ionic cloud is formed. In this ionic
cloud, the concentration of counter ions becomes very high
whereas that of co-ions (electrolyte ions with charges of
the same sign as the particle surface charges) is very low.
The ionic cloud together with the particle surface charge
forms an electrical double layer (Fig. 1). As the distribu-
tion of electrolyte ions in the ionic cloud takes a diffusive
structure, such an electrical double layer is often called an
electrical diffuse double layer, or, simply, a double layer.

The potential distribution across the electrical double
layer around a charged colloidal particle in an electrolyte
solution is given by the solution to the Poisson–Boltzmann

equation. Consider a charged spherical particle of radius a
immersed in a solution of general electrolyte composed of
N ionic mobile species of valence zi and bulk concentration
(number density) ni, the Poisson–Boltzmann equation for
the electric potential c(r) at position r, r being the distance
from the center of the particle, is given by

d2c
dr2
þ

2

r

dc
dr

¼ �
1

ereo

X

N
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i exp �
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kT

� �
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where er is the relative permittivity of the electrolyte
solution, eo is the permittivity of a vacuum, e is the
elementary electric charge, k is the Boltzmann constant,
and T is the temperature. For a spherical particle of radius
a carrying low co (|co|r50mV), Equation 1 reduces to
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where k is the Debye–Hückel parameter of the electrolyte
solution. In Equations 1 and 3, ni is given in units of m� 3.
If the electrolyte concentration ni is given in units of M
(mole/L), then ni must be replaced by 1000NAni (NA is
Avogadro’s number). The reciprocal of k represents the
thickness of the electrical double layer (or the ionic atmo-
sphere) around the particle and is called the Debye length.
The boundary conditions for c(r) are c¼co at r¼aþ and
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Figure 1. Electrical double layer around a positively charged
colloidal particle.
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c¼dc/dr¼ 0 at r¼N. The solution to Equation 2 is

cðrÞ ¼co

a

r
e�kðr�aÞ: ð4Þ

The surface potential co is related to the surface charge
density s by

co¼
s

ereokð1þ1=kaÞ
; ð5Þ

which is derived from Gauss’ low.
Consider two limiting cases: (1) the case kac1 and (2)

the case ka{1. For the case where kac1, Equations 4 and
5 reduce to

cðxÞ¼coe
�kx ð6Þ

and

co¼
s

ereok
; ð7Þ

where the distance x¼ r�a is introduced. Equation 6
states that c decays from co to zero over distances of the
order of k�1. The electric field at the particle surface is
thus given by co/(k

�1). This field, which is generated by s,
is equal to s/ereo. Thus, co/(k

� 1)¼s/ereo, which gives
Equation 7. For the case where ka{1, which corresponds
to the limiting situation where the presence of the elec-
trical double layer may be neglected, the potential c(r)
reduces to the Coulomb potential,

cðrÞ¼co

a

r
; ð8Þ

with

co¼
sa
ereo
¼

Q

4pereoa
; ð9Þ

where Q¼ 4pa2s is the total surface charge of the particle.
Equation 8 agrees with the potential distribution as if the
electrolyte ions were absent.

3. SMOLUCHOWSKI’S FORMULA

This mobility formula is applicable for the limiting case
where kac1. The electrophoretic mobility m of a particle is
obtained from the balance between the viscous force and
the electric force acting on the particle. The magnitude of
the electric force Fe per unit area acting on the particle
surface is Fe¼ sE. The magnitude of the viscous force Fh

acting on the particle surface per unit area is given by the
product of the viscosity Z of the liquid and the velocity
gradient at the particle surface, the magnitude of which,
in turn, is approximately given by U/(k� 1) for the case
where kac1. Thus, Fh¼ ZU/(k�1). In the stationary state,
these two forces must be equal: Fe¼Fh. Thus, if the
surface potential co is identified as the zeta potential z,
then following Smoluchowski’s mobility formula is ob-

tained:

m¼
ereo
Z

z: ð10Þ

4. HÜCKEL’S FORMULA

Hückel’s formula is applicable for the opposite limiting
case where ka{1. From comparison of Equation 6 with
Equation 8, one can see that Equation 8 states that the
electric potential c in this case decays from c0 to zero over
a distance of the order of the particle radius a instead of
k� 1.

In accordance with this result, the magnitude of the
viscous force acting on the particle per unit area is
approximately given by ZU/a instead of ZU/(k� 1) so that
the total viscous force is approximately given by 4pa2� Z
U/a¼ 4pZaU. To be exact, the total viscous force is given by
the Stokes resistance 6pZaU. On the other hand, the total
electric force acting on the particle is given by QE, which
must be balanced by the Stokes resistance 6pZaU. After
replacing Q by co with the help of Equation 9 and
identifying co as z, the following Hückel’s formula is
obtained:

m¼
2ereo
3Z

z: ð11Þ

5. HENRY’S FORMULA

Hückel’s formula (Equation 11) differs from Smoluchows-
ki’s formula (Equation 10) by a factor of two-thirds. A
mobility formula that is applicable for arbitrary vales of ka
and bridges Smoluchowski’s formula (10) and Hückel’s
formula (11) was derived by Henry (11). Henry (11)
derived the following general mobility formula for a
spherical particle of radius a that is applicable for low
zeta potentials and all values of ka:

m¼
ereoz
Z

f ðkaÞ; ð12Þ

with

f ðkaÞ¼ 1� ekaf5E7ðkaÞ � 2E5ðkaÞg; ð13Þ

where f(ka) is called Henry’s function and En(ka) is the nth
order exponential integral. Henry’s formula (12) bridges
Smoluchowski’s formula (10) and Hückel’s formula (11),
that is, Equation 13 reduces to 1 for kac1 and to two-
thirds for ka{1 (Fig. 2). Ohshima (12) has derived the
following simple approximate formula for Henry’s func-
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tion f(ka) with relative errors less than 1%:

f ðkaÞ¼
2

3
1þ

1

2 1þ 2:5
kaf1þ 2 expð�kaÞg

� �3

2

6

4

3

7

5

: ð14Þ

For the case of a cylindrical particle, the electrophoretic
mobility depends on the orientation of the particle with
respect to the applied electric field. When the cylinder is
oriented parallel to the applied electric field, its electro-
phoretic mobility m// is given by Smoluchowski’s formula
(10),

m==¼
ereo
Z

z: ð15Þ

If, on the other hand, the cylinder is oriented perpendi-
cularly to the applied field, then the mobility m> depends
not only on z but also on the value of ka. Henry (12)
showed that m> for a cylindrical particle of radius a
oriented perpendicularly to the applied field is given by

m? ¼
ereo
Z

zf ðkaÞ; ð16Þ

with

f ðkaÞ¼ 1�
4ðkaÞ4

K0ðkaÞ

Z

1

ka

K0ðtÞ

t5
dt

þ
ðkaÞ2

K0ðkaÞ

Z

1

ka

K0ðtÞ

t3
dt;

ð17Þ

where K0(x) is the zero-order modified Bessel function of

the second kind. Ohshima (13) obtained an approximate
formula for Henry’s function for a cylinder,

f ðkaÞ¼
1

2
1þ

1

1þ 2:55
kaf1þ expð�kaÞg

� �2

2

6

4

3

7

5

; ð18Þ

the relative error being less than 1%. As ka-N, f(ka)-1
and Equation 18 gives Smoluchowski’s formula 3, whereas
if ka-0, then f(ka)-1/2. For a cylindrical particle or-
iented at an arbitrary angle between its axis and the
applied electric field, its electrophoretic mobility averaged
over a random distribution of orientation is given by

mav¼
1

3
m==þ

2

3
m?: ð19Þ

6. RELAXATION EFFECT AND ACCURATE MOBILITY
EXPRESSION

Henry’s mobility formula (12) assumes that the double-
layer potential distribution around a spherical particle
remains unchanged during electrophoresis. For high zeta
potentials (say |z|450mV), the double layer is no longer
spherically symmetrical. This effect is called the relaxa-
tion effect, that is, as the zeta-potential increases, the
tangential flow of counter ions in the double layer along
the particle surface increases. This surface current tends
to equalize the potential around the surface and, hence,
retards the motion of the particle. Henry’s equation
(Equation 12) does not take into account the relaxation
effect, and thus, this equation is correct to the first order of
zeta potential z. In order to derive mobility formulas for
spherical rigid particles with arbitrary values of zeta
potentials, one must solve the full electrokinetic equations
for the liquid flow, ionic flows, and the potential distribu-
tion, derived independently by Overbeek (14) and Booth
(15). These authors proposed a set of general equations as
an extension of the hydrodynamic calculations made by
Henry (11), taking account of relaxation phenomena.
These equations, however, are not easily solved. Wiersema
et al. (16) solved the equations numerically using an
electronic computer. The computer calculation of the
electrophoretic mobility m of a spherical particle of radius
a as a function of the zeta potential and ka was consider-
ably improved by O’Brien and White (17). Figure 3 shows
the scaled electrophoretic mobility Em (defined later by
Equation 24) of a spherical particle as a function of z for
various values of ka in a KCl solution at 251C calculated
on the basis of the method of O’Brien and White (17).

Approximate analytic mobility expressions, on the
other hand, have been proposed by Dukhin and Semeni-
khin (18), O’Brien and Hunter (19), and Ohshima et al.
(20–22). Ohshima et al. (20), in particular, derived an
accurate mobility expression for the electrophoretic mobi-
lity of a spherical colloidal particle of radius a and zeta-
potential z in a symmetrical electrolyte of valence z

10�2 10�1 1 10 102 103

1

0.9

0.8

0.7

0.6

f(
�a

)

�a

Figure 2. Henry’s function f(ka) for a spherical colloidal particle
of radius a as a function of ka.
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applicable for large ka. The result is

Em¼ sgnðzÞ
3

2
�z�

3F

1þF
ln

1þ exp½ze zj j=2kT�
2

� �� �

; ð20Þ

with

Em¼
3Zze

2ereokT
m; ð21Þ

F¼
2

ka
ð1þ 3mÞðe

�z=2 � 1Þ; ð22Þ

m¼
2ereokT
3Zz2e2

l; ð23Þ

where Em is the scaled electrophoretic mobility; sgn(z)¼
þ 1 if z40 and -1 if zo0; �z is the scaled zeta potential; l is
the ionic drag coefficients of counterions; and m is the
corresponding dimensionless quantity. The parameter F
given in Equation 23 corresponds to Dukhin’s number
(10), which expresses the relaxation effect. Approximate
expressions for the electrophoretic mobility of spherical
particles in a solution of general elecrtrolytes are derived
in Ref. 21.

The mobility expression (Equation 20), however, is not
applicable for small ka. In order to obtain an approximate
mobility expression applicable for kao10, it is convenient
to express the mobility in powers of zeta potential and
make corrections to higher powers of zeta potential in
Henry’s mobility formula (Equation 12), which is correct
to the first power of z. This approach was first tried
independently by Overbeek (14) and Booth (15), who
obtained an approximate expression for the electrophore-
tic mobility of a spherical particle in a symmetrical
electrolyte solution of valence z. Their results, which are

correct to the order of the third power of the particle zeta
potential z of the particle, however, are very complicated
and not convenient for practical mobility calculation.
Ohshima (22) has derived a mobility formula that has a
much simpler form than the results of Overbeek (14) and
Booth (15). The result is

m¼
2ereoz
3Z

1þ
1

2½1þ 2:5=fkað1þ 2e�kaÞg�3

� �

�
2ereoz
3Z

zez
kT

� �2 kafkaþ 1:3 expð�0:18kaÞþ 2:5g

2fkaþ 1:2 expð�7:4kaÞþ 4:8g3

�

þ
mþ þm�

2

� � 9kafkaþ 5:2 expð�3:9kaÞþ 5:6g

8fka� 1:55 expð�0:32kaÞþ 6:02g3

�

;

ð24Þ

with

m� ¼
2ereokT
3Zz2e2

l�; ð25Þ

wherelþ and l� are the drag coefficient of cations and
anions, respectively, and m7 are the corresponding scaled
quantities. It is found that agreement of Equation 24 with
exact numerical results (17) is excellent, especially for
small ka, in which region no simple analytic mobility
formulas are available other than Henry’s formula (Equa-
tion 12). Thus, Equation 24 is a considerable improvement
of Henry’s formula. For example, the relative error is less
than 1% for |z|r7 at ka¼ 0.1 and for |z|r3 at ka¼ 1.
Equation 24 is also a good approximation for large ka, in
which region, however, a more accurate analytic mobility
formula (Equation 20) is available. For 1okao10 and
|z|44, however, Equation 15 is not a good approximation
and one must employ computer calculation by the method
of O’Brien and White (17).

7. SOFT PARTICLES

In this section the electrokinetic behavior of soft particles
is considered (i.e., colloidal particles covered with a poly-
electrolyte layer) (Fig. 4). For such particles, one must
consider the potential distribution and the liquid flow
distribution not only outside but also inside the surface
charge layer. It can be shown that the potential deep
inside the polyelectrolyte layer is almost equal to the
Donnan potential, provided that the surface layer is
much thicker than the Debye length 1/k. A number of
theoretical studies have been made on the basis of the
model of Debye and Bueche. This model assumes that the
polymer segments are regarded as resistance centers
distributed in the polyelectrolyte layer, exerting frictional
forces on the liquid flowing in the polyelectrolyte layer.
That is, a friction term (� gu), g being a frictional coeffi-
cient, is incorporated into electrokinetic equations for the
liquid flow u in the polyelectrolyte layer. Ohshima (23,24)
has presented a theory for electrophoresis of a soft particle
that unites two different electrophoresis theories of hard
particles and of spherical polyelectrolytes (25), because

�a = ∞ 
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Figure 3. Scaled electrophoretic mobility Em of a spherical
particle as a function of z for various values of ka in a KCl
solution at 251C calculated on the basis of the method of O’Brien
and White (17).

4 ELECTROPHORESIS



soft particles become hard particles in the absence of the
polyelectrolyte layer, whereas soft particles become poly-
electrolyte in the absence of the particle core. Consider a
soft particle that consists of the hard particle core of
radius a covered with a layer of polyelectrolytes of thick-
ness d (¼b�a). For the case where dissociated groups of
valence Z are distributed with a uniform density N in the
polyelectrolyte layer and the electrolyte is symmetrical
with valence z and bulk concentration (number density) n,
Ohshima (23) obtained

m¼
ereo
Z

co=kmþcDON=l
1=kmþ 1=l

f
d

a

� �

þ
ZeN

Zl2
; ð26Þ

with

l¼ ðg=ZÞ1=2; ð27Þ

f
d

a

� �

¼
2

3
1þ

1

2ð1þd=aÞ3

" #

; ð28Þ

where co is the surface potential (i.e., the potential at the
boundary of the surface charge layer and the surrounding
solution),cDON is the Donnan potential of the surface
charge layer, and km is the effective Debye–Hückel para-
meter of the surface charge layer that involves the con-
tribution of the fixed charges ZeN.

Equation 26 is applicable for the case where the
relaxation effect is negligible and lac1, kac1, ldc1,
and kdc1. The function f(d/a) varies from two-thirds to 1
as d/a increases. For d{a (f(d/a)E1), the polyelectrolyte
layer can be regarded as planar, and Equation 26 becomes

m¼
ereo
Z

co=kmþcDON=l
1=kmþ 1=l

þ
ZeN

Zl2
; ð29Þ

whereas for dca (f(d/a)E2/3), the soft particle behaves

like a spherical polyelectrolyte with no particle core. In the
limit a-0, the particle core vanishes and the particle
becomes a spherical polyelectrolyte (a porous charged
sphere). For low potentials, in particular, Equation 26
tends to

m¼
ZeN

Zl2
1þ

2

3

l
k

� �21þ l=2k
1þ l=k

" #

; ð30Þ

which agrees with Hermans–Fujita’s equation for spheri-
cal polyelectrolytes (25). The function f(d/a) corresponds to
Henry’s function f(ka) for hard particles (see Equation 12).
That is, the thickness of the polyelectrolyte layer d for a
soft particle plays essentially the same role as the thick-
ness of the electrical double layer 1/k for a hard particle.

Equation 26 does not involve the thickness of the
surface charge layer or the position of the slipping plane,
which implies that the zeta potential and the slipping
plane both lose their meaning. In the limit of l-N,
Equation 28 becomes Smoluchowski’s equation (Equation
10), as should be expected. On the other hand, in the limit
of high electrolyte concentrations, Equation 26 becomes a
nonzero value, for example,

m! m1 �
ZeN

Zl2
: ð31Þ

The difference between Equation 26 and Equation 10 is
most remarkable. It can be understood by the fact that the
velocity distribution of liquid flows within the surface
charge layer. That is, in the mid-region of the surface
charge layer, the liquid velocity is shown to have an
almost constant value independent of the position of the
slipping plane, and this constant value gives mN.

Equation 26 involves two parameters (ZeN and 1/l), the
latter of which can be considered to characterize the
‘‘softness’’ of the polyelectrolyte layer, because in the limit
of 1/l-0, the particle becomes a rigid particle. Experi-
mentally, these parameters may be determined from a plot
of measured mobility values of a soft particle as a function
of electrolyte concentration by a curve-fitting procedure. A
number of experimental studies have been carried out in
order to analyze experimental mobility date via Equation
26 (e.g., Refs. 26–28). Note that N and n are given in units
of m�3. If one uses the units of M, then N and n must be
replaced by 1000NAN and NAn, where NA is Avogadro’s
number.

8. DYNAMIC ELECTROPHORESIS

When a suspension of colloidal particles is in an oscillating
electric field, the electrophoretic mobility of the particles
depends on the frequency o of the applied field. The
mobility for such cases is called dynamic electrophoretic
mobility, which is important particularly because colloid
vibration potential (CVP) and electrokinetic sonic ampli-
tude (ESA) are proportional to dynamic electrophoretic
mobility. O’Brien derived the following formula applicable

Figure 4. Soft particle (particle coated with an ion-penetrable
layer of polyelectrolytes).
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for large ka (29):

mðoÞ¼
ereoz
Z

1� iga
HðaÞ � G

; ð32Þ

with

g¼

ffiffiffiffiffiffiffiffiffiffi

ioro
Z

s

¼ðiþ 1Þ

ffiffiffiffiffiffiffiffiffi

oro
2Z

r

; ð33Þ

HðaÞ¼ 1� iga�
ðgaÞ2

3
; ð34Þ

G¼
2ðgaÞ2ðrp � roÞ

9ro
; ð35Þ

where rp and ro are, respectively, the mass densities of the
particle and the electrolyte solution. Later, Ohshima (30)
derived

mðoÞ¼
2ereozf1� igað1þ 1=kaÞg
3ZfHðaÞ � Ggð1� ig=kÞ

1þ
1

2 1þ 2:5
kað1þ 2e�kaÞ

n o3

2

6

4

3

7

5

;

ð36Þ

which is applicable for arbitrary ka at low z. Ohshima (30)
also derived the following simple expression for the ratio
of dynamic/static mobility to static mobility:

mðoÞ
mð0Þ
¼

1� igað1þ 1=kaÞ
½HðaÞ � G�ð1� ig=kÞ

: ð37Þ

The colloid vibration potential (CVP) on a dilute suspen-
sion of spherical colloidal particles of volume fraction f is
related to the dynamic electrophoretic mobility m(o) by

CVP¼
fðrp � roÞ

roK�
mðoÞrP; ð38Þ

where KN is the electrical conductivity of the electrolyte
solution in the absence of the particles and and rP is the
applied pressure gradient (8). The readers are referred to
a book by Dukhin and Goetz (8) for further review of
recent advances in dynamic electrophoresis.
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10. A. V. Delgado, F. González-Caballero, R. J. Hunter, L. K.
Koopal, and J. Lyklema, Measurement and interpretation of
electrokinetic phenomena (IUPAC technical report). Pure

Appl. Chem. 2005; 77:1753–1805.

11. D. C. Henry, The cataphoresis of suspended particles. Proc. R.
Soc. London, Ser. A. 1931; 133:106–129.

12. H. Ohshima, A simple expression for henry’s function for the
retardation effect in electrophoresis of spherical colloidal
particles. J. Colloid Interface Sci. 1994; 168:269–271.

13. H. Ohshima, Henry’s function for electrophoresis of a cylind-
rical colloidal particle. J. Colloid Interface Sci. 1996; 180:299–
301.

14. J. Th. G. Overbeek, Theorie der elektrophorese. Der relax-
ationseffekt. Kolloid-Beihefte 1943; 54:287–364.

15. F. Booth, The cataphoresis of spherical, solid non-conducting
particles in a symmetrical electrolyte. Proc. R. Soc. London,
Ser. A. 1950; 203:514–533.

16. P. H. Wiersema, A. L. Loeb, and J. Th. G. Overbeek, Calcula-
tion of the electrophoretic mobility of a spherical colloid
particle. J. Colloid Interface Sci. 1966; 22:78–99.

17. R. W. O’Brien and L. R. White, Electrophoretic mobility of a
spherical colloidal particle. J. Chem. Soc. Faraday Trans.

1978; 74(2):1607–1626.

18. S. S. Dukhin and N. M. Semenikhin, Theory of double layer
polarization and its influence on the electrokinetic and elec-
trooptical phenomena and the dielectric permeability of dis-
perse systems. Calculation of the electrophoretic and
diffusiophoretic mobility of solid spherical particles. Kolloid
Zh. 1970; 32:360–368.

19. R. W. O’Brien and R. J. Hunter, The electrophoretic mobility
of large colloidal particles. Can. J. Chem. 1981; 59:1878–1887.

20. H. Ohshima, T. W. Healy, and L. R. White, Approximate
analytic expressions for the electrophoretic mobility of sphe-
rical colloidal particles and the conductivity of their dilute
suspensions. J. Chem. Soc. Faraday Trans. 1983; 79(2):1613–
1628.

21. H. Ohshima, Approximate expression for the electrophoretic
mobility of a spherical colloidal particle in a solution of
general electrolytes. Colloids Surfaces A: Physicochem. Eng.

Aspects 2005; 267:50–55.

22. H. Ohshima, Approximate analytic expression for the electro-
phoretic mobility of a spherical colloidal particle. J. Colloid
Interface Sci. 2001; 239:587–590.

23. H. Ohshima, Electrophoretic mobility of soft particles. J.

Colloid Interface Sci. 1994; 163:474–483.

24. H. Ohshima, On the general expression for the electrophore-
tic mobility of a soft particle. J. Colloid Interface Sci. 2000;
228:190–193.

6 ELECTROPHORESIS



25. J. J. Hermans and H. Fujita, Electrophoresis of charged
polymer molecules with partial free drainage. Koninkl. Ned.
Akad. Wetenschap. Proc. 1955; B58:182–187.

26. K. Makino, T. Taki, M. Ogura, S. Handa, M. Nakajima, T.
Kondo, and H. Ohshima, Measurements and analyses of
electrophoretic mobilities of a RAW117 lymphosarcoma and
its variant. Biophys. Chem. 1993; 47:261–265.

27. S. Takashima and H. Morisaki, Surface characteristics of the
microbial cell of Pseudomonas syringae and its relevance to
cell attachment. Colloids Surfaces B: Biointerfaces 1997;
9:205–212.

28. R. Bos, H. C. van der Mei, and H. J. Busscher, Soft-particle’
analysis of the electrophoretic mobility of a fibrillated and
non-fibrillated oral streptococcal strain: Streptococcus sali-

varius. Biophys. Chem. 1998; 74:251–255.

29. R. W. O’Brien, Electro-acoustic Effects in a Dilute Suspension
of Spherical Particles. J. Fluid Mech. 1988; 190:71–86.

30. H. Ohshima, Dynamic electrophoretic mobility of a spherical
colloidal particle. J. Colloid Interface Sci. 1996; 179:431–438.

ELECTROPHORESIS 7



ELECTROPHYSIOLOGY

SHASHANK DAVE

NATHAN PRAHLOW

RALPH BUSCHBACHER

Indiana University
Indianapolis, Indiana

1. INTRODUCTION

Electrodiagnosis, sometimes referred to as electromyo-
graphy (EMG), is a test of nerve and muscle function.
Such tests are most commonly performed by physiatrists
(physicians specializing in physical medicine and rehabil-
itation) and neurologists. Some of the more common con-
ditions where electrodiagnosis is helpful include carpal
tunnel syndrome, radiculopathy, and peripheral neuropa-
thy, although many more indications exist (see Table 1). A
review of electrophysiology and how it relates to electro-
diagnosis is essential to understanding this highly spe-
cialized test.

This chapter will succinctly review electrophysiology
and how it correlates to basic electrodiagnosis, as well as a
clinical illustration.

2. THEORY – ANATOMY AND PHYSIOLOGY

The nervous system is divided into the central and pe-
ripheral nervous systems. The peripheral nervous system
is further divided into the motor, sensory, and autonomic
nervous systems. The basic functional unit in the periph-
eral motor nervous system is the motor unit, which spans
from the anterior horn cell of the spinal cord down to the
muscle fiber itself. Between the anterior horn cell and
muscle fiber are axons (1). Axons serve as the basic con-
ductor of electrical signals as well as nutrients, structural
proteins, neurotrophic components, and neurotransmit-
ters (2). Axons have semipermeable membranes embed-
ded with sodium-potassium pumps, which maintain a
charge difference leading to polarity. At rest, these pumps
maintain a high concentration of potassium inside the cell
and high concentration of sodium outside the cell. The
Nernst equation (Fig. 1) (3) can be employed to determine
the specific charge, which is typically in the range of
� 70mV relative to inside the cell (4).

3. DEPOLARIZATION AND REPOLARIZATION

To propagate electric signals, or action potentials, axonal
membranes undergo depolarization. In order for depolar-
ization to occur, a stimulus must be strong enough to
reach a threshold of activation. If the stimulus is below
this threshold, no action potential will occur. Any stimulus
above this threshold will result in the same action poten-
tial, regardless of the strength of the stimulus. This phe-
nomenon is known as the all-or-none response.

During depolarization, polarity reverses from the rest-
ing � 70mV to roughly þ 40mV by the opening of voltage-
gated sodium channels, allowing sodium to diffuse into the
axon along its gradient (4). This area of depolarization
then generates depolarization in the adjacent segment via
a local circuit current (see Fig. 2) (6).

i

o

zF
RT

E
{C}
{C}

ln=

Figure 1. Nernst Equation. E is the equilibrium potential, ln is
the natural logarithm (loge), and {C}o and {C}i are the extracellu-
lar and intracellular ion concentrations, respectively. R is the gas
constant (8.31 Joules 1K� 1mol� 1), T is absolute temperature, F is
the Faraday constant (96, 487 coulombs mol� 1), and z is the
charge of the ion (3).
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Figure 2. Action potential generation and local circuit currents.
Upper figure demonstrates action potential generation with so-
dium and potassium channel opening and closing. Note the
change in membrane voltage in regard to each channel opening
and closing. Lower figure shows action potential propagation via
local circuit currents (see text) (6).

Table 1. Diseases in which Electrodiagnosis can be Used

Disease Example

Radiculopathy L5/S1 radiculopathy
Plexopathy Radiation-induced plexopathy
Neuropathy: focal Carpal tunnel syndrome

Cubital tunnel syndrome
Neuropathy: general Diabetic/alcoholic
Disorders of the NMJ Myasthenia Gravis

Lambert-Eaton Myasthenic Syndrome
Botulism

Myopathy Myotonic myopathy
Trauma Nerve root avulsion

1
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After depolarization, voltage-gated potassium channels
then open, allowing potassium to diffuse out of the cell
along its gradient, thereby hyperpolarizing the mem-
brane. Sodium-potassium pumps are then activated to
pump sodium out of and potassium, into the cell back to
the resting � 70mV.

During repolarization, the axon cannot undergo an-
other similar depolarization, known as the refractory pe-
riod (4). The absolute refractory period is the time in
which no action potential can be generated, regardless of
stimulus strength. The relative refractory period is the
time in which only a higher level stimulus can generate an
action potential, which lasts for approximately 10ms (3).

4. ACTION POTENTIAL PROPAGATION

The conduction velocity along axons is determined in part
by the resistance and capacitance of the axonal mem-
brane. All peripheral nervous system axons are covered by
the plasmamembrane of Schwann cells (7). In some axons,
an additional sheath exists called myelin, which is also
derived from Schwann cells and helps insulate the axon
(see Fig. 3) (8). This insulation adds electrical resistance
while lowering capacitance and allows an action potential

to spread greater distances along the axon. Accordingly,
invaginations of the myelin exist every few micrometers,
exposing the axon in areas where depolarization may oc-
cur, known as nodes of Ranvier (see Fig. 3). An advantage
is that this allows much quicker action potential propa-
gation, as the action potential leaps from node to node,
known as saltatory conduction (4).

As a general rule, larger nerves have a higher degree of
myelination than smaller nerves, which are thinly my-
elinated. Higher levels of myelination help speed conduc-
tion up to a rate of 70m/s (4,5), which is useful for quick-
impulse transmission, such as in motor nerves. On the
other hand, smaller, sparsely myelinated nerve fibers con-
duct more slowly, in the range of 0.4m/s, and are found in
fibers that sense temperature and those found in the au-
tonomic nervous system. Interestingly, all fibers are not
heavily myelinated because of space constraints in the
human body (5).

5. NEUROMUSCULAR JUNCTION

As the action potential travels down a motor axon, it will
arrive at the neuromuscular junction. This junction con-
sists of three parts: a presynaptic area (modified end of the

(a)

(b)

Unmyelinated axons

Schwann cell nucleus

Schwann cell cytoplasm

Myelin sheath

Schwann cell cytoplasm

Schwann cell nucleus

Node of Ranvier

Axon

Figure 3. Myelination. (a) Myelin is derived from
Schwann cells; note the invagination demarcating
the Node of Ranvier. (b) Unmyelinated axons cov-
ered by Schwann cells (8).

2 ELECTROPHYSIOLOGY



axon), the synapse (gap), and the postsynaptic area. In the
presynaptic area, a neurotransmitter called acetylcholine
is stored in vesicles. The incoming electrical signal is
changed to a chemical signal at into the presynaptic
area when calcium enters through voltage-gated chan-
nels. This influx of calcium causes the vesicles to release
acetylcholine, which diffuses across the synapse. Ace-
tylcholine then binds to postsynaptic receptors, leading
to depolarization (contraction) of muscle fibers through
the release of calcium from the sarcoplasmic reticulum of
the muscle fiber (4). Afterwards, acetylcholine is either
metabolized by the enzyme acetylcholinesterase or under-
goes reuptake into the nerve terminal (5).

6. NERVE AND MUSCLE FIBER TYPE

Numerous nerve fiber types exist in the body (see Table 2)
(9). Large motor nerve fibers, also known as 1a, a-alpha, or
alpha motor neurons, innervate skeletal muscle. Skeletal
muscle fibers are composed of actin and myosin filaments.
When depolarized, myosin binds with actin’s active site,
using adenosine triphosphate (ATP) as the energy source.
The filaments slide over one another to cause muscle
shortening (5). Similarly, relaxation is powered by ATP
when actin-active sites are blocked preventing further
myosin binding. In the absence of ATP (such as in death),
relaxation cannot occur and rigor mortis occurs because of
to actin and myosin being joined permanently (3).

Skeletal muscle fibers are divided into three main
types: type I, type IIa, and type IIb. Type I fibers, also
known as slow-twitch fibers, have numerous mitochondria
and use oxidative metabolism for energy production. They
are useful for endurance and are found in postural mus-
cles. Type IIa fibers are known as fast-twitch oxidative-
glycolytic fibers and use a blend of oxidative and glycolytic
metabolisms for energy production. Type IIb fibers, also
known as fast-glycolytic fibers rely primarily on glycolytic
metabolism. Although type IIa and IIb fibers fatigue eas-
ily, they are useful for quick, forceful contractions (10).

7. EQUIPMENT: MACHINES USED IN
ELECTRODIAGNOSTIC MEDICINE

As mentioned previously, electrodiagnosis is the study of
nerve and muscle function and is able to reveal lesions
from the spinal cord level (anterior horn), to spinal nerves,
plexi, peripheral nerves, neuromusclular junctions, and
muscles, which is assessed by recording electrical signals
of nerve and muscle using highly specialized equipment.
Additionally, lesions above the anterior horn cell (such as
multiple sclerosis and cervical spondylosis) can be evalu-
ated using somatosensory-evoked potentials (11).

Electrodiagnostic studies induce an action potential by
application of an electrical stimulation at one point along
a nerve. If the nerve is depolarized, the resultant electrical
activity can be recorded from another point, either over a
nerve or muscle. Latency and amplitude are two measure-
ments that can be easily recorded. Latency, typically mea-
sured in milliseconds, is a measure of the time it takes the
action potential to reach the recording site from the stim-
ulation site. By measuring distance between stimulation
and recording sites, a conduction velocity can then be cal-
culated in meters per second. Amplitude measures the
voltage at the recording site and is a reflection of the
amount of electrical signal in a nerve or muscle action po-
tential.

8. SIGNAL PROCESSING BY EMG MACHINES

EMG machines must have the capacity to discern appro-
priate nerve and muscle signal from those in the environ-
ment, including other signals from the body. Signals from
the environment, also called interference, include 60-cycle
per second electrical activity that can be inadvertently re-
corded from the ambient environment. Electrical signals
from the body can also exist, such as the heart. EMG ma-
chines use filters, which are used in an attempt to remove
much of the unwanted interference while sparing the de-
sired signal from nerve or muscle.

The general range of physiologic signal of interest in
electrodiagnosis is 2Hz to 10kHz. Frequencies above or
below this range are blocked using filters. A low-frequency
filter, also known as a high-pass filter, is employed to re-
move low-frequency signals. Similarly, a high-frequency
filter, also known as a low-pass filter, is used to block high-
frequency signals. Care must be taken to ensure that filter
settings are appropriate for a particular study, as the set-
tings are somewhat different for sensory, motor, and nee-
dle studies (see below for discussion these studies) (12).

Another method that can improve signal-to-noise ratio
is averaging. Averaging is a technique that combines (av-
erages) the response using serial stimulations and record-
ings to enhance the potential of interest by eliminating or
‘‘averaging out’’ unwanted noise. The improvement in sig-
nal to noise can be calculated by the equation in Fig. 4 (9).

Yet another method to improve the signal-to-noise ratio
is found in the EMG machine itself, called the differential
amplifier. Two amplifiers, arranged in parallel, take re-
cordings from two electrodes: the active electrode (G1) lo-
cated at the site of interest and the reference electrode

Table 2. Nerve Fiber Types (9)

Fiber Type
Sensory

Classification Function

Aa Ia and Ib Motor: alpha motor neurons
Sensory: muscle spindles (Ia),
Golgi tendon organ, touch,

pressure (Ib)
Ab II Motor: intrafusal and

extrafusal muscle fibers
Sensory: muscle spindle,
touch, pressure

Ag III Motor: gamma motor neurons,
muscle spindle

Ad III Sensory: muscle spindle,
touch, pressure

B IV Motor: preganglionic
autonomic fibers

C IV Motor: postganglionic
autonomic fibers
Sensory: pain, temperature
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(G2) located nearby, but often at an electrically silent site.
Signals from both electrodes are amplified. The reference
signal is then subtracted from the active signal, which al-
lows for cancellation of identical signals (noise) and am-
plification of different signals (see Fig. 5) (13). Common-
mode rejection ratio is defined as the system’s ability to
amplify differing signals and cancel common ones, which
is usually expressed as decibels and ideally should be
greater than 90dB (9).

After being processed by the differential amplifiers, the
signal is then converted from an analog signal to a digital
signal, which can then be displayed on a screen for anal-
ysis. The EMG machine can usually be programmed to
identify waveforms and even make determinations about
a wave’s configuration in terms of amplitude and latency
(see below). However, these programs may not always
identify the correct waveform, and it is ultimately neces-
sary for the electromyographer to make a determination
about a waveform’s characteristics and parameters. Ab-
scissa and ordinate axes may be manipulated manually
for optimal viewing of waveforms.

9. SPECIFIC STUDIES DONE IN ELECTRODIAGNOSTIC
MEDICINE: NERVE CONDUCTION

In general, two studies in electromyography exist: nerve
conduction studies (NCS) and needle eletromyographic
studies (EMG). Further, nerve conduction studies consist
of motor and sensory studies, and specialized studies, such
as the F-wave and H-reflex as delineated in Table 3 (14)
(see Ref. 14 for a complete discussion on the F-Wave and
H-reflex).

A typical setup for motor nerve conductions can be
found in Fig. 6 (13). The G1 electrode is placed on the skin
over the motor point (site where the nerve enters the
muscle) of that muscle, usually over the muscle’s belly.
The G2 electrode is placed over an electrically silent area,
such as a nearby tendon or bone (see Fig. 6) (13). The dis-
tance must be close enough together to expect similar
‘‘noise,’’ yet far enough apart to allow for differential am-
plification of the desired signal. Additionally, a ground is
placed, ideally, between stimulating and recording sites.

Similarly, sensory studies also use G1, G2, and ground
electrodes; however, G1 and G2 electrodes are placed di-
rectly over the nerve of interest. As with motor studies,
electrode separation must be optimal to ensure differential
amplification. Sensory studies can be either orthodromic
or antidromic. Orthodromic implies a physiologic, or ‘‘nor-
mal’’ direction, so for sensory studies, it means that stim-
ulation is done distally and recording done proximally.
Antidromic implies the opposite of the physiologic direc-
tion, or proximal stimulation with distal recording. Stud-
ies have shown that antidromic sensory studies not only
give larger amplitudes when compared with orthodromic
studies, but they can be more comfortable to patients (15).
Motor studies are performed with stimulation proximally
and distal recording and, by definition, are orthodromic
studies.

Noise Amplitude

Signal Amplitude ×
S:N

#of Averages Performed
=

Figure 4. Signal-to-noise calculation using the averaging tech-
nique (9).

Figure 5. Differential amplification. The signal from the refer-
ence electrode (G2) is inverted and added to the active electrode
(G1) signal. As background noise occurs randomly, it is identical
at each electrode and hence cancels out, which is illustrated in the
upper section. The lower section shows different signals at each
electrode and would enhance the signal of interest (13).

R
S1

G

A
AC

8 cm

Figure 6. Typical median motor study setup. Note the G1 active
electrode (A), the G1 reference electrode (R), distal and proximal
stimulation sites (S1 and S2, with the cathode (C) and anode (A)
designated), and ground electrode (G) placement sites marked
(13).

Table 3. Tests Performed in Electrodiagnostic Studies

Sensory: Orthodromic and Antidromic

Motor
F-wave (14)
H-reflex (14)

Nerve Conduction Studies
Needle Electromyography
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10. SPECIFIC STUDIES DONE IN ELECTRODIAGNOSTIC
MEDICINE: NEEDLE EMG

Needle electromyography setup is somewhat similar to
nerve conduction studies in the sense that they both use
G1 and G2 electrodes (permitting differential amplifica-
tion) as well as a ground. The G1 electrode, however, is in
the form of a needle electrode that is placed directly in the
muscle of interest, acting much like a microphone inside
the muscle. Another difference is that no stimulations ex-
ist with needle EMG. After insertion into the muscle, var-
ious analyses are done including insertional activity,
spontaneous activity, motor unit evaluation, and muscle
fiber recruitment. The electromyographer will analyze
this information by sight and sound from the EMG ma-
chine.

Insertional activity (IA) is typically the first analysis
that takes place in needle EMG. As the needle end cuts
through muscle, spontaneous discharges of muscle are
given off, known as IA. The electromyographer will move
the needle slightly, then pause to determine insertional
activity characteristics, then move the needle again
slightly in different directions. Abnormally prolonged IA
implies muscle cell membrane instability, which is sensi-
tive for some kind of pathology, but nonspecific (16).

Spontaneous activity (SA) is typically the next investi-
gation following IA. Several types of abnormal SA are
seen, including fibrillations, positive sharp waves, com-
plex repetitive discharges, myokymia, myotonic dis-
charges, and fasciculations. Fibrillations and positive
sharp waves signify ongoing denervation of muscle fibers.
They are no longer connected to an anterior horn cell.
Healing occurs with growth of nearby nerve fibers (called
collateral sprouting) that re-innervate the muscle fiber,
which will reduce the number of fibrillations and positive
sharp waves. Other forms of SA mentioned have their own
clinical significance, discussion of which is beyond the
scope of this chapter.

Motor unit action potential (MUAP) examination is
usually done after assessing SA. It is done by studying
one motor unit by asking the patient to activate (contract)
a muscle to the slightest degree. Specifically, the elect-
romyographer looks at amplitude and duration of the
MUAP and compares with standard values. The EMG
screen may be stopped or ‘‘frozen’’ to allow optimal anal-
ysis. In general, old, completely healed injuries have large
amplitude, short duration MUAPs. Subacute injuries may
reveal longer duration MUAPs secondary to incomplete
myelination of new nerve terminals (16).

Recruitment is generally the final step in needle EMG
analysis. As contractile force increases, motor units are
recruited smaller to larger. As the smallest unit increases
its firing rate to 10Hertz (Hz), an additional unit is re-
cruited at 5Hz to add more force to the contraction. As
force increases, firing frequency of the first unit increases
to 15Hz, the second increases to 10Hz, and a third unit is
then recruited at 5Hz, allowing for a smooth increase in
contractile force. Decreased recruitment, also known as
neuropathic or ‘‘late’’ recruitment, is found in diseases of
the nerve supplying the muscle such as amyotrophic lat-
eral sclerosis or axonal conduction block. Motor unit anal-

ysis will reveal fewer motor units having to do the same
work and, hence, an increased firing frequency of the re-
maining units. Increased recruitment, also known as my-
opathic or ‘‘early’’ recruitment, is seen in diseases of
muscle, such as myopathy. Muscle weakness places extra
demand on existing motor units, and recruitment of these
units will occur earlier than normal (5,16).

11. EVALUATION

After accurate identification of a waveform, amplitude and
latency measurements are taken. Amplitude is measured
by either baseline to negative (upward) peak, or negative
peak to positive (downward) peak. Motor amplitude is
conventionally measured in millivolts, and sensory ampli-
tude, being much smaller, is measured in microvolts. Mo-
tor latency is measured in time of onset, or the time it
takes from stimulation (shock artifact) to initial deflection
from baseline. By convention, peak latency is typically
used in sensory studies, rather than the onset latency.
Latency is measured in milliseconds. Upward deflection
(negative value) implies that the signal is traveling away
from the active electrode and downward (positive) deflec-
tion implies that the signal is traveling toward the active
electrode.

12. CLINICAL CORRELATE: CARPAL TUNNEL SYNDROME

The carpal tunnel is a site in the human body through
which nine tendons and the median nerve enter the palm
of the hand through a ‘‘tunnel.’’ This tunnel has bony sides
and bottom and a ligamentous top, limiting the area. At
times, the median nerve can become damaged focally in
this tunnel in a condition called carpal tunnel syndrome
(CTS). Some risk factors include, but are not limited to,
repetitive/cumulative trauma, suboptimal workplace er-
gononics, obesity, pregnancy, and genetic predisposition
(4,17).

Patients may complain of paresthesias, particularly at
night, in the distribution of the median nerve distal to the
wrist, or at times even proximal to it. They may also com-
plain of weakness or difficulty holding onto objects. On
examination, patients may have loss of sensation in the
median nerve distribution as well as atrophy of the me-
dian-innervated hand muscles. Special exam maneuvers,
such as tapping along the carpal tunnel (Tinel’s sign) or
compression of the median nerve at the wrist (Phalen’s
sign) may reproduce the patient’s symptoms.

Electrodiagnostic studies can be useful not only with
the diagnosis of CTS, but also helpful with exclusion of
other conditions that may present similarly to CTS, which
can potentially prevent a patient from undergoing unnec-
essary procedures. Most commonly, sensory and motor
studies are performed and the results are compared with
standard, accepted values (18). If necessary, needle EMG
may also be performed as an aid to exclude other diag-
noses, such as cervical radiculopathy (19).

For nerve conduction studies, the most sensitive study
compares median and ulnar nerve latencies, although me-
dian and radial nerve comparison studies can also be used.
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For motor studies, a diagnosis can be made based on me-
dian nerve conductions; however, ulnar nerve conductions
studies can be helpful in excluding other conditions, such
as peripheral neuropathy. Additionally, needle EMG can
give information about axonal loss versus demyelinating
and can be helpful in determining the need for surgery
(20). For instance, if axonal loss is present, a surgeon may
want to prioritize surgery in order to prevent further
nerve damage.

Nerve conduction studies can also be useful with grad-
ing of severity as well. Three accepted grades of severity
exist: mild, moderate, and severe. Mild CTS is defined as
prolongation of sensory latency with or without amplitude
loss. Moderate CTS is at least the ‘‘mild’’ criteria plus pro-
longation of motor latency. Severe CTS is at least the
‘‘moderate’’ criteria (sensory may even be absent) plus low-
amplitude motor study and the needle exam may show
findings consistent with axonal damage (20).

13. CONCLUSION

Electrodiagnostic medicine is only one application of elect-
rophysiology. In other fields, such as cardiac physiology,
the basis tenets are the same. These fundamentals and
how they apply to clinical correlates may appear very
simple at first, but in the same breath, can be very intri-
cate. The same is true in reverse, as diseases of the nerve
and muscle can often be traced back to an electrophysio-
logic basis. Indeed, it often cannot be traced back, and it is
precisely here where more research needs to be done with
the hopes of understanding the disease process better, in
hopes for a cure.

To keep abreast of current changes in the field, the
American Association of Neuromuscular and Electrodiag-
nostic Medicine (AANEM) regularly publishes review ar-
ticles named Minimonographs, authored by experts in the
field. Their website is http://www.aanem.org/. Addition-
ally, several textbooks are available, such as Preston and
Shapiro’s textbook (21) and Dumitru’s comprehensive text
(7). For a concise introductory text, Gnatz has an excellent
primer (22).
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MARKO PUC

University of Ljubljana
Ljubljana, Slovenia

1. BRIEF HISTORICAL OVERVIEW OF ELECTROPORATION
DEVELOPMENT

Reversible ‘‘electrical breakdown’’ of the membrane has
first been reported by Stampfli in 1958, but for some time
this report has been mostly unnoticed. Nearly a decade
later, Sale and Hamilton reported on nonthermal electri-
cal destruction of micro-organisms using strong electric
pulses. In 1972, Neumann and Rosenheck showed that
electric pulses induce a large increase of membrane per-
meability in vesicles (11). Following these pioneering stud-
ies were two major breaking points that have motivated a
series of further investigations. In the first study in 1982,
Neumann et al. showed that genes can be transferred into
the cells by using exponentially decaying electric pulses
(12). A few years later, in 1987, Okino and Mohri and, in
1988, Mir et al. showed that definite amounts of molecules
are introduced into the cells thus increasing cytotoxicity of
bleomycin (chemotherapeutic drug), in either in vivo or in
vitro conditions, by using electric pulses (13,14). From this
time on, the data started to accumulate more rapidly and
systematically. Most of the early work was done on iso-
lated cells in conditions in vitro, but it is now known that
many applications are also successful in in vivo situation.
Using electroporation, small and large molecules can be
introduced into cells and extracted from cells, and proteins
can be inserted into the membrane and cells can be fused.
As a result of its efficiency, electroporation has rapidly
found its application in gene transfection, preparation of
monoclonal antibodies, and electrochemotherapy of tu-
mors. Today, it is paving its way into many fields of bio-
chemistry, molecular biology, and medicine and is
becoming an established method used in oncology for
treatment of solid tumors. It also holds great promises
for gene therapy as an efficient and safe nonviral vector
(2).

2. THEORETICAL BACKGROUND OF ELECTROPORATION

Permeabilization of cell plasma membrane is achieved by
exposure of the cell to short but intense electric pulses (Fig
1) (1–10). The basic quantity underlying the process of
electroporation is presumably the induced transmem-
brane voltage generated by external electric field because
of the difference in the electric properties of the plasma
membrane and the external medium, known as the Max-
well–Wagner polarization. For a cell with spherical shape
(Fig. 2a, which is acceptable approximation for most sus-
pended cells), the induced transmembrane voltage DFm is

described by:

DFm¼ fsrE cos y 1� exp �
t

t

� �� �

; ð1Þ

where r is the cell radius, E is intensity of the electric field,
y is the polar angle measured with respect to the direction
of the electric field, t is time elapsed from the onset of the
electric field, whereas function fs, which reflects the geo-
metrical, material, and electrical properties of the cell and
its surroundings, and time constant t of the inducement of
transmembrane voltage are given by:

fs¼
3lo½3dr2liþ ð3d2r� d3Þðlm � liÞ�

2r3ðlmþ 2loÞðlm � 1
2 liÞ � 2ðr� dÞ3ðlo � lmÞðli � lmÞ

;

ð2Þ

t¼
rCm

2loli
2loþ li

þ
r

d
lm

; ð3Þ

with Cm the membrane capacitance, d the membrane
thickness, and li, lo, lm the conductivities of the cyto-
plasm, extracellular medium, and cell membrane, respec-
tively (4,15,16). For effective permeabilization of the
plasma membrane, the induced transmembrane voltage
DFm must exceed a certain threshold value (reversible
threshold) that ranges from 200mV to 1V (17–20).

Parameters of electric field and parameters that define
the state of cells, their surroundings, and their cell geom-
etry are very important for the effectiveness of per-
meabilization and were the subject of many systematic
studies over the past few decades, which eventually
brought to a better understanding of the phenomenon.
Probably the most important parameter is electric field
strength E (i.e., pulse amplitude over electrode distance
ratio in case of homogenous electric field) that has to ex-
ceed a certain threshold to initiate the process of per-
meabilization (induction step) (4,21–23). Also, the electric
field strength will control the geometry of the part of the
cell surface that is affected (i.e., permeabilized) (4,6,8).
The intensity of permeabilization that occurs in the af-
fected cell surface, however, is controlled predominantly
by pulse duration T and number of pulses N (4,8,24,25). It
is important that cells in suspension or in tissue are ex-
posed to the electric field for some time because this ex-
posure influences the intensity of permeabilization
(expansion step) (4,8) of the affected cell surface. After
the field intensity becomes lower than threshold value,
stabilization is taking place, which brings the membrane
to the permeabilized state for small molecules (stabiliza-
tion step) (4). Furthermore, if no successive pulses occur, a
resealing process begins, which returns the plasma mem-
brane into its initial state (i.e., state before the elect-
ropermeabilization) (4,8,26,27). Yet if several pulses
follow, the pulse repetition frequency f plays a substan-
tial role because, if it is high enough (i.e., 1Hz or more),
the resealing process between the pulses is negligible and
successive pulses contribute to a higher intensity of per-
meabilization in the affected regions (4,24,28). One of the
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parameters that has not been so comprehensively studied
is time variation of electric field (i.e., shape of the signal
delivered from the electroporator). Two groups of signals
exist that can be used for electropermeabilization: unipo-

lar and bipolar. The two most commonly used unipolar
signals that have been used for decades and are still used
today in different applications are exponentially decaying
and square wave pulses. Furthermore, it has been shown

Figure 1. Exposure of a cell to an electric field
may result either in permeabilization of cell
membrane or its destruction. In this process,
the electric field parameters play a major role.
If these parameters are within certain range,
the permeabilization in reversible; therefore, it
can be used in applications such as introduc-
tion of small or large molecules into the cyto-
plasm, insertion of proteins into cell
membrane, or cell fusion.

Figure 2. The model of spherical
cell on the left side. Symbols repre-
sent: E-electric field, r-cell diameter,
y-the angle between the direction of
E and a point on the membrane, d-
membrane thickness, li, lo, lm-intra-
cellular, extracellular, and mem-
brane conductivity, and Cm-
membrane capacitance. Figure on
the right is an experimental result
where transmembrane voltage was
observed under the microscope using
potenciometric fluorescent dye.
B16F1 (mouse melanoma) cells
were stained for 12min at 41C with
40mM di-8-ANEPPS and 0.05%
Pluronic (both Molecular Probes,
USA) in SMEM medium (Gibco,
USA). The cells were exposed to an
electric field of B63V/cm during the
excitation with 460nm and 510nm
wavelengths (150ms each), and the
emission was detected at 605nm.
The ratio image was obtained by di-
viding the fluorescence of corre-
sponding pixels in the images
obtained at 460nm and 510nm exci-
tations. Pseudocolors were then as-
signed to the ratio values (red-
higher voltage, blue-lower voltage).
The images were acquired with a
cooled CCD camera (Visicam 1280,
Visitron Systems Germany) con-
nected to the fluorescence micro-
scope (Zeiss, Axiovert 200, objective
� 100, oil immersion), and pro-
cessed with Metafluor imaging soft-
ware (Visitron Systems, Germany).
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that increase of efficiency of electroporation can be ob-
tained only by optimization of time, during which the
pulse or signal exceeds a certain threshold value and not
by changing parameters that describe shape of signals
(e.g., rise/fall time, modulation, etc.) (29–32). Symmetrical
bipolar pulses have also been used for elect-
ropermeabilization in spite of scarcity of electroporators
that are able to produce such signals. However, it was
shown that effective electropermeabilization is achieved at
electric field strengths that are 20% lower than strengths
of unipolar signals. Again, the major role in the efficiency
of electropermeabilization with symmetrical bipolar
pulses was ascribed to the time during which the pulse
amplitude exceeds a certain threshold value (32,33). An-
other potential advantage of symmetrical bipolar pulses is
reduced electrolytic contamination of the sample by metal
deposits from the electrodes (7).

The electric field parameters are the most influential
parameters for efficacy of the electropermeabilization. Yet
when experiments are performed, parameters of experi-
ment also become very important. The level of control over
these parameters varies in different experimental condi-
tions [i.e., in vitro, (in ovo, in situ), ex vivo, and in vivo]. In
in vitro conditions, practically all parameters (i.e., cell
size, shape, density and orientation, conductivity of cell
suspension, osmotic pressure, and temperature) can be
very well controlled in contrast to in vivo conditions where
experiments are performed on animals, whose histological
and anatomical structure of tissues and physiological
states vary even though treated animals are of the same
species.

Different types of cells are usually irregularly shaped
and different in size, thus approximation with spheres can
only be made for some cell types. In addition, cells differ in
size even though they belong to the same culture. The two
parameters, cell size and shape, reflect on the value of in-
duced transmembrane voltage, which is proportional to
the cell radius r and fs function that also reflect geomet-
rical properties (4,34,35). It is evident from Equation 1
that large cells are more sensitive to the same electric field
strengths than small cells (4,6). By changing the orienta-
tion of cells in the electric field (or vice versa), the induced
transmembrane potential will decrease from its maximum
value when the longest axis of the cell is parallel to the
electric field to its minimum value when the longest axis of
the cell is perpendicular to the electric field (34,35). Fur-
thermore, the induced transmembrane voltage is also af-
fected by variation of density of cells (i.e., number of cells
per volume unit) in the sample that is exposed to the elec-
tric field (36,37).

In in vitro conditions, conductivity of cell suspension
and osmotic pressure can be altered by using different
media in which cells are suspended during the experi-
ment. By changing conductivity of the medium, we influ-
ence the percentage of survived cells that were exposed to
the electric field, while percentage of permeabilized cells is
unaffected. If the conductivity of the cell suspension is de-
creased, the percentage of survived cells increases (38,39).
Osmotic pressure can be altered by adding a hypoosmotic
medium (i.e., osmotic stress), which causes swelling of the
cells within a minute or two. The process is reversible and

cells regain almost the same size after ten to twenty min-
utes after the osmotic stress. But during the period of in-
creased diameter of swollen cells, lower electric field
strengths can be used to achieve the same effect of per-
meabilization as if the equivalent cells were stored in an
isoosmotic medium (40–42).

Application of electric pulses to the sample causes Joule
heating caused by a current that flows through the sample
(4,43). If we assume a total conversion of the electric en-
ergy into heat, the change of temperature DT in the sam-
ple is described by:

DT¼
Z tEND

0
EðtÞ2

lðtÞ
Cpr

� �

dt; ð4Þ

where E is electric field, l is electrical conductivity of the
exposed sample, Cp is the specific heat capacity (J/g1C), r
is the density of the sample (g/cm3), t is time, and tEND is
total duration of exposure to the electric field (43). This
side effect can be well controlled in in vitro conditions
where a low conducting media can be used in contrast to in
vivo conditions where control can be only applied by lim-
iting the electric field parameters (i.e., pulse amplitude
and duration, pulse repetition frequency and number of
pulses). In any case, Joule heating must be taken into ac-
count, especially when highly conductive pathways are
present or longer pulses are used (4,44).

However, controlled temperature changes of treated
sample during experiment have a positive influence on
the efficacy of electropermeabilization and uptake of mol-
ecules. It has been shown that low temperature (i.e., 41C)
of cell suspension before the application of electric pulses
(i.e., preincubation temperature) and high temperature
(i.e., 371C) after exposure (i.e., postincubation tempera-
ture) yielded the highest survival rate and transfection
efficacy (45).

3. THERAPEUTIC AND TECHNOLOGICAL APPLICATIONS
OF ELECTROPORATION

Today, electropermeabilization is widely used in various
biological, medical, and biotechnological applications. Ap-
plications can be divided in numerous ways, but let us
consider the following one. According to the type of elect-
ropermeabilization (i.e., reversible or irreversible), two
groups of applications exist: functional, where functional-
ity of cells, tissues, or micro-organisms must be sustained,
and destructive, where electric fields are used to destroy
plasma membranes of cells or micro-organisms (Fig. 1).

Functional applications are currently more widespread
and established in different experimental or practical pro-
tocols. Probably the most important functional application
is the introduction of a definite amount of small or large
molecules to the cytoplasm through the plasma membrane
(2,46). Furthermore, a slight variation of electric field pa-
rameters results in an application where molecules can be
directly inserted into the plasma membrane (47). Also,
permeabilization can be effectively used for cell fusion (48–
50). In contrast, destructive applications are less than a
decade old, but their efficacy is promising, especially in the
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field of water treatment where efficacy of chemical treat-
ment is enhanced with electropermeabilization (51,52) or
in food preservation where electropermeabilization has
proven, in some cases, to be as effective as pasteurization
(53–55).

3.1. Electrochemotherapy

The most representative application of delivery of small
molecules through electroporated membrane is electro-
chemotherapy, which is a therapeutic approach in cancer
treatment where cytotoxicity of a nonpermeant drug is
enhanced by means of locally delivered permeabilizing
electric pulses. The earliest report dates back to 1987
when Okino and Mohri performed the first in vivo exper-
iments in which a single exponential pulse of 5000V/cm
was delivered to the tumor after administration of bleo-
mycin. This combined treatment resulted in a 17% de-
crease of the initial mass of tumor four days after the
treatment (13). Independently of this report, systematic in
vitro experiments were performed by Mir et al. In their
experiments, eight square wave pulses of 100 ms were de-
livered at the frequency of 1Hz and with the electric field
strength ranging from 0 to 2000V/cm to cell suspension.
They demonstrated that increase of electric field intensity
increases the uptake of molecules while the cell survival
decreases (14). The main objectives of the following stud-
ies were optimization and introduction of the method into
the clinical environment. Optimization of the method re-
sulted in introduction or revival of drugs (56,57), improve-
ments in electric field delivery and distribution in the
tissues by changing electrode orientation (58,59), and
novel electrode designs (60). In several preclinical and
clinical studies (Fig. 3), either on humans or animals, it
was demonstrated that electrochemotherapy can be used
as the treatment of choice in local cancer treatment (61–
64).

3.2. Gene Transfer by Electroporation

Exogenous genetic material can be delivered to cells by
using different viral and nonviral methods. Although viral
methods enhance delivery efficiency, use of viral vectors is
associated with possible complications that originate from
highly evolved and complex viral biology and host-para-
site interactions (65,66). These problems can be avoided by
using nonviral methods such as electropermeabilization
(3,21,22,67–69). One of the first reports of such a gene
transfer was published in 1982 by Neumann et al. In their
experiments they transferred genes into mouse lyoma
cells using exponential electric impulses of 8000V/cm
(12). This nonviral method of gene transfer has been
termed electrotransfection. Therefore, in the following
studies of electrotransfection different parameters of elec-
tric fields were tested. In vitro electrotransfection can be
achieved by using exponentially decaying pulses (1,12);
square wave pulses with superimposed RF signals (70);
and long square wave pulses up to 20ms and with ampli-
tudes up to 800V/cm (21). In general, it can be stated that
longer pulses are used in gene transfection than in elect-
rochemotherapy. In the first in vivo studies of the elect-
rotransfection long square wave pulses were used up to
several milliseconds, with amplitudes up to 300V/cm for
insertion into skeletal muscle (71) and from 400V/cm to
600V/cm for insertion into tumors (72). Recently, a novel
approach was introduced where combination of high- and
low-voltage pulses is used for treatment. The new method
is based on application of several short high-voltage pulses
(e.g., 8 � 100ms of 1300V/cm), which are followed by long
low-voltage pulses (e.g., 1 � 100ms of 100V/cm) (68). It
was suggested that short high-voltage pulses are per-
meabilizing the membrane while the longer lower-voltage
pulses have an electrophoretic effect on DNA itself, facil-
itating interaction of plasmid with the membrane.

Before treatment After 8 weeks

After 9 monthAfter 12 weeks

Figure 3. Cutaneous tumor nodule of malignant
melanoma (1.8 � 1.6 cm in diameter) was treated
by electrochemotherapy with bleomycin. Bleomy-
cin was injected intratumorally, and immediately
thereafter electroporation of the tumor nodule was
performed by four applications of electric pulses
using needle electrodes. The tumor nodule re-
sponded with complete regression. Superficial
scab was present up to 8 weeks after treatment,
and the tumor nodule is in complete response 9
months after treatment.
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3.3. Electroinsertion

To achieve uptake of ions or molecules through cell plasma
membrane to the cytosol with electroporation, electric
field intensity must exceed critical value. If the field in-
tensity is just below the critical value, it is possible to in-
sert different transmembrane proteins, such as CD4
receptors and glycophorin, directly into the membrane of
erythrocyte (73–75). The great adventure of this biological
feature is that it is possible to graft viral receptors on
erythrocyte surface to lure AIDS virus and to decrease the
viral charge (74).

Further studies have shown that insertion of proteins
can also be performed on nucleated cells but, in that case,
electric field must trigger electropermeabilization of cells.
The process of insertion is a two-step phenomenon where,
in the first step just after the pulse, spontaneous insertion
of proteins occurs in the permeabilized region of cell mem-
brane. In the next step, the proteins diffuse slowly in the
membrane to give a homogeneous distribution (47).

3.4. Electrofusion

So far we have presented applications of electroporation
that are used to introduce different molecules either to the
cytosol or into the cell plasma membrane. But electrop-
oration of cell plasma membrane can also result in fusion
of cells. This process has been termed electrofusion. First
reports of in vitro electrofusion of cells date back to the
1980s. In the reports, it has been shown that fusion be-
tween two cells can proceed only if the cells are in contact
prior or immediately after electroporation (76–78). The
contact between the cells can be achieved either by die-
lectrophoretic collection of neighboring cells, which is fol-
lowed by electropermeabilization or by centrifugation of
cell suspension after exposure to electric field (79,80). In
both cases, cells must be reversibly permeabilized, other-
wise they lose viability and there is no electrofusion. Elect-
rofusion in in vitro environment is possible because of a
high possibility of cell movement (Fig. 4), whereas cells in
tissues are more or less fixed, nevertheless in vivo elect-
rofusion has been observed in B16 melanoma tumors (81)
as well as cells to tissue fusion (82–84). Electrofusion has
proved to be a successful approach in production of vac-
cines (85,86) and antibodies (87,88).

3.5. Transdermal Drug Delivery

A mammalian skin represents a remarkable barrier be-
cause of its outermost and dead layer, the stratum corn-
eum. Therefore, conventional transdermal drug delivery is
limited only to lipophilic molecules while charged polar
molecules cannot pass this barrier. To overcome this prob-
lem, in addition to iontophoresis, electroporation has been
presented as a new method for transdermal drug delivery.
Both methods use the electric field either as a direct or
indirect mediator to introduce the drugs into the body
(89). The basic difference between these two methods,
however, is that the electric field used in iontophoresis
acts directly on the drug, whereas in electroporation the
electric field acts on the barrier by creating new pathways
called local transport regions (90) through which the drug

can now diffuse across the skin and reach the lower parts
of dermis. Electric fields that are used in electroporation
thus cause transient changes in the structure of the skin.
Electroporation increases the transport by orders of mag-
nitude on a timescale of minutes, but the transport can
even be greater and faster if after electroporation iontoph-
oresis is used to drag the drug through the established
paths in the permeabilized skin (89–92). By now, electrop-
oration has been used for transdermal drug delivery only
in experimental conditions; however, some trends exist
that might move these studies into the clinical environ-
ment.

3.6. Electrosterilization

Irreversible electroporation can be used in applications
where permanent destruction of micro-organisms is re-
quired [i.e., food preservation (53) and water treatment
(51,52)]. Still, using irreversible electropermeabilization
in these applications means that the substance under
treatment is exposed to a limited electric field because it
is desirable that changes in treated substance do not occur
(e.g., change of food flavor) and that no byproducts emerge
because of electric field exposure (e.g., byproducts caused
by electrolysis) (54,55).

Figure 4. In vitro electrofusion of B16F1 cells. Cells were ex-
posed to eight square wave pulses of 1ms duration and electric
field strength of 600V/cm. The pulses were delivered using a cus-
tom-made electroporation device and electrodes that allowed de-
livery of rotational electric field (i.e., the direction of electric field
was rotated by 90 degrees according to the predeceasing pulse).
After exposure to the electric field, cells were incubated at room
temperature for 15minutes, then cells were transferred into the
culture medium that consisted of Eagle minimum essential me-
dium (EMEM) with 10% fetal bovine serum, and incubated at
371C and 5% CO2 in a Universal Jacketed Incubator. After 24
hours, the images were acquired with a cooled CCD camera (Visi-
cam 1280, Visitron Systems, Germany) connected to the micro-
scope (Zeiss, Axiovert 200, objective � 20, oil immersion), and
processed with Metafluor imaging software (Visitron Systems,
Germany).
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4. ELECTRIC FIELD DISTRIBUTION IN VIVO

In most applications of tissue permeabilization, it is re-
quired to expose the volume of tissue to electric field in-
tensities between the two thresholds (i.e., to choose in
advance a suitable electrode configuration and pulse pa-
rameters for the effective tissue permeabilization). There-
fore, electric field distribution in tissue has to be estimated
before the treatment, which can be achieved by combining
results of rapid tests (93,94) with models of electric field
distribution (20,59). However, modeling of electric field
distribution in tissue is demanding because of heteroge-
neous tissue properties and usually complex geometry.
Analytical models can be employed only for simple geom-
etries. Usually, they are developed for 2-D problems and
tissue with homogenous electrical properties (95). There-
fore, in most cases, numerical modeling techniques are
still more acceptable as they can be used for modeling 3-D
geometries and complex tissue properties. For that pur-
pose, mostly finite element method and finite difference
method are applied. Both numerical methods have been
successfully applied and validated by comparison of com-
puted and measured electric field distribution (20,59,93).
Furthermore, a few advanced numerical models were
built, which also took into consideration tissue conductiv-
ity increase because of tissue or cell electroporation
(96,97). These advanced models consist of a sequence of
static models (steps), which describe E distribution in dis-
crete time intervals during permeabilization (Fig. 5). In
this way, models present dynamics of electroporation be-
cause in each step the tissue conductivity is changed ac-

cording to distribution of electric field intensities from the
previous step.

5. ELECTRODES FOR IN VITRO AND IN VIVO
APPLICATIONS

Effectiveness of electroporation in either in vitro, in vivo,
or clinical environment depends on the distribution of
electric field inside the treated sample. Namely, the most
important parameter governing cell membrane per-
meabilization is local electric (98) field exceeding critical
threshold. To achieve these results, we have to use an ap-
propriate set of electrodes (Fig. 6) and an electroporation
device—electroporator that generates the required volt-
age or current signals. Although both parts of the men-
tioned equipment are important and necessary for
effective electroporation, electroporator has a substan-
tially more important role because it has to be able to de-
liver the required signal to its output loaded by impedance
of the sample between electrodes.

Today, numerous types of electrodes exist that can be
used for electroporation in any of the existing applications.
According to the geometry, electrodes can be classified into
several groups (i.e., parallel plate electrodes, needle ar-
rays, wire electrodes, tweezers electrodes, coaxial elec-
trodes, etc.) (Fig. 6). Each group comprises several types of
electrodes that can be further divided according to the ap-
plications, dimensions, electrode material, etc. In any
case, selection of electrode type plays an important role
in characterization of the load that is connected to the
output of the electroporator. During the design of the
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Figure 5. Six steps of the sequential analysis
of the electroporation process in the subcuta-
neous tumor model at 1000V between two
plate electrodes with distance of 8mm. The
electric field distribution is shown in V/cm.
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electroporator, load characterization represents the great-
est engineering problem, because electrical characteristics
of substance between electrodes (e.g., cell suspension, tis-
sue, etc.) vary from experiment to experiment and even
during the same experiment. In general, the load between
electrodes has a resistive and a capacitive component. The
value of each component is defined by geometry and ma-
terial of electrodes and by electrical and chemical proper-
ties of the treated sample. In in vitro conditions, these
parameters that influence the impedance of the load can
be well controlled because size and geometry of the sample
are known, especially if cuvettes are used. Furthermore,
by using specially prepared cell media, electrical and
chemical properties are defined or can be measured
(38,39). On the other hand, in in vivo conditions, size
and geometry can still be controlled to a certain extent,
but electrical and chemical properties can only be esti-
mated, especially if needle electrodes are used that pene-
trate different tissues. However, even if we manage to
reliably define these properties during the development of
the device, it is practically impossible to predict changes in
the electrical and chemical properties of the sample be-
cause of exposure to high-voltage electric pulses. Besides,
electropermeabilization of cell membranes increases elec-
trical conductivity of the sample (99,100), electric pulses
also cause side effects like Joule heating and electrolytic
contamination of the sample (2,6,43,44), which further
leads to increased sample conductivity.

6. ELECTROPORATORS—THE NECESSARY PULSE
GENERATORS

Electroporator is an electronic device that generates sig-
nals, usually square wave or exponentially decaying
pulses, required for electroporation. Parameters of the
signal delivered to electrodes with the treated sample
vary from application to application. Therefore, it is very
important that electroporator is able to deliver signals
with the widest possible range of electrical parameters if
used in research. If, however, used for a specific applica-

tion only (e.g., clinical treatment such as electrochemo-
therapy), pulse generator has to provide exactly the
required pulse parameters. Moreover, electroporator
must be safe and easy to operate and should offer some
possibilities of functional improvements. In principle,
electroporators can be divided in several groups depend-
ing on biological applications, but from the electrical point
of view they can be grouped in electroporators with volt-
age output [output is voltage signal U(t)] and electropor-
ators with current output [output is current signal I(t)].
Both types of electroporators have their advantages and
disadvantages, but one point definitely speaks in favor of
devices with voltage output. For example, if we perform in
vitro experiments with stainless-steel parallel-plate elec-
trodes with plate sides substantially larger than the dis-
tance between them, the electric field strength E that is
applied to the sample can be approximated by the voltage-
to-distance ratio U/d, where d is the electrode distance
and U the amplitude of applied signal obtained from an
electroporator with voltage output. On the other hand, if
an electroporator with current output is used, the same
approximation could be used only if additional measure-
ment of voltage difference between electrodes is performed
or if the impedance Z of the sample is known, measured, or
approximated and voltage difference between electrodes is
estimated using Ohm’s law U¼ IZ. Nevertheless, several
commercially available electroporators exist that fulfill
different ranges of parameters and can be used in differ-
ent applications. A list of commercially available elec-
trodes and electroporators has been presented in 2004
by Puc et al. in a paper that describes techniques of signal
generation required for electropermeabilization (101).

The choice/selection of electroporator clearly depends
on the application that is to be performed (e.g., for small
molecules, shorter pulses are used than for DNA). In prin-
ciple, we can say that pulse amplitude (voltage-to-distance
ratio) should typically be in the range from 200V/cm up to
2000V/cm. Pulse durations should be in the range of hun-
dreds of microseconds for smaller molecules and from sev-
eral milliseconds up to several tens of milliseconds for
macromolecules such as DNA fragments (in the latter
case, because of the very long pulse duration, optimal
pulse amplitude can even be lower than 100V/cm). If any
possibility exists to obtain the equipment that generates
bipolar pulses, this type of pulses should be used because
bipolar pulses yield a lower poration threshold, higher
uptake, and an unaffected viability compared with unipo-
lar pulses of the same amplitude and duration. They also
reduce electrolytic contamination of the sample. This gen-
eral overview of electrical parameters to be provided by
electroporators are only indicative and should be a start-
ing point for a design of experiments or treatments with
electroporation. Optimal values of parameters strongly
depend, as stated earlier, on the cell type used, molecules
to be introduced, and specific experimental conditions.

7. CONCLUSIONS

Electroporation has been studied extensively until now,
and a number of applications have been suggested. Elect-

(a)

(b)

Figure 6. Examples of commercially available electrode for clin-
ical applications of electrochemotherapy and electrotransfection
electropermeabilization, which are produced by IGEA, Italy.
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rochemotherapy has been demonstrated as an effective lo-
cal treatment of solid tumors and is the most mature ther-
apeutic application right now. Electroporation for gene
transfection, however, has been long used in in vitro sit-
uation. With a hold on viral vectors, electroporation rep-
resents a viable nonviral alternative also for in vivo gene
transfection. Clinical applications and expansion of elect-
rochemotherapy have been hindered by the lack of ade-
quate electroporators and their certification in Europe
(CE Medical Device) and limited approval by the FDA in
the United States. Recently, Cliniporator (IGEA, s.r.l.
Carpi, Italy) was certified as a medical device and is of-
fered on the market along with standard operating proce-
dures. It has to be stressed also that Cliniporator has an
important feature that allows monitoring of voltage and
current delivery through the electrodes to the patient.
Other applications of electroporation are less mature and
remain to be further elucidated. One of the recent devel-
opments and a novel approach is also the use of ultrashort
electrical pulses (nano seconds) to influence intracellular
organelles, which opens new applications in apoptosis,
gene delivery to the nucleus, altered cell functions, etc.
(102).
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35. B. Valič, M. Golzio, M. Pavlin, A. Schatz, C. Faurie, B. Ga-
briel, J. Teissie, M. P. Rols, and D. Miklavčič, Effect on elec-
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ing electrode orientation improves the efficacy of electroche-
motherapy of solid tumors in mice. Bioelectrochem. Bioenerg.
1996; 39:61–66.
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1. INTRODUCTION: WHAT IS ENTROPY?

Many ways to describe the entropy of a system exist. One
method interprets the entropy as the quantity of heat, Q,
that is absorbed in a reversible system when the tempera-
ture is T,

Entropy¼
Q

T
:

Another method interprets entropy as the amount of
energy in a system that is unavailable to do work. The
entropy of a system is also a measure of its disorder. The
second law of thermodynamics states that the entropy of
an isolated system is non-decreasing. As a result, the
longer that time elapses, the more disordered is the
system until it reaches maximum disorder (or maximum
entropy). Consider, for example, the set of molecules in the
closed system shown in Fig. 1. The second law of thermo-
dynamics suggests that the system on the left-hand side
would precede the system on the right-hand side as it has
less disorder and less entropy.

Entropy is also a measure of the multiplicity of the
states of a system. To illustrate this point further, consider
tossing a die twice and observing the sum of the two
throws. For two throws of the die, the sum can be any of

2; 3; 4; 5; 6; 7; 8; 9; 10; 11; 12:

Assume that the sum is a state variable. Figure 2 shows
the possible realizations for each of these states. Each of
the states can be realized in a different way, and some of
these states are more likely to occur than others.

If the sum is considered as a macrostate for this system
and the possible realizations are considered as micro-
states, the total number of macrostates found is 11, and
the number of microstates is 36. As can be seen, it is more
likely that the sum of 7 will appear, as it has a larger

number of ways by which it can be realized. If the multi-
plicity of each state, O, is defined as the number of its
microstates, it is said that state 7 has a larger multiplicity
than any of the other states. The entropy of each macro-
state is proportional to the logarithm of its multiplicity,

entropy / lnðOÞ:

In this example, the multiplicity of each macrostate is
proportional to its probability of occurrence, because the
probability of a macrostate is simply the multiplicity of
this macrostate divided by the total multiplicities of the
system. This observation leads to a statistical definition of
the entropy of a given macrostate as a measure of the
‘‘probability’’ of its occurrence. The average entropy of the
macrostates can also be defined as the average entropy of
the system.

The previous definition of entropy using the probability
of its macrostates is the basis of Claude Shannon’s tech-
nical report ‘‘A mathematical theory of communication’’
(1). Shannon’s work set the Magna Carta of the informa-
tion age and the dawn of a new science called information
theory. Information theory started with a discovery of the
fundamental laws of data compression and transmission.
For example, in communication systems, the two main
applications of information theory are:

1. Optimal coding of a message, thereby setting a limit
on the amount of compression for a source of in-
formation or a random process, and

2. Maximum permissible transmission bandwidth for a
channel, known as the channel capacity.

Information theory has now become a unifying theory
with profound intersections with probability, statistics,
computer science, management science, economics, bioin-
formatics, politics, and has numerous applications in
many other fields. In the following sections, an intuitive
interpretation for entropy as a measure of information is
provided. Also, other elements of information theory are
presented, and several interpretations and applications
and for their use.

2. ENTROPY AS A MEASURE OF INFORMATION

The birth of information theory started when Shannon
made the key observation that a source of information
should be modeled as a random process. The following is a
quote from his original paper:

We can think of a discrete source as generating the message,

symbol by symbol. It will choose successive symbols according

to certain probabilities depending, in general, on preceding

choices as well as the particular symbols in question. A
physical system, or a mathematical model of a system which

produces such a sequence of symbols governed by a set of

probabilities, is known as a stochastic process. We may con-

sider a discrete source, therefore, to be represented by a
stochastic process. Conversely, any stochastic process, which

produces a discrete sequence of symbols chosen from a finite

set, may be considered a discrete source.

Low Entropy High Entropy

Figure 1. Entropy as a measure of disorder.
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Shannon realized the importance of a measure that
quantifies the amount of information (or uncertainty)
about a discrete random process as it will also describe
the amount of information that it produces. He then posed
the following question:

Can we define a quantity which will measure, in some sense,
how much information is ‘‘produced’’ by such a process, or
better, at what rate information is produced?

In an attempt to answer his own question, Shannon
suggested that the measure of information should satisfy
three essential axioms, and proposed an information
measure that uniquely satisfies these axioms. The follow-
ing is taken from Shannon’s original paper:

Suppose we have a set of possible events whose probabilities of
occurrence are p1;p2; ::::;pn. These probabilities are known but

that is all we know concerning which event will occur. Can we

find a measure of how uncertain we are of the outcome? If there

is such a measure, say Hðp1;p2; :::;pnÞ, it is reasonable to
require of it the following properties:

1. H should be continuous in the pi.
2. If all the pi ‘s are equal (pi¼

1
n) then H should be a monotonic

increasing function of n.
3. If an event can be further decomposed into two several

events, the original H should be the weighted sum of the

individual values of each H.

The third axiom is an important property of this
measure of information. It will be explained further using
the following example from Shannon’s original paper.

Consider the following equivalent decision trees of Fig.
3. The tree on the left-hand side describes events that will
occur with probabilities f12 ;

1
3 ;

1
6g. The tree on the right-hand

side is an equivalent tree that has the same probabilities
of the events but is further decomposed into conditional
probabilities that are assigned to match the original tree
on the left-hand side.

Shannon’s third axiom requires that the measure of
information that is calculated for the tree on the left-hand
side, Hð12 ;

1
3 ;

1
6Þ, be numerically equal to that calculated

using the marginal and conditional probabilities from the
tree on the right-hand side. The information measure, he

proposed, should be calculated from the right-hand side
tree using the marginal-conditional probabilities as
Hð12 ;

1
2Þþ

1
2Hð

2
3 ;

1
3Þ, where the coefficient of 1

2 appears be-
cause the decomposition occurs half the time.

Shannon pointed out that the only measure that satis-
fies his three axioms is,

HðXÞ¼ � k
X

n

i¼ 1

pðxiÞ logðpðxiÞÞ;

where k is a positive constant that will be assigned a value
of unity.

Shannon called this term the entropy and proposed it
as a measure of information (or uncertainty) about a
discrete random variable having a probability mass func-
tion p(x). To get an intuitive feel for this entropy expres-
sion, consider the following example.

2.1. Example 1: Interpretation of the Entropy

Consider a random variable, X, with four possible out-
comes, {0, 1, 2, 3}, and with probabilities of occurrence,
f12 ;

1
4 ;

1
8 ;

1
8g, respectively. Calculate the entropy of X using

Shannon’s entropy definition and using base two for the

2 3 4 5 6 7 8 9 10 11 12

(2) 1Ω =

(3) 2Ω =

(4) 3Ω =

(5) 4Ω =

(6) 5Ω =

(7) 6Ω =

(8) 5Ω =

(9) 4Ω =

(10) 3Ω =

(11) 2Ω =

(12) 1Ω =

77

Number of Microstates = 36 Number of Microstates = 11

(2) 1Ω =

(3) 2Ω =

(4) 3Ω =

(5) 4Ω =

(6) 5Ω =

(7) 6Ω =

(8) 5Ω =

(9) 4Ω =

(10) 3Ω =

(11) 2Ω =

(12) 1Ω =

Figure 2. Entropy as a measure of multiplicity.
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Figure 3. Decomposability of the entropy measure.
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logarithm in the entropy expression.

HðXÞ¼ �
1

2
log2ð

1

2
Þ �

1

4
log2ð

1

4
Þ �

1

8
log2ð

1

8
Þ �

1

8
log2ð

1

8
Þ¼ 1

3

4
:

One intuitive way to explain this number is to consider
the minimum expected number of binary (Yes/No) ques-
tions needed to describe an outcome of X. The most
efficient question-selection procedure in this example is
to start with the outcome that has the highest probability
of occurrence (i.e., the question is, does X¼ 0? If it does,
then X has been determined in one question. If it does not,
then the question is, does X¼ 1? Again, if it does, then X
has been determined in two questions, if it does not, does X
¼ 2? X¼ 3 question does not need to be asked because if it
is not 0, 1, or 2, then it must be 3). The expected number of
binary questions needed to determine X is then

EðXÞ¼ 1:
1

2
þ 2:

1

4
þ 3:

1

8
þ 3:

1

8
¼ 1

3

4
:

Note that the expected number of binary questions
needed to determine X in this example was equal to the
entropy of the random variable X.

HðXÞ¼EðXÞ:

Although this equality does not always hold, an optimal
question selection process always exists using entropy
coding principles such that the expected number of ques-
tions is bounded by the following well-known data com-
pression inequality (explained in further detail in Cover
and Thomas (2), page 87)

HðXÞ � Expected number of questions � HðXÞþ 1:

The entropy of a discrete random variable thus has an
intuitive interpretation as it provides some notion of the
expected number of questions needed to describe the
outcome of this random variable. The fact that binary
questions were used in this example relates to the base
two in the logarithm of the entropy expression. For ex-
ample, if we had calculated the entropy using base four in
the logarithm, this result would provide an idea of the
expected number of tertiary questions needed to deter-
mine X. In coding theory, entropy also provides some
notion of the expected length of the optimal code needed
to describe the output of a random process. Note that with
these interpretations, the entropy of a discrete random
variable cannot be negative.

2.2. Entropy as a Measure of Spread

The entropy of a discrete random variable is also a
measure of spread of its probability mass function. The
minimum entropy (minimum spread) occurs when the
variable is deterministic and has no uncertainty, which
is equivalent to a probability mass function where one
outcome has a probability equal to one and the remaining

outcomes have a probability of zero.

HðXÞ¼ � 1: logð1Þ¼ 0:

The maximum entropy (maximum spread) probability
mass function of a discrete random variable with m out-
comes occurs, when all the outcomes have equal probabil-
ity of 1

m. This probability mass function has a maximum
entropy value

HðXÞ¼ �
X

m

i¼ 1

1

m
logð

1

m
Þ¼ logðmÞ:

As the number of outcomes, m, increases, the entropy of
a probability mass function with equal outcomes also
increases logarithmically, which agrees with Shannon’s
second axiom.

2.3. Entropy as a Measure of Realizations

The entropy of a discrete random variable also has an
interpretation in terms of the number of ways that the
outcomes of an experiment can be realized. Consider, for
example, a random variable X with m possible outcomes,
x1; x2; :::; xm. Now consider an experiment where n inde-
pendent trials have been observed, with each trial giving a
possible realization of the variable x. Now consider the
number of possible observations that can be obtained with
this experiment. Using factorials, the number of possible
sequences that can be obtained for n trials withm possible
outcomes for each trial is

W¼
n!

n1!n2!::::nm!
;

where n1;n2; :::;nm are the number of observations of
outcomes x1; x2; :::; xm, respectively, such that

Pn
i¼ 1 ni¼n.

If the number of observations, n, as well as n1;n2; :::;nm

are large compared with m, then Stirling’s approximation
can be used for the factorial such that

n!¼ e�nnn
ffiffiffiffiffiffiffiffiffi

2pn
p

:

Alternatively, it can be written

logðn!Þ¼ � nþn logðnÞþ oðlogðnÞÞ:
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Now, it can be written

logðWÞ¼ logðn!Þ �
X

n

i¼ 1

logðni!Þ

¼n logðnÞ � n�
X

n

i¼ 1

ni logðniÞ

þ
X

n

i¼ 1

niþ oðlogðnÞÞ

¼ �
X

n

i¼ 1

ni logð
ni

n
Þþ oðlogðnÞÞ:

For large n, the value of

1

n
logðWÞ � �

X

n

i¼ 1

ni

n
logð

ni

n
Þ¼ �

X

n

i¼ 1

fi logðfiÞ

is calculated, where fi is the fraction of observations for
outcome xi and converges to the probability of xi as n
increases. The entropy is thus equal to the number of
possible realizations of an experiment divided by the total
number of trials as the number of trials approaches
infinity.

2.4. Entropy as a Measure of the Probability of a Sequence:
The Asymptotic Equipartition Theorem (AEP)

The AEP theorem states that if a set of values X1 , X2 ,...,
Xn is drawn independently from a random variable X
distributed according to P(x), then the joint probability
PðX1;X2; :::;XnÞ of observing the sequence satisfies

�1

n
log2ðPðX1; X2; . . .XnÞÞ ! HðXÞ:

Rearranging the terms in the AEP expression gives

PðX1;X2; :::;XnÞ ! 2�nHðXÞ:

The AEP theorem also implies that all sequences drawn
from an independent and identically distributed distribu-
tion will have the same probability in the long run. Of
course, as n is small, it may not be true, but as n gets
larger, more and more sequences satisfy this equipartition
theorem.

Let us define An
e as the set of all sequences that satisfies

the equipartition theorem, for a given n, and a given e such
that

2�nðHðXÞþ eÞ � pðX1;X2; :::;XnÞ � 2�nðHðXÞ�eÞ:

The set An
e is also known as the typical set. The

cardinality of the set An
e is bounded by

2nðHðXÞ�eÞ � jAn
e j � 2nðHðXÞ þ eÞ:

Furthermore, because all sequences have approxi-

mately the same probability for large n, the number of
possible realizations of the sequences, W, is

W¼
1

PðX1;X2; :::;XnÞ
¼ 2nHðXÞ;

which is the result obtained earlier for entropy as a
measure of the long run number of possible realizations
of a sequence.

2.5. Differential Entropy

Now that the entropy of a discrete random variable has
been discussed, the extensions of this definition to the
continuous case will be discussed. In continuous form, the
integral

hðxÞ¼ �

Z

f ðxÞ lnðf ðxÞÞdx

is known as the differential entropy of a random variable
having a probability density function, f ðxÞ. As opposed to
the discrete case, however, the differential entropy can be
negative, which is illustrated by the following example.

2.5.1. Example 2: Entropy of a Uniform Bounded Random
Variable. Consider a random variable x with a uniform
probability density function on the domain [0,a],

f ðxÞ¼
1

a
; 0 � x � a:

The entropy of this random variable is

hðxÞ¼ �

Z a

0
f ðxÞ logðf ðxÞÞdx¼ �

Z a

0

1

a
logð

1

a
Þdx¼ logðaÞ:

Note that the entropy expression can be positive or
negative depending on the value of a: if 0oao1, the
differential entropy is negative, if a¼1, the differential
entropy is zero, and if a41, the differential entropy is
positive. The reader can also verify that a uniform dis-
tribution over the domain ½a; b� is equal to logðb� aÞ. Thus,
the entropy of a uniform distribution is determined only
by the width of its interval and will not change by adding a
shift to the values of a and b, thus the entropy is invariant
to a shift transformation but not invariant to scale.

2.5.2. Example 3: Entropy of a normal Distribution. If a
random variable x has a normal distribution, with mean m
and variance s2, its differential entropy using the natural
logarithm is equal to

hðxÞ¼
1

2
logð2pes2Þ;

where e is the base of the natural log.
It is again noted that the entropy is a function of the

variance only and not of the mean. As such, it is invariant
under a shift transformation but is not invariant under a
scale transformation. Note further, that when the stan-
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dard deviation

so
1
ffiffiffiffiffiffiffiffi

2pe
p ;

then the entropy is negative and is positive when s > 1
ffiffiffiffiffiffi

2pe
p .

2.6. Entropy of a Discretized Variable

The possibility of a negative sign in the last two examples
shows the absence of the expected number of questions
interpreted for entropy in the continuous case. Never-
theless, numerous applications of entropy exist in the
continuous case. Furthermore, the differential entropy
can be related to the discrete entropy by discretizing the
continuous density into intervals of length D, as shown in
Fig. 4, and using the substitution pi¼ f ðxiÞD in the discrete
form, entropy expression as follows:

HðXDÞ¼ �
X

1

�1

pi logpi¼�
X

1

�1

f ðxiÞD logðf ðxiÞDÞ;

¼ �
X

Df ðxiÞ logðf ðxiÞÞ � logðDÞ;

where HðXDÞ ¼ entropy of the discretized random vari-
able.

If f ðxiÞ logðf ðxiÞÞ is Riemann integrable, then the first
term on the right-hand side of the discretized entropy
expression approaches the integral of �f ðxiÞ logðf ðxiÞÞ by
definition of Riemann integrability. Thus,

HðXDÞþ logðDÞ ! hðxÞ;asD! 0:

Now, several other terms of information theory are
presented that relate to the entropy expression.

2.7. Relative Entropy

Kullback and Leibler (3) generalized Shannon’s definition
of entropy and introduced a measure that is used fre-
quently to determine the ‘‘closeness’’ between two prob-
ability distributions, which is now known as the Kullback–
Leibler (KL) measure of divergence, and is also known as
the relative entropy or cross entropy.

The KL measure from a distribution, P, to a distribu-
tion, Q, is defined as

KL measure¼
X

n

i¼ 1

pðxiÞ log
pðxiÞ

qðxiÞ
:

The KL measure is non-negative and is zero if and only
if the two distributions are identical, which makes it an
attractive candidate to measure the divergence of one
distribution from another. However, the KL measure is
not symmetric. For example, the KL measure from P to Q
is not necessarily equal to the KL measure from Q to P.
Furthermore, the KL measure does not follow the triangle
inequality. For example, if three distributions, P, Q, and Z,
are given, the KL measure from P to Q can be greater than
the sum of the KL measures from P to Z and from Z to Q.

The following example provides an intuitive interpreta-
tion for the KL measure.

2.7.1. Example 4: Interpretation of the Relative Entro-
py. Refer back to Example 1 and consider another person
wishing to determine the value of the outcome of X.
However, suppose that this person does not know the
generating distribution, P, and believes it is generated
by a different probability distribution, Q¼ ð18 ;

1
8 ;

1
2 ;

1
4Þ.

The KL measure (relative entropy) from P to Q is

KL measure from P to Q¼
1

2
log2ð

1
2
1
8

Þþ
1

4
log2ð

1
4
1
8

Þþ
1

8
log2ð

1
8
1
2

Þ

þ
1

8
log2ð

1
8
1
4

Þ¼
7

8
:

Now, calculate the expected number of binary questions
needed for this second person to determine X. His question
selection based on the distribution, Q, would be ‘‘is X¼ 2?’’,
‘‘is X¼ 3?’’, ‘‘is X¼ 0?’’

The expected number of binary questions needed to
determine X is given by

EðXÞ¼ 1:
1

8
þ 2:

1

8
þ 3:

1

2
þ 3:

1

4
¼

21

8
:

Note that the difference in the expected number of
questions needed to determine X for the two distributions,
P and Q¼ 21

8 � 1 3
4 ¼

7
8¼KL distance from P to Q.

This example provides an intuitive explanation for the
KL measure as a measure of ‘‘closeness’’ between a dis-
tribution, P, and another distribution, Q. Think of the KL
measure as the increase in the number of questions that
distribution Q would introduce if it were used to deter-
mine the outcome of a random variable that was gener-
ated by the distribution P. As entropy is also a measure of
the compression limit for a discrete random variable, one
can think of the KL measure as the inefficiency in the
compression introduced by distribution Q when used to
code a stochastic process generated by a distribution P.

3. RELATIVE ENTROPY OF CONTINUOUS VARIABLES

Similar to the entropy expression, the relative entropy
also has an expression in continuous form from a prob-
ability density, f(x), to a target (reference) density, q(x), as

KL measure¼

Z b

a

f ðxÞ lnð
f ðxÞ

qðxÞ
Þdx:

3.1. Joint Entropy

Shannon’s entropy definition works well for describing the
uncertainty (or information) about a single random vari-
able. It is natural to extend this definition to describe the
entropy of two or more variables using their joint distribu-
tion. For example, when considering two discrete random
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variables, X and Y, one can measure the amount of
information (or uncertainty) associated with them using
the definition of their joint entropy as

HðX ;YÞ¼ �
X

m1

i¼ 1

X

m2

j¼ 1

pðxi; yjÞ logðpðxi; yjÞÞ;

where X and Y may respectively take m1 and m2 possible
values, and pij is their joint probability. The joint entropy
is a symmetric measure that ranges from zero (when both
variables are deterministic) to a maximum value of
logðm1Þþ logðm2Þ when the variables have probability
independence. In other words, the joint entropy of two
discrete random variables is bound by

0 � HðX;YÞ � logðm1Þ þ logðm2Þ:

3.2. Mutual Information

The mutual information, IðX;YÞ, between two variables X
and Y is the KL measure between their joint distribution
and the product of their marginal distributions.

IðX;YÞ¼
X

m1

i¼ 1

X

m2

j¼ 1

pðxi; yjÞ logð
pðxi; yjÞ

pðxiÞpðyjÞ
Þ:

The value of the mutual information is larger when
knowing the outcome of one variable leads to a larger
expected reduction in the entropy of the other. In compu-
tational biology, the information measure quantifies how
much information the expression level of one gene pro-
vides about the expression level of the other. The mutual
information is thus a symmetric measure of dependence
between the two variables and is zero if and only if the two
variables are independent, which is a direct result of the
properties of the KL measure, being zero if and only if the
two distributions are identical.

The mutual information can also be defined for contin-
uous variables using a joint probability density and mar-
ginal probability densities, and a double integral to

replace the summation

Z Z

f ðx; yÞ logð
f ðx; yÞ

f ðxÞf ðyÞ
Þdxdy:

The mutual information measure is invariant to any
invertible transformation of the individual variables.

The mutual information can be generalized to a larger
number of variables yielding the multi-information mea-
sure

Z Z

f ðx1; x2; :::; xnÞ logð
f ðx1; x2; :::; xnÞ

f ðx1Þf ðx2Þ:::f ðxnÞ
Þdx1dx2:::dxn

3.3. Conditional Entropy

The conditional entropy of y given x is defined as

HðYjXÞ ¼ �
X

m1

i¼ 1

X

m2

j¼ 1

pðxi; yjÞ logðpðyjjxiÞÞ;

where pðyjjxiÞis the conditional probability of yj given xi.
The conditional entropy can also be defined as the joint

entropy of x and y minus the entropy of x. In other words,
it is the difference between the joint information of x and y,
and the information brought by x:

HðYjXÞ¼HðX ;YÞ �HðXÞ:

One can also define the conditional entropy of Y given X as
the difference between the entropy (information) in Y and
the mutual information of X and Y:

HðYjXÞ¼HðYÞ � IðX;YÞ:

This equation provides an interpretation for this type of
entropy as the reduction of uncertainty about Y brought
by knowledge of X. If the two variables are probabilisti-
cally independent, their mutual information is zero and
the conditional entropy of Y given X is simply equal to the
entropy of Y, which places an upper bound on the condi-
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Figure 4. Continuous and discretized distribution.
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tional entropy as

HðYjXÞ � HðYÞ:

Contrary to the joint entropy or the mutual information,
conditional entropy is not a symmetrical measure. Con-
ditioning on one variable or the other does not give the
same result.

It is useful to think of the relationships between the
joint entropy, the conditional entropy, the mutual informa-
tion, and the individual entropies using the Venn diagram
depicted in Fig. 5.

This diagram helps us deduce many expressions for
entropy relations by inspection of the areas. For example,
one can see that

IðX;YÞ¼HðXÞþHðYÞ �HðX ;YÞ:

Another measure of interest is the mutual information
index (4) that measures the expected fraction of entropy
reduction of variable Y because of variable X and is given
as

Mutual Information Index ðMIIÞ¼
IðX;YÞ

HðYÞ

¼ 1�
HðYjXÞ

HðYÞ
:

The mutual information index is thus normalized to
range from zero (when the variables are independent) to
one (when the variables are functionally related).

3.4. The Chain Rule for Joint Entropy

From the definition of the conditional entropy for the two-
variable case, it has been shown that the joint entropy is
equal to

HðX ;YÞ¼HðXÞþHðYjXÞ:

For three variables, one can express the joint entropy as

HðX ;Y ;ZÞ¼HðXÞþHðYjXÞþHðZjX;YÞ;

which is very simple to prove because the joint entropy can

be written in terms of the conditional entropy in two steps,

HðX;Y ;ZÞ¼HðXÞþHðY ;ZjXÞ

¼HðXÞþHðYjXÞþHðYjX;ZÞ:

By induction, for n variables, X1;X2; :::;Xn, the joint
entropy can be written as

HðX1;X2; :::;XnÞ ¼HðX1ÞþHðX2jX1Þþ ::::þHðXnjX1;X2; :::;Xn�1Þ

¼
X

n

i¼ 1

HðXijX1; :::;Xi�1Þ:

3.5. The Chain Rule for Mutual Information

A chain rule for mutual information exists, as will be
shown below.

For the case of three variables, one has

IðX;Y ;ZÞ¼HðX;YÞ �HðX ;YjZÞ:

Using the chain rule for relative entropy gives

IðX;Y ;ZÞ¼HðXÞþHðYjXÞ �HðXjZÞ �HðYjX;ZÞ

¼HðXÞ �HðXjZÞ þHðYjXÞ �HðYjX ;ZÞ

¼ IðX;ZÞþ IðY ;ZjXÞ;

where IðY ;ZjXÞ¼HðYjXÞ �HðYjX;ZÞ is the conditional
mutual information of y and z given x.

For n – variables, X1;X2; :::;Xn, the chain rule for
mutual information is

IðX1;X2; :::;Xn;YÞ¼
X

n

i¼ 1

IðXi;YjX1;X2; :::;Xi�1Þ:

3.6. The Maximum Entropy Principle

Jaynes (5) built on the entropy concept and proposed a
method to assign probability values with partial informa-
tion. This method is known as the maximum entropy
principle, and is stated from his original paper as follows.

In making inferences on the basis of partial information we
must use that probability distribution which has maximum

entropy subject to whatever is known. This is the only unbiased

assignment we can make; to use any other would amount to

arbitrary assumption of information, which by hypothesis we
do not have.

The partial information may have several forms such
as moment constraints, probability constraints, and shape
constraints. Jaynes’ maximum entropy principle is con-
sidered to be an extension of Laplace’s principle of insuffi-
cient reason to assign ‘‘unbiased’’ probability distributions
based on partial information. The term unbiased means

H (x, y )

H (x) H (y)

H (x | y ) H (y | x)I (x ; y )

Figure 5. Venn diagram for entropy expressions.
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the assignment satisfies the partial information con-
straints and adds the least amount of information as
measured by Shannon’s entropy measure. To illustrate
this further, consider the examples below.

3.6.1. Example 5: Maximum Entropy Discrete Formula-
tion. The maximum entropy probability mass function for
a discrete variable, X, having n outcomes, when no further
information is available, is

pmaxent¼ argmax
pðxiÞ

�
X

n

i¼ 1

pðxiÞ logðpðxiÞÞ

such that

X

n

i¼ 1

pðxiÞ¼ 1;

pðxiÞ � 0; i¼ 1; :::;n:

The solution to this formulation yields a probability
mass function with equal probability values for all out-
comes,

pðxiÞ¼
1

n
; i¼1; :::;n:

The maximum entropy value for this probability mass
function is equal to logðnÞ, which is the maximum value
that can be attained for n outcomes. Recall also that this
result agrees with Laplace’s principle of insufficient rea-
son discussed above.

3.6.2. Example 6: Maximum Entropy Given Moments and
Percentiles of the Distribution. The maximum entropy for-
mulation for the probability density function of a contin-
uous variable having prescribed moments and percentile
constraints is

fmaxentðxÞ¼ argmaxf ðxÞ �

Z b

a

f ðxÞ lnðf ðxÞÞdx

subject to

Z b

a

hiðxÞf ðxÞdx¼ mii¼ 1; :::n;

Z b

a

f ðxÞdx¼ 1 and f ðxÞ � 0;

where [a,b] is the domain of the variable, hiðxÞ is x raised
to a certain power for moment constraints or an indicator
function for percentile constraints, and mi’s are a given set
of moments or percentiles of the distribution.

Using the method of Lagrange multipliers, one obtains

Lðf ðxÞÞ ¼ �

Z b

a

f ðxÞ lnðf ðxÞÞdx� a0f
Z b

a

f ðxÞdx� 1g

�
Xn

i¼ 1
aif
Z b

a

hiðxÞf ðxÞdx� mig;

where ai is the Lagrange multiplier for each constraint.

Taking the partial derivative with respect to f ðxÞand
equating it to zero gives

@Lðf ðxÞÞ

@f ðxÞ
¼ � lnðf ðxÞÞ � 1� a0 �

X

n

i¼ 1

aihiðxÞ¼ 0:

Rearranging this equation gives

fmaxentðxÞ¼ e�a0�1�a1h1ðxÞ�a2h2ðxÞ�:::::�anhnðxÞ:

When only the normalization and non-negativity con-
straints are available, the maximum entropy solution is
uniform over a bounded domain:

fmaxentðxÞ¼ e�a0�1¼
1

b� a
;a � x � b:

If the first moment is available, the maximum entropy
solution on the non-negative domain is

fmaxentðxÞ¼ e�a0�1�a1x¼
1

m1
e
� x

m1 ; x � 0:

If the first and second moments are available over the
interval ð�1;1Þ, the maximum entropy solution is a
Gaussian distribution

fmaxentðxÞ¼ e�a0�1�a1x�a2x
2

¼
1

s
ffiffiffiffiffiffi

2p
p e�

ðx�mÞ2

2s2 ;�1oxo1;

where m is the first moment and s2 is the variance.
When percentiles of the distribution are available, the

maximum entropy solution is a staircase probability den-
sity function (Fig. 6b) that satisfies the percentile con-
straints and is uniform over each interval, which
integrates to a piecewise linear cumulative probability
distribution that has the shape of a taut string. An
example of a maximum entropy distribution given five
common percentiles used in decision analysis practice,
(1%, 25%, 50%, 75%, and 99%), with a bounded support
is shown in Fig. 6.

3.6.3. Example 7: Inverse Maximum Entropy Proble-
m. The inverse maximum entropy problem is the problem
of finding, for any given probability density function, the
constraints in the maximum entropy formulation that
lead to its assignment. The inverse maximum entropy
problem can be solved by first placing any probability
density function in the form

f ðxÞ¼ e�a0�1�a1h1ðxÞ�a2h2ðxÞ�:::::�anhnðxÞ:

Now, the inverse maximum entropy problem can be
solved by inspection because the constraint set needed
for its assignment is

Z b

a

hiðxÞuðxÞdx¼ mi; i¼ 0; :::;n:

For example, a Beta probability density function can be
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rewritten in the form

f ðxÞ¼
1

Betaðm;nÞ
xm�1ð1

� xÞn�1¼ e� lnðBetaðm;nÞÞ�ðm�1Þ ln x�ðn�1Þ lnð1�xÞ; 0
� x � 1:

By inspection, it can be seen that the constraint set
needed to assign a Beta density function is

Z 1

0

lnðxÞuðxÞdx¼ m1;
Z 1

0

lnð1� xÞuðxÞdx¼ m2;

where m1and m2 are given constants.

3.6.4. Dependence on the Choice of the Coordinate
System. In the continuous case, the maximum entropy
solution depends on the choice of the coordinate system.
For example, suppose you have a random variable x on the
domain [0,1], and another random variable, y, on the same
domain, where y¼ x2. Suppose also that nothing is known
about the random variables except their domains. If the
problem is solved in the x coordinate system, the max-
imum entropy distribution for x is uniform

fmaxentðxÞ¼ 1; 0 � x � 1:

The probability density function for variable y can be
obtained using the well-known formula for a change of
variables

fyðyÞ¼
fxðxÞ

j
dy
dx jx¼

ffiffi

y
p
¼

1

2x
¼

1

2
ffiffiffi

y
p :

On the other hand, if the problem is solved directly in
the y coordinate system, one would get a maximum
entropy distribution for variable y as

fmaxentðyÞ¼ 1; 0 � y � 1;

which is not equal to the solution obtained in the first case,
which may seem to pose a problem to entropy formula-
tions at first; however, it will be shown that this depen-
dence on the choice of the coordinate system has a simple
remedy using the minimum cross-entropy principle. This
principle will be discussed in more detail below.

3.7. The Minimum Cross-Entropy Principle

In many situations, additional knowledge may exist about
the shape of the probability density function or its relation
to a certain family of probability functions. In this case,
the relative entropy measure is minimized (3) to a known
probability density function. Minimum cross-entropy for-
mulations for a probability density, f ðxÞ, and a target
density, qðxÞ, take the form

fminXentðxÞ¼ argmin
f ðxÞ

ð

Z b

a

f ðxÞ lnð
f ðxÞ

qðxÞ
ÞdxÞ

such that

Z b

a

hiðxÞf ðxÞdx¼ mi i¼ 1; :::n;

Z b

a

f ðxÞdx¼1andf ðxÞ � 0:

Using the method of Lagrange multipliers, one has

Lðf ðxÞÞ ¼

Z b

a

f ðxÞ lnð
f ðxÞ

qðxÞ
Þdxþ a0f

Z b

a

f ðxÞdx� 1g

þ
X

n

i¼1

aif
Z b

a

hiðxÞf ðxÞdx� mig

:

Taking the first partial derivative with respect to f ðxÞ
and equating it to zero gives

@Lðf ðxÞÞ

@f ðxÞ
¼ lnð

f ðxÞ

qðxÞ
Þþ 1þ a0þ

X

n

i¼ 1

aihiðxÞ¼ 0:

Fractile Maximum Entropy Distribution
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Figure 6. (a) Percentile maximum entropy distribution obtained using the 0.01, 0.25, 0.5, 0.75,
0.99 percentiles. (b) Probability density function corresponding to the given percentile constraints.
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Rearranging shows that the minimum cross-entropy
solution has the form

fminXentðxÞ¼ qðxÞe�a0�1�a1h1ðxÞ�a2h2ðxÞ�:::::�anhnðxÞ;

where ai is the Lagrange multiplier for each constraint
and fminXentðxÞ is the minimum cross-entropy probability
density. One can see that maximizing the entropy of f(x) is,
therefore, a special case of minimizing the cross entropy
when the target density, q(x), is uniform. The minimum
cross-entropy principle generalizes the maximum entropy
principle, and assigns a probability distribution that
minimizes the cross-entropy relative to a target (or a
reference) distribution.

3.7.1. Independence on the Choice of the Coordinate
System. Now refer back to the maximum entropy solution
in the continuous case and recall its dependence on the
choice of the coordinate system. A remedy to this problem
is obtained using the minimum cross-entropy principle.
When suing minimum cross entropy, a target density
function that represents our prior knowledge about any
of the variables is first decided on. If the problem in the x-
coordinate system is then solved, one obtains a minimum
cross-entropy distribution equal to

fminXentðxÞ¼ qðxÞ;

where qðxÞ is the target probability density function, that
represents our prior knowledge about variable x. On the
other hand, if one solves the variable in the y coordinate
system, the change of variables formula is first used to
determine the target density for variable y,

qyðyÞ¼
qxðxÞ

j
dy
dx jx¼

ffiffi

y
p

:

Next, one finds the minimum cross-entropy distribution
for y. If no further information exists except its domain
and the target density, the minimum cross-entropy solu-
tion is equal to

fminXentðyÞ¼ qðyÞ;

a result that is consistent with the solution in the x-
coordinate system. Thus, solving a minimum cross-en-
tropy problem (1) generalizes the maximum entropy ap-
proach and reduces to the maximum entropy solution if
the target density, qðxÞ, is uniform; and (2) solves the
problem of coordinate system independence for the con-
tinuous case.

4. ENTROPY RATE OF A STOCHASTIC PROCESS

The entropy rate of a stochastic process, fXig, is defined by

HðwÞ¼ lim
n!1

1

n
HðX1;X2; :::;XnÞ;

when the limit exists.

The entropy rate is well defined for stationary pro-
cesses. When X1;X2; :::;Xn are independent and identically
distributed random variables, one can use the chain rule
of joint entropy to show that

HðwÞ ¼ lim
n!1

1

n

X

n

i¼ 1

HðXiÞ¼ lim
n!1

nHðX1Þ

n
¼HðX1Þ:

Another definition of the entropy rate is

HðwÞ¼ lim
n!1

HðXnjXn�1;Xn�2; :::;X1Þ:

For a stationary process, both definitions exist and are
equivalent. Furthermore, for a stationary ergodic process,
one has

�1

n
log2ðPðX1; X2; . . . ;XnÞÞ ! HðwÞ:

Using the results of the asymptotic equipartion theo-
rem, one sees that a generated sequence of a stationary
ergodic stochastic process has a probability of 2�nHðXÞ and
2nHðXÞ possible sequences exist. Therefore, a typical se-
quence of length n can be represented using
logð2nHðXÞÞ ¼nHðXÞ bits. Thus, the entropy rate is the
average description length for a stationary ergodic pro-
cess.

Of special interest is also the entropy rate of a Markov
process, which can be easily calculated as

HðwÞ¼ lim
n!1

HðXnjXn�1;Xn�2; :::;X1Þ¼ lim
n!1

HðXnjXn�1Þ ¼HðX2jX1Þ:

For a given stationary distribution, m, and transition
matrix, P, the entropy rate of a Markov process is

HðwÞ¼ �
X

n

i¼ 1

X

n

j¼ 1

miPij logPij:

5. ENTROPY APPLICATIONS IN BIOLOGY

Maximum entropy applications have found wide use in
various fields. In computational biology, for example,
maximum entropy methods have been used extensively
for modeling biological sequences. In particular, how one
can model the probability distribution p (a | h), the
probability that a will be the next amino acid, given the
history h of amino acids that have already occurred (6,7).
Maximum entropy methods have also been applied to the
modeling of short sequence motifs (8). They recommend
approximating short sequence motif distributions with the
maximum entropy distribution (MED) consistent with
low-order marginal constraints estimated from available
data, which may include dependencies between nonadja-
cent as well as adjacent positions. Entropy methods have
also been used in computing new distance measures
between sequences (9). Mixtures of conditional maximum
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entropy distributions have also been used to model biolo-
gical sequences (10), and for modeling splicing sites with
pairwise correlations (11). Maximum entropy analysis of
biomedical literature has also been used for associating
genes with gene ontology codes (12). Maximum entropy
applications have also been used to assess the accuracy of
structure analysis (13). Maximum entropy methods have
also been used in the prediction of protein secondary
structure in multiple sequence alignments by combining
the single-sequence predictions using a maximum entropy
weighting scheme (14).

Recently, there have been other expressions related to
the entropy of a signal that have found applications in
biomedical engineering. For example, the approximate
entropy, ApEn, is a term that quantifies regularities in
data and time series (15). The approximate entropy has
been applied in biology to discriminate atypical EEG’s and
respiratory patterns from normative counterparts (16–18)
and for physiological time series analysis (19). Finally, it is
pointed out that other forms of nonextensive entropy
measures also exist such as the Tsallis entropy (20) and
Renyi’s entropy (21), special cases of which reduce to
Shannon’s entropy.

BIBLIOGRAPHY

1. C. E. Shannon, A mathematical theory of communication.
Bell Sys. Tech. J. 1948; 27:379–423, 623–656.

2. T. M. Cover and J. A. Thomas, Elements of Information

Theory. New York: John Wiley, 1991.

3. S. Kullback and R. A. Leibler, On information and sufficiency.
Ann. Mathemat. Statist. 1951; 2:79–86.

4. H. Joe, Relative entropy measures of multivariate depen-
dence. J. Am. Statistic. Assoc. 1989; 84:157–164.

5. E. T. Jaynes, Information Theory and Statistical Mechanics.
Phys. Rev. 1957; 106:620–630.

6. E. C. Buehler and L. H. Ungar, Maximum entropy methods
for biological sequence modeling. J. Computat. Biol., in press.

7. R. Durbin, S. Eddy, A. Krogh, and G. Mitchison, Biological
sequence analysis: probabilistic models of proteins and nu-
cleic acids. Cambridge, UK: Cambridge University Press,
1998.

8. G. Yeo and C. B. Burge, Proceedings of the seventh annual
international conference on research in computational mole-
cular biology RECOMB ‘03, April, 2003.

9. G. Benson, A new distance measure for comparing sequence
profiles based on path lengths along an entropy surface.
Bioinformatics 2002; 18(suppl. 2m);S44–S53.

10. D. Pavlov, Sequence modeling with mixtures of conditional
maximum entropy distributions. Third IEEE International
Conference on Data Mining, ICDM, 2003:251–258.

11. M. Arita, K. Tsuda, and K. Asai, Modeling splicing sites with
pairwise correlations. Bioinformatics 2002; 18(suppl 2):S27–
SS34.

12. S. Raychaudhuri, J. T. Chang, P. D. Sutphin, and R. B.
Altman, Associating genes with gene ontology codes using a
maximum entropy analysis of biomedical literature. Genome

Res. 2002; 12:203–214

13. M. Sakata and M. Sato, Accurate structure analysis by the
maximum-entropy method. Acta Cryst. 1990; A46:263–270.

14. Krogh and Mitchinson, Maximum entropy weighting of
aligned sequences of proteins of DNA. In: C. Rawlings, D.
Clark, R. Altman, L. Hunter, T. Lengauer, and S. Wodak, eds.,
Proceedings of the Third International Conference on Intelli-
gent Systems for Molecular Biology. Menlo Park, CA: AAAI
Press, 1995, pp. 215–221.

15. S. Pincu, Approximate entropy as a measure of system
complexity. Proc. Natl. Acad. Sci. USA 1991; 88:2297–2301.

16. J. Bruhn, H. Ropcke, B. Rehberg, T. Bouillon, and A. Hoeft,
Electroencephalogram approximate entropy correctly classi-
fies the occurrence of burst suppression pattern as increasing
anesthetic drug effect. Anesthsiology 2000; 93:981–985.

17. M. Engoren Approximate entropy of respiratory rate and
tidal volume during weaning from mechanical ventilation.
Crit. Care Med. 1998; 26:1817–1823.

18. Hornero et al. 2005.

19. J. S. Richman and J. R. Moorman, Physiological time-series
analysis using approximate entropy and sample entropy. Am.
J. Physiol. Heart Circ. Physiol. 2000; 6:278.

20. C. Tsallis, J. Stat. Phys. 1998; 52:479.

21. A. Renyi, On measures of entropy and information. Proc.
Fourth Berkeley Symposium Mathematical Statistical Pro-
blems 1960, vol. I. University of California Press, Berkeley,
1961:547.

READING LIST

E. T. Jaynes, Prior probabilities. IEEE Trans. Syst. Sci. Cybernet.
1968; 4:227–241.

ENTROPY 11



EPITHELIAL PRE-CANCERS AND CANCERS,
OPTICAL TECHNOLOGIES FOR DETECTION
AND DIAGNOSIS OF

ALICIA L. CARLSON

The University of Texas of
Austin

Austin, Texas

REBECCA RICHARDS-
KORTUM

Rice University
Houston, Texas

1. INTRODUCTION

Cancer is a group of diseases characterized by uncon-
trolled cell division that leads to the growth of abnormal
tissue. Worldwide, lung and stomach cancers are the most
commonly diagnosed cancers among men, and breast and
cervical cancers are the most commonly diagnosed cancers
in women. The World Health Organization estimates that
more than 11 million people are diagnosed with cancer
each year, and over 7 million die annually as a result of
their cancer (1). In developed countries, cancer is the sec-
ond leading cause of death, exceeded only by heart dis-
ease. Over the last 50 years, there have been tremendous
advances in our understanding of the molecular and cel-
lular processes of cancer, and great progress in the treat-
ment of a number of neoplastic disorders; however, there
has been no change in the age-adjusted mortality due to of
cancer. As an example, the average five-year survival rate
for patients in the United States with ovarian cancer is
only 44%. The survival rate decreases with the progres-
sion of the disease. If diagnosed early, while the disease is
still localized to one area, the five-year survival rate is
93.5%. However, as the disease progresses to include sur-
rounding tissues and distant metastases, the survival rate
falls to 28.5% (2). Unfortunately, patients are often diag-
nosed late, with advanced stage disease, which leads to
more aggressive treatment procedures, increasing the
morbidity of the treatment and decreasing the patient’s
quality of life. The delayed diagnosis increases the likeli-
hood for regional invasion and spread and reduces the ef-
fectiveness of chemotherapy and radiation treatments
because of increasing tumor size and number of metasta-
ses. In all cancers, patients diagnosed with early stage,
preinvasive disease have significantly better chances for
cure and less treatment-associated morbidity. Screening
and early detection of preinvasive disease have reduced
the incidence and mortality rates for cancers like breast
cancer and cervical cancer. Mammographies, for breast
cancer screening, and cytologic smears, or Pap smears, for
cervical cancer screening, have been credited with reduc-
ing the number of deaths from breast and cervical cancers
by 33% and 60%, respectively, because of the early detec-
tion and thus earlier treatment that they provide (3,4).
Early detection and diagnosis of precancerous and can-
cerous changes may be our best method to improve patient
quality of life and survival rates.

More than 85% of cancers originate in epithelial tissues
and are preceded by curable early-stage dysplasia and
carcinoma in situ. However, in many cases diagnosis of
early-stage disease has been delayed for a number of rea-
sons: (1) Inexperienced practitioners often fail to recognize
the subtle clinical changes indicative of early neoplastic
transformation; (2) it is difficult to distinguish premalig-
nant lesions from more common benign inflammatory con-
ditions in the general population; (3) practitioners and
patients are often reluctant to perform invasive biopsies or
repeated biopsies where the expected yield is low; and (4)
in high-risk patients, often the whole epithelial lining is
potentially precancerous, making it difficult even for ex-
perienced clinicians to know when and where to biopsy.
Therefore, technological advancements that improve the
ability of general practitioners to recognize and accurately
diagnose precancerous lesions in epithelial tissue are des-
perately needed.

This article reviews recent developments in optical
technologies that have the potential to dramatically im-
prove the detection and diagnostic classification of these
early precancerous lesions. Recent developments in reflec-
tance and fluorescence spectroscopy, reflectance and fluo-
rescence confocal microscopy, optical coherence
tomography, and optical coherence microscopy are dis-
cussed. For each emerging technology, the basic principles
and the current and potential applications in early cancer
detection and diagnosis will be reviewed. The potential of
optical molecular imaging using exogenous contrast
agents to enhance molecular features within tissue that
are important for precancer and cancer diagnosis are also
reviewed. Finally, future improvements needed to ad-
vance optical technologies into widespread clinical use
for precancer detection and diagnostic classification are
outlined.

2. CURRENT CLINICAL DETECTION AND DIAGNOSIS

For the purpose of this article, our interest lies in detect-
ing preinvasive lesions that are confined to the epithe-
lium. Normal epithelium is classified by cell arrangement
and surface cell shape. Cells can be described as squa-
mous, cuboidal, or columnar in shape. The width of a
squamous cell is greater than its height; the width, depth,
and height are approximately the same for a cuboidal cell;
and the height of a columnar cell is greater than its width.
These cells can be found in a single, simple, layer or in
multiple layers known as stratified epithelium. The cer-
vix, for example, is divided into two regions: the ectocervix
and the endocervix. The ectocervix is the portion of the
cervix that projects into the vagina and is covered with
stratified squamous epithelium. The endocervix is the ca-
nal that leads to the uterus and consists of columnar ep-
ithelium. Approximately 90–95% of cervical neoplasias
occur in the squamous epithelium at the junction between
these two regions.

Stratified squamous epithelium consists of tightly
packed epithelial cells with varying degrees of differenti-
ation. The bottom-most basal layer of the epithelium is
attached to an underlying basement membrane, which is a
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noncellular layer that separates the epithelium from the
connective tissue and vasculature of the underlying
stroma. The basal layer of the epithelium is made up of
undifferentiated cells that divide continuously. The basal
layer cells are small with little cytoplasm, causing the nu-
clei to appear very dense, and they are all oriented with
the same polarity relative to the basement membrane.
Cells in the suprabasal layers become larger and flatten
out, forming disk-shaped cells that classify the tissue as
squamous epithelium. More cytoplasm exists in the cells
of the surface layers, decreasing the nuclear-to-cytoplasm
(N/C) ratio of the cells relative to those of the basement
membrane and causing the nuclei to appear less dense at
the surface.

Precancerous epithelial lesions are associated with a
variety of morphologic and architectural changes. These
changes include a loss of polarity of the basal cells relative
to each other and/or the basement membrane, irregular
epithelial stratification, increased cell size and alteration
in cell shape, and cellular pleomorphism (variation in size
and shape of cells in the same tissue region). The nuclei of
the cells also undergo changes such as increased nuclear
size, which is disproportionate to the cell size, leading to
an increase in the N/C ratio. Nuclei also show an increase
in chromatin content or more condensed chromatin, the
nucleoli may be more prominent, the amount of nucleo-
protein is increased, and nuclei will also be pleomorphic.
Mitoses will be more frequent and irregular, resulting in
multinucleated cells. Degenerative changes, such as va-
cuolization, may be common in the cytoplasm and nucleus
(5–7). Mitochondria will be present in high numbers even
in surface layers, reflecting the increased metabolic activ-
ities in individual cells (8).

Preinvasive lesions of the epithelium are generally
graded through histological assessment of the tissue at
risk. In current clinical practice, tissue can only be as-
sessed through invasive, painful biopsy where a small
sample of the suspect tissue is removed for evaluation.
The biopsy is fixed, sectioned, stained, and examined un-
der light microscopy to assess the tissue for architectural
features associated with cancer and its precursors. The
process is invasive, time-consuming, and expensive. Each
organ site has its own criteria for defining the grade of the
lesion, but in general, the pathologist will assess the se-
verity, or grade, of the lesion by defining the amount of
epithelium affected. Mild dysplasia shows precancerous
changes in the lower third of the epithelium, closest to the
basement membrane. Moderate dysplasia involves the
lower two-thirds of the epithelium, and severe dysplasia
occupies almost the entire thickness of the epithelium.
When dysplastic transformation has taken place and in-
volves the entire thickness of the epithelium, but has not
invaded through the basement membrane, the lesion is
defined as carcinoma in situ (CIS). Microscopically, it will
show a loss of structural differentiation throughout the
epithelium. However, a sharp and distinct line of demar-
cation still exists between the epithelial proliferation and
the underlying stroma. When dysplasia invades through
the basement membrane into the stroma, the lesion has
progressed to invasive carcinoma, or cancer. For example,
cervical precancers are classified as cervical intra-

epithelial neoplasia (CIN), where CIN I is equivalent to
mild dysplasia, CIN II is equivalent to moderate dyspla-
sia, and CIN III is equivalent to severe, or high-grade,
dysplasia. CIS indicates full-thickness involvement of the
epithelium (8).

3. OPTICAL TECHNOLOGIES

Currently, there is not a good clinical tool available to de-
finitively diagnose precancerous changes without biopsy
and subsequent histologic analysis. In addition to visual
inspection and histology, a growing number of optical
techniques are being applied to the detection of precan-
cerous changes in vivo without the need for biopsy, and
may serve as diagnostic tools in the future as diagnostic
algorithms are further developed. Optical technologies are
ideally suited to detect cancer-related changes because
they can noninvasively detect biochemical and morpho-
logic changes with subcellular resolution throughout the
entire epithelial thickness. With optical technologies, di-
agnosis can be achieved in real time, using automated
techniques, reducing the amount of time patients cur-
rently have to wait to receive biopsy results. Optical tech-
niques have the potential to reduce the level of clinical
expertise required, reduce the number of unnecessary bi-
opsies taken, and may permit diagnosis and treatment in
a single visit.

3.1. Sources of Contrast

Optical techniques quantify the interactions of light with
matter. For precancer detection and diagnosis, optical
technologies are being used to specifically examine the in-
teractions of light with tissue. Three main types of inter-
action exist between light and tissue: absorption,
fluorescence, and scattering. Absorption refers to the pro-
cess of light energy being absorbed by tissue components.
The main absorbers of light in human tissue are oxy- and
deoxyhemoglobin in the blood, melanin in the skin, lipids,
and water. Absorption by hemoglobin occurs mainly at
wavelengths of light below 600nm. Oxyhemoglobin has
three major absorption peaks at 414nm, 542nm, and
576nm. Deoxyhemoglobin absorption peaks are at
433nm and 556nm (9). Melanin absorbs throughout the
visible region of the light spectrum, from 400nm to
800nm (10). Lipids absorb in the near-infrared (NIR) re-
gion between 912 and 975nm (11). Water has a relatively
low absorbance in the visible and NIR regions below
1000nm, but has an increased absorption in the infrared
(IR) region of the light spectrum, with an absorption peak
at 3000nm (12).

Changes in absorption that occur with the development
of precancer and cancer include an increase in the stromal
hemoglobin concentration, which is a result of angiogen-
esis and yields an increase in light absorption. It has also
been shown that in breast tissue, the lipid concentration
in cancerous tissue decreases compared with normal tis-
sue yielding a decrease in light absorption in the NIR, and
the water concentration increases yielding an increase in
the light absorption in the IR (13,14).
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Fluorescence refers to the process of light energy being
absorbed by tissue components and then some part of that
energy being remitted in the form of fluorescence. The
Jablonski diagram in Fig. 1 shows the process of absorp-
tion and fluorescence in terms of energy states. At room
temperature, a fluorophore (a tissue component that can
absorb light and give off fluorescence) will be found in the
lowest vibration level of the ground electronic state, S0.
When the tissue is exposed to light, a photon absorbed by
the fluorophore can cause the valence shell electrons of the
fluorophore to transition to a higher energy state, S1 or S2.
The excited fluorophore will then nonradiatively decay
(decay without yielding fluorescence) to the lowest vibra-
tion level of the first electronic state, S1. The fluorophore
can then finally decay to the ground electronic state by
emitting a fluorescence photon. As a result of the nonra-
diative decay prior to emission of a photon, the emitted
photon will have less energy than the absorbed photon. As
a result, the emission photon will have a longer wave-
length than the excitation photon.

Many of the common fluorophores found within tissue
are listed in Table 1 (15–23). Common fluorophores in-
clude tryptophan, the reduced form of nicotinamide ade-
nine dinucleotide (NADH), flavin adenine dinucleotide
(FAD), porphyrins, and cross-links associated with the
structural proteins collagen and elastin. Tryptophan is
an amino acid that occurs in proteins and is essential for
cellular growth and normal metabolism, and is a large

contributor to cellular fluorescence. Tryptophan has an
excitation peak at 280nm and an emission peak at 350nm
(15). The pyridine nucleotides, which play a role in cellular
metabolism, are also fluorophores responsible for cellular
fluorescence. Nicotinamide adenine dinucleotide (NAD) is
an electron acceptor in the oxidative phosphorylation
chain. Its reduced form, NADH, is a fluorophore with an
excitation peak near 350nm and an emission peak near
450nm (16). FAD is also an electron acceptor, and the ox-
idized form is also fluorescent. FAD has excitation peaks
at 370nm and 450nm and an emission peak at 530nm
(17). Porphyrins are complex molecules that the body com-
bines with iron to produce heme, which is then used to
form hemoglobin. Porphyrins have an excitation maxi-
mum near 410nm and emission maxima at 630nm and
690nm (18). Cross-links in structural proteins, such as
collagen and elastin, are a source of fluorescence in tissue
stroma. Two major mechanisms exist for the formation of
collagen cross-links: those formed through precisely con-
trolled enzymatic reactions and those formed through
nonenzymatic glycation reactions. Enzymatically formed
cross-links, hydroxylysyl pyridinoline and lysyl pyridino-
line, have an excitation maximum at 325nm and an emis-
sion maximum at 400nm (19). The second mechanism of
cross-link formation is age-related and occurs via glycat-
ion. Several types offluorescent cross links can result from
this method, including pentosidine (excitation/emission
maxima at 335/385nm), vesperlysine (370/440nm), cross-
line (379/463nm), and argpyrimidine (335/400nm) (20–
24).

The contribution from the various fluorophores varies
according to the stage of the disease, as well as other fac-
tors. Fluorescence images from normal and dysplastic tis-
sues show differences in autofluorescence patterns. In
cervical biopsies, Pavlova et al. (25) have shown that in
normal tissue, cytoplasmic fluorescence is limited to the
basal layer of cells; however, as the dysplasia progresses,
the number of cells with cytoplasmic fluorescence in-
creases. This fluorescence corresponds to metabolically
active cells. The higher metabolic rate in areas of dyspla-
sia creates an increase in the concentration of the reduced
electron carrier NADH, and thus an increase in metabol-
ically active mitochondrial NADH fluorescence. They also
report a decrease in stromal fluorescence below the base-
ment membrane, likely a result of a loss in collagen cross-
links that may be associated with cellular production of
matrix metalloproteases, which break down the extracel-
lular matrix (25). Similar trends have been reported for in
vivo tissue measurements and Monte Carlo modeling,
showing that as tissue progresses from normal to severe
dysplasia, NADH fluorescence increases and collagen flu-
orescence decreases (26,27).

The third interaction of light with tissue that can be
probed with optical techniques is scattering. Scattering is
used to describe light that is scattered or ‘‘redirected’’ back
toward the detector after it has interacted with compo-
nents in the tissue. Light-scattering properties are deter-
mined by morphological features of the tissue and
variations in the refractive index within the tissue. Mor-
phological features include the tissue architecture, cell
morphology, cell and nuclear shapes and sizes, numbers

Nonradiative decay

FluorescenceAbsorption

S1

S2

S0

Figure 1. Jablonski diagram showing energy levels involved in
fluorescence.

Table 1. Common Fluorophores in Tissue (15–23)

Compound
Excitation

Maximum (nm)
Emission Maximum

(nm)

Tryptophan 280 350
NADH 350 450
FAD 370, 450 530
Porphyrins 410 630, 690
Collagen

(pyridinolines)
325 400

Collagen
(pentosidine)

335 385

Collagen
(vesperlysine)

370 440

Collagen (crossline) 379 463
Collagen

(argpyrimidine)
335 400
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and sizes of organelles, chromatin content, and N/C ratio.
In the case of cervical cancer, it has been shown through
modeling and experimentation that cellular light scatter-
ing increases with the progression of dysplasia, which is
attributed in large part to an increase in nuclear size, in-
crease in DNA content, and changes in chromatin texture
(28–30). These morphological changes alter the scattering
properties of the cell, providing a natural contrast mech-
anism to differentiate normal and dysplastic tissue.

The absorption, fluorescence, and scattering sources of
contrast come from various morphological and molecular
features within the tissue. Cancer progression is associ-
ated with a number of changes in these features, as de-
scribed previously. Therefore, the native sources of
contrast are often exploited to study and delineate steps
within precancer and cancer progression. Fluorescence-
based optical techniques, such as fluorescence spectros-
copy and fluorescence confocal microscopy, detect changes
in the molecular properties of the tissue, such as changes
in NADH, FAD, and collagen fluorescence. Elastic light-
scattering-based techniques detect changes in the scatter-
ing properties of the tissue, such as increased nuclear size
and N/C ratio. Reflectance spectroscopy and imaging tech-
niques, such as reflectance confocal microscopy and optical
coherence microscopy, offer ways to study and analyze
changes in the scattering properties.

3.2. Optical Spectroscopy

Optical spectroscopy has emerged as a fast, noninvasive
technology for the diagnosis of precancerous lesions. Spec-
troscopic measurements of tissue can be made without the
removal of tissue and diagnosis can be automated. Optical
spectroscopy is a technique that examines the interactions
of light with tissue by measuring the intensity of that in-
teraction as a function of the wavelength of light. An op-
tical spectroscopy system incorporates a light source,
typically a filtered broad-band light source, such as a xe-
non or mercury lamp, or a laser, a fiber-optic probe to
transport light to the tissue and collect light from the tis-
sue, and a wavelength analyzer with a detector. Figure 2
shows a schematic of a generalized spectroscopy system.

To choose the illumination wavelength from a broad-
band light source, the source is either filtered through
bandpass filters or is focused into a monochromator, which
disperses white light into its various colors (wavelengths).
This is usually accomplished with a diffraction grating.
The chosen illumination wavelength is then focused into a
fiber probe, which delivers the light to the tissue. When
using a laser light source, the laser is focused directly into
the fiber probe that delivers the light to the tissue. Either
fluorescence or reflected light coming back from the tissue
travels back through the fiber probe into the detection
portion of the system. Light from the fiber is focused into a
spectrograph, which separates the incoming light accord-
ing to its wavelength and measures and records the re-
sulting spectra. The spectra can be recorded using a
photomultiplier tube (PMT) or a charge-coupled device
(CCD).

Fluorescence spectra yield information about the bio-
chemical nature of the tissue. These spectra yield infor-
mation not only regarding the fluorescence yielded by the
tissue, but also the absorption properties of the tissue.
Changes in metabolism leading to an increase or decrease
in NADH and FAD fluorescence and an increase in the
hemoglobin concentration in the tissue resulting in an in-
crease in light absorption can be detected. An example of
fluorescence spectra obtained from cervical tissues at
355nm excitation is shown in Fig. 3 (31). In this figure,
the squamous normal tissue provides the most intense
fluorescence peak at 450nm, likely a result of NADH and
collagen cross-link fluorescence. This fluorescence peak
decreases and red-shifts as the tissue progresses to CIN I
and CIN II/III. Figure 4 (32) shows fluorescence spectra in
the form of excitation-emission matrices (EEMs). An EEM
is a contour plot of the fluorescence intensity as a function
of both excitation and emission wavelengths. Fluorescence
peaks from several fluorophores are evident in Figure 4.
The peak near 350nm excitation/450nm emission is due
to NADH as well as collagen cross-links. The peaks at both
370nm and 450nm excitation and 525nm emission are
due to FAD fluorescence. Absorption by hemoglobin yields
valleys in the EEMs near 420, 540, and 580nm excitation
and emission. The absorption valleys are more prominent
in the CIS EEM than in the EEM of normal tissue. The
change in intensity and red-shifting of the fluorescence
peaks and the increase in hemoglobin absorption in the
abnormal tissue compared with the normal have been
used to study precancerous lesions of a number of organ
sites, including the breast (33), cervix (31,34–36), esoph-
agus (37), oral mucosa (38–43), and ovary (44,45).

The criteria for evaluating the efficacy of these studies
are the measured sensitivity and specificity, which defines
the system’s ability to discriminate between normal and
dysplastic tissue. Sensitivity defines the percentage of dis-
eased sites that were identified correctly as abnormal by
the evaluation method. Specificity defines the percentage
of normal sites that were identified correctly as normal by
the method. In the cervix, fluorescence spectroscopy has
achieved sensitivities ranging from 71% to 92% and spec-
ificities of 71% to 93%. As an example, using an excitation
wavelength of 355nm, Nordstrom et al. (31) acquired flu-
orescence spectra from 490 cervical tissue sites, in vivo.
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Figure 2. Diagram of optical spectroscopy system. Modified from
Ref. 17.

4 EPITHELIAL PRE-CANCERS AND CANCERS, OPTICAL TECHNOLOGIES FOR DETECTION AND DIAGNOSIS OF



900

800

700

600

500

400

300

200

100

350 450 550

Squamous normal

Metaplasia

CIN I

CIN II/III

650400 500

Wavelength (nm)

S
ig

na
l: 

C
ou

nt
s

600
0

Figure 3. Average fluorescence spectra from
four cervical tissue types, including squamous
normal tissue, metaplasia, CIN I, and CIN II/
III. Reprinted from Ref. 31 with permission of
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Figure 4. Typical in vivo fluorescence EEMs (a, c) and reflectance spectra (b, d) of normal cervical
squamous tissue (a, b) and carcinoma in situ (c, d). Reflectance spectra shown at four different
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Analysis of these spectra allowed them to differentiate
CIN II and CIN III lesions from normal squamous cervical
tissue with a sensitivity of 91% and specificity of 93%.
Similarly, they were able to discriminate CIN I lesions
from normal tissue with a sensitivity and specificity of
86% and 87%, respectively (31).

Recent studies also demonstrate the promise of reflec-
tance spectroscopy in detecting dysplastic changes in
many organ sites, including the bladder (46,47), breast
(48), cervix (31,35,49,50), esophagus (37), intestine (51),
lung (52), oral cavity (53), ovary (54), and skin (55). Scat-
tering of light from tissue provides information about the
structure of the tissue and the cellular morphology, spe-
cifically the nuclear size. Like fluorescence spectra, reflec-
tance spectra are also influenced by the absorption of
hemoglobin. The right column of Fig. 4 shows in vivo re-
flectance spectra of normal cervical squamous epithelium
and CIS at four different source-detector separations. Po-
sitions 0, 1, 2, and 3 all correspond to an increasing source-
detector separation. Each reflectance spectrum shows val-
leys caused by hemoglobin absorption near 420, 540, and
580nm. In general, the reflectance intensity of the CIS
tissue is less than the intensity of the normal tissue.

In the cervix, sensitivities for reflectance spectroscopy
range from 70% to 82% and specificities range from 65% to
81%. Mirabal et al. (50) analyzed reflectance spectra of
normal and dysplastic cervical tissue, measured in vivo
from 324 sites, and discriminated high-grade dysplastic
tissue (CIN III) from normal tissue with a sensitivity of
72% and a specificity of 81% (50). In the ovary, a sensitiv-
ity and specificity of 86% and 80%, respectively, were ob-
tained for separating ovarian cancers from normal tissue
and benign neoplasms in a sampling of 64 sites (54).

Other studies have evaluated the combined use of both
reflectance and fluorescence spectra for classifying tis-
sues. Nordstrom et al. measured reflectance and fluores-
cence spectra from cervical sites and analyzed the results
using a multivariate statistical algorithm. The results
suggested that fluorescence and reflectance techniques
provide complementary information and their combined
use could increase their diagnostic ability (31). Ge-
orgakoudi et al. have been able to separate normal from

abnormal cervical lesions with a sensitivity and specificity
of 92% and 90%, respectively, using tri-modal spectroscopy
(49). Using a similar technique, Muller et al. have
achieved a sensitivity and specificity of 96% for distin-
guishing normal and dysplastic sites of the oral cavity
(53).

3.3. Confocal Microscopy

Confocal microscopy is a technique that examines the in-
teractions of light with tissue by creating high spatial res-
olution 3-D images of the tissue. The confocal system
builds on standard wide-field microscopy to reduce the
out-of-focus blur seen from the light scattering of thick
and opaque specimens through a technique known as op-
tical sectioning.

The confocal microscope relies on point illumination
and point detection to achieve optical sectioning. The mi-
croscope illuminates and detects light from only a small
volume of the specimen at any one time, which is accom-
plished through the use of spatial filters, usually pinhole
apertures, in the illumination and detection paths, creat-
ing a point source and finite size detector. This concept is
illustrated in Fig. 5 (56) using an epi-illumination confocal
microscope. Light is focused to a small point within the
sample. Light returning from this point (shown by the
solid lines in Fig. 5) is focused through a pinhole aperture
at the conjugate image plane to the desired image plane
within the sample, and arrives at the detector. Meanwhile,
light returning from planes above and below the image
plane is rejected by the pinhole (shown by the dashed lines
in Fig. 5). Similar optical sectioning is achieved for lateral
points as well because light returning from these points is
focused lateral to the pinhole. Therefore, only light ema-
nating from the illuminated volume within the sample
reaches the detector, whereas all other out-of-focus ele-
ments are rejected (57–62). A 2-D image is then formed by
scanning the illuminated and detected spot over the focal
plane. Then, by altering the depth of the focal plane within
the sample, different depths within the tissue can be im-
aged. It is because of this ability to reject out-of-focus light
that the confocal system is able to image slices through a
sample without physically sectioning the sample.
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Figure 5. Diagram of confocal microscopy tech-
nique. Modified from Ref. 56. Published with
permission from Adenine Press, www.tcrt.org.
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As compared with standard light microscopy, confocal
microscopy provides enhanced lateral and axial resolu-
tion, and pronounced depth discrimination can be ob-
tained. In epithelial tissue, a lateral resolution of better
than 1 mm and axial, or depth, resolution of 3 mm has been
achieved with a 200 to 400 mm field of view and penetra-
tion depth up to 500mm. Contrast is improved and edges
appear sharper because of the rejection of out-of-focus
light, thus improving the signal-to-noise ratio within the
image. The primary advantage of confocal microscopy is
the improved axial resolution, which allows optical sec-
tioning of thick specimens. The optical sectioning ability of
the confocal microscope allows thin-slice views throughout
the depth of thick light-scattering objects, such as intact
tissues. Confocal microscopy also supports the possibility
for 3-D and 4-D microscopy. By recording the entire struc-
ture of a specimen through a number of 2-D images, refo-
cusing the microscope at different depths between
successive images, then processing the stack of images, a
representative 3-D structure of the specimen can be cre-
ated. If these scans are taken over time, then a 4-D image
series can be obtained.

Each of these characteristics enhances the use of the
confocal microscope in quantitative and qualitative stud-
ies of a wide range of specimens. Two main types of con-
focal systems exist: reflectance and fluorescence.
Reflectance confocal microscopy is used to study the 3-D
microstructure and morphology of the sample. Fluores-
cence confocal microscopy is used mainly to study cell dy-
namics and biochemistry. For biological specimens,
contrast is often provided by scattering due to differences
in refractive index between various cellular and extracel-
lular features in reflectance systems or by autofluores-
cence or fluorescent probes in fluorescence systems.

Reflectance confocal microscopy (RCM) has been used
to study the morphology and subcellular structure of a
number of human diseases and organ sites, including dis-
eases and abnormalities of the skin (63–82), cervix (83–
85), and oral cavity (78,86–88). Several groups have shown
that RCM can be used to diagnose precancerous lesions of
the cervix and skin with high sensitivity and specificity.
An example of confocal images of ex vivo cervical tissue is
shown in Fig. 6 (84). These images were taken parallel to
the surface of the epithelium, perpendicular to the tradi-
tional histology slice; better known as en face imaging.
The white circles are cell nuclei. Figure 6a and 6e are
confocal images of normal cervical tissue taken 50 mm be-
low the surface of the tissue. In these images, one can see
small cell nuclei surrounded by cytoplasm (dark areas)
within the membranes of the cells. Figure 6c and 6g are
confocal images of CIN II/III from the same patients, also
taken 50 mm below the surface of the tissue. For each pa-
tient, the difference in nuclear area and density are evi-
dent between the normal and abnormal tissues. For
example, the nuclear area and density have both obvi-
ously increased in image 6g as compared with image 6e.
Using these images, Collier et al. separated normal and
CIN I cervical lesions from CIN II and CIN III lesions with
a sensitivity of 100% and specificity of 91%, using the N/C
ratio calculated from the confocal images as the criteria
for discrimination (84). Collier et al. also showed results
from diagnoses made by 14 untrained reviewers based on
qualitative examination of reflectance confocal images of
cervical biopsies (84). The average sensitivity and speci-
ficity was 95% and 69%, respectively (84). Similarly, Ge-
rger et al. (68) and Nori et al. (76) looked at the ability of
untrained observers to use confocal images of the skin to
classify lesions of the skin correctly. Gerger et al. asked

(a) (b) (c) (d)

(e) (f) (g) (h)

Figure 6. Confocal images (a, c, e, g) and photomicrographs (b, d, f, h) of normal cervical tissue (a,
b, e, f) and CIN II/III (c, d, g, h) specimen pairs. The scale bar used for the confocal images is 50 mm.
The scale bar in the photomicrographs is 100mm. Reprinted from Ref. 84 with permission from the
Association of University Radiologists.
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five observers, including two residents, one senior physi-
cian, and two dermatopathologists without previous expe-
rience in confocal microscopy, to discriminate between
reflectance confocal images of benign nevi and cancerous
melanomas (68). Overall, a sensitivity of 88.15% and a
specificity of 97.60% were achieved by the observers (68).
Nori et al. (76) asked a single observer, a novice confocal
reviewer, to document the presence or absence of the fol-
lowing criteria in a set of confocal images of the skin:
‘‘elongated monomorphic basaloid nuclei, polarization of
these nuclei along the same axis of orientation, prominent
inflammatory infiltrate, increased dermal vasculature,
and pleomorphism of the overlying epidermis indicative
of actinic changes.’’ The presence of polarized nuclei, when
compared with histology, yielded a sensitivity of 91.6%
and specificity of 97% for separating basal cell carcinomas
(BCC) from all other skin lesions, including actinic kerato-
sis, melanocytic lesions, and eczema. The presence of elon-
gated monomorphic nuclei yielded a sensitivity of 100%
and a specificity of 71%. When four of the criteria were
present, the sensitivity and specificity were 83.9% and
95.7%, respectively. The same set of images was analyzed
by two dermatologists who were asked to rank each lesion
as either having a high clinical probability of BCC, a me-
dium probability of BCC, or a low probability of BCC. Each
lesion was also ranked by the number of criteria found in
the RCM images by the novice confocal reviewer. It was
found that when a ranking of high clinical probability of
BCC was given, it was correct for 59% of the lesions. With
the addition of the RCM ranking, for lesions with a rank-
ing of high clinical probability of BCC from both the der-
matologists and RCM, the accuracy increased to 91%.
Similarly, for lesions with a ranking of low probability
for BCC, the dermatologists ranking yielded an accuracy
of 47% as compared with 93% for the combined dermatol-
ogists and RCM rankings (76).

Fluorescence confocal microscopy (FCM) has been used
to study the origin and distribution of cellular autofluo-
rescence in prostate, bladder, and bronchial epithelial car-
cinoma cells in culture (89,90), in frozen tissue slices of the
colon (91,92), and in fresh tissue slices of the cervix (25).
Using a handheld scanner, Swindle et al. (93) used FCM to
image normal epidermis in vivo after the skin had been
labeled with fluorescein sodium. They showed that the
morphological patterns imaged by the confocal system
corresponded well to the patterns seen in normal histol-
ogy, showing the ability of their handheld device to acquire
real-time, high-resolution images of the skin noninvasive-
ly (93).

In vivo confocal microscopy is similar to a histologic
analysis of ex vivo tissue, except that the 3-D subcellular
resolution is achieved without removing the tissue. The
application of confocal microscopy to the detection and
classification of dysplasia in epithelial tissues other than
the skin has been limited by the difficulty in accessing
these organ sites. A number of groups are developing flex-
ible optical probes to record confocal images in vivo. Two
main approaches to this problem exist: (1) a system based
on a single optical fiber that is scanned to produce images,
or (2) a system based on a fixed bundle of single-mode fi-
bers across which light is scanned to create an image. In

the first approach, a single-mode fiber is used to deliver
light to the tissue and collect light from the tissue, acting
as both the point-source of light and the point-detector.
Scanning, to create a 2-D image, can be achieved by mov-
ing the sample in two dimensions or by scanning the fiber
and a small lens to focus the light onto the tissue. Moving
the sample is not an ideal scanning method for in vivo
imaging of human tissues. However, Pentax and OptiScan
are developing an endoscopic confocal system that uses a
single optical fiber for illumination and detection, and
physically scans the fiber to create a 2-D image. This sys-
tem is designed for fluorescence imaging at 488nm exci-
tation. It has a lateral resolution limit of 0.7 mm, a depth of
penetration of 250mm, and a field of view of 500� 500mm.
In a recent study using this system, Kiesslich et al. (94)
obtained 13,020 confocal images of the colon in vivo from
390 sites. They reported that FCM can be used to detect
the presence of neoplastic changes in the colon (dysplasias
and cancers) with a sensitivity of 97.4% and a specificity of
99.4%, when the tissue was labeled with fluorescein so-
dium prior to imaging (94).

The second technique, first proposed by Gmitro and
Aziz (95), uses a bundle of single-mode fibers between the
objective lens and the rest of the microscope. The illumi-
nation light is then scanned across the proximal end of the
bundle, removing the need to physically scan the fiber or
the sample. As the illumination light is scanned across the
bundle, each individual fiber will, in turn, act as the
source and detector. The pinhole at the conjugate image
plane assures that only light from the single source/detec-
tor fiber within the bundle is coupled to the detector. A
number of systems based on this approach have been de-
signed (96–99). Using this approach, with two galvano-
metric scanning mirrors scanning the light across the
fiber bundle, Sung et al. (99) have obtained reflectance
confocal images of the cervix and oral cavity with a reso-
lution similar to nonfiber confocal systems. At their illu-
mination wavelength of 1064nm, they have obtained a
lateral resolution of 3mm, an axial resolution of 6mm, a
150 mm depth of penetration, and a field of view of 180�
160 mm (99). Sabharwal et al. (100) have built a fluores-
cence confocal system with real-time in vivo imaging ca-
pability that scans a line illumination, rather than a point,
across a coherent fiber bundle and uses a slit aperture to
reject out-of-focus light. They have obtained fluorescence
images of SYTO-16 stained human prostate biopsies (100)
and acridine orange-labeled ovarian biopsies (45) with this
system. Also based on the fiber-bundle approach, Mauna
Kea Technologies has developed a fluorescence confocal
fiber-based system, the CellBvizio, which has a 2.5 mm
lateral resolution, 15 to 20 mm axial resolution, field of
view up to 600� 500mm, 488nm illumination, and a frame
rate of 12 frames per second. Thus far, this system has
been used mainly on animal models of disease, but has a
number of potential human applications.

In addition to confocal microscopy, techniques that can
be used to achieve optical sectioning are multiphoton mi-
croscopy, second harmonic generation microscopy, and
structured illumination. Multiphoton microscopy, includ-
ing second harmonic generation, creates high-resolution,
3-D images of tissue using a pulsed laser that produces a
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stream of extremely short, intense pulses. A fluorescent
molecule is excited by the simultaneous absorption of two
photons, and the resulting fluorescence emission is pro-
portional to the square of the excitation intensity. This
nonlinear relationship between the excitation and emis-
sion provides the optical sectioning ability of multiphoton
microscopy. A good overview of the theory and applications
of multiphoton microscopy can be found in Ref. 101. A
more thorough review of the instrumentation can be found
in Ref. 102. Structured illumination uses a widefield light
microscope, modifying the illumination path so that the
out-of-focus elements can be differentiated from the in-fo-
cus components, which is accomplished by projecting a
single-spatial-frequency grid pattern onto the focal plane
of the microscope. Images of the object plane are then ac-
quired as the spatial phase of the grid pattern is changed.
Arithmetically reconstructing the final image from the ac-
quired images yields an optically sectioned image of the
in-focus components, similar to a confocal image. An over-
view of structured illumination theory can be found in Ref.
103.

3.4. Optical Coherence Tomography/Microscopy

Optical coherence tomography (OCT) and optical coher-
ence microscopy (OCM) are also imaging techniques used
to study the interactions of light with tissue. These are
reflectance-based techniques. In OCT, back-scattered light
is measured as a function of depth using interferometric
techniques. A beam of light is sent through a beam split-
ter, specifically a Michelson interferometer, which divides
the light into two separate beams. One beam is directed
toward a reference mirror and the other is directed toward
the tissue sample. Both beams are reflected back toward
the beam splitter — one by the mirror and the other by the
tissue — which then recombines the reflected beams and
directs them toward a detector where they interfere with
each other. The detected interference signal is collected
and translated into information that is displayed as an
image. A diagram of this process is shown in Fig. 7.

The interferometric signal decreases as the difference
between the path length of the sample arm and the path
length of the reference arm increases when using a broad-
band source with a short coherence length, leading to a
strong rejection of out-of-focus light, similar to optical sec-
tioning in confocal microscopy. In epithelial tissue, OCT
can achieve a lateral resolution of 3 to 35 mm and an axial
resolution of 15 to 30 mm depending on the light source and

focusing objectives used in the system (104). Varying the
position of the reference arm of the interferometer yields
the reflected signal from the tissue as a function of depth
at one point on the tissue. By varying the reference arm’s
path length, images can be obtained up to a depth of 2mm
(105). 2-D images can be constructed by moving the beam
laterally across the surface of the tissue between depth
scans.

OCT images have been obtained for a number of organ
sites, including the cervix (106), esophagus (107,108), gas-
trointestinal tract (109,110), oral cavity (111), ovary (45),
prostate (112), and stomach (113). Typical OCT images of
the prostate are shown in Fig. 8 (112). Like reflectance
confocal microscopy, the source of contrast in OCT is scat-
tering due to differences in refractive index between var-
ious cellular and extracellular features, such as scattering
from cell nuclei and collagen fibers. Figure 8a shows an
image of normal fibroadipose tissue and the corresponding
histology image (8b). Image 8c shows an image of a benign
glandular epithelium and image 8e shows a malignant
glandular epithelium. The lipid-filled spaces in image 8a
and the glandular lumens in image 8c were determined to
be 50 to 150mm in diameter. The lumens in image 8e were
smaller, ranging from 10 to 50 mm, and served as the basis
for defining this tissue as prostate cancer. The smallest
structure identifiable using this OCT system was 10 mm in
diameter (112). Typical resolution limits of OCT are be-
tween 10 and 20 mm. The major limitation of this technol-
ogy, therefore, is the limited resolution and thus the
inability to reliably asses the microscopic nature and ex-
tent of the cancer or precancer.

OCM is a technique that combines the advantages of
RCM and OCT. OCM can yield the subcellular resolution
typical of confocal microscopy while maintaining the deep
penetration depth of OCT. OCM is very similar to OCT
except that the sample arm consists of a confocal micro-
scope with a high numerical aperture (NA) objective, and
images are produced en face as in RCM. Many groups have
designed OCM instruments, but many are formed with
low NA optics in the sample arm, yielding poorer resolu-
tion (114,115). Schmitt et al. introduced a system with dy-
namic depth focusing and high NA optics, but the
instrument was only capable of producing longitudinal
scans (116). Izatt et al. was the first to describe an OCM
with subcellular resolution, deep penetration and depth
resolution, and 2-D en face imaging (117,118). Hoeling et
al. later developed a similar OCM system (119). Although
both of these systems are bench-top systems without in
vivo capability of imaging tissues other than the skin, this
technique holds much promise to resolve issues with con-
focal microscopy’s limited penetration depth and OCT’s
resolution, which limit them in their ability to detect and
classify precancerous lesions. Currently, OCM has a lat-
eral resolution of 2 mm and an axial resolution of 10 mm,
which compares favorably with RCM, and is a significant
improvement over OCT (118).
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Figure 7. Diagram of optical coherence tomography technique.
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4. CONTRAST AGENTS

Various exogenous contrast agents have been used to en-
hance the native contrast observed in tissue. Studies have
employed these contrast agents to gain a greater under-
standing of physiological and molecular processes occur-
ring within tissue, as well as create more sensitive
methods for detecting and classifying neoplastic lesions.

Exogenous contrast agents can be divided into two cat-
egories: fluorescent contrast agents and reflectance con-
trast agents. Fluorescent contrast agents include
compounds that affect endogenous fluorophores to in-
crease the amount of autofluorescence, as well as nonspe-

cific dyes, target-specific conjugates, and fluorescent
nanoparticles, which provide a strong source of fluores-
cence signals in the sample. Reflectance contrast agents
include compounds that increase the native back-scatter-
ing of the sample, as well as metal nanoparticles that yield
increased back-scattering from more localized areas. Al-
though numerous contrast agents are being used, this re-
view will concentrate on those agents that currently have
the greatest potential for in vivo use in a clinical setting
with the optical techniques discussed.

The first type of fluorescent contrast agent includes
compounds, such as 5-aminolevulinic acid (ALA), that in-
crease the amount of autofluorescence in the tissue. ALA

(a)

(c) (d)

(e) (f)

(b)

Figure 8. OCT images (a, c, e) and images after standard histopathologic processing (b, d, f) of
normal fibroadipose tissue (a, b), benign glandular epithelium (c, d), and malignant glandular ep-
ithelium (e, f). Physical dimensions of all images are 1.0mm (right to left) and 0.75mm (top to
bottom). Reprinted from Ref. 112 with permission from Elsevier.
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is a precursor to the endogenous fluorophore pro-
toporphyrin IX (PP IX). PP IX excites in the blue region
(450nm) and emits in the red region (620nm) and has
been shown to accumulate in precancerous tissues. The
addition of ALA as a contrast agent causes an increase in
the endogenous PP IX production. The resulting increase
in PP IX fluorescence accumulated in dysplastic tissue has
led to increased detection of dysplasia in ex vivo tissue
from Barrett’s esophagus and human urinary bladder
cancers (120,121).

Another type of fluorescent contrast agent is nonspe-
cific fluorescent dyes, which can be used to detect areas of
neoplasia because they tend to pool in areas of cancerous
tissue because of the leaky vasculature and rapid uptake
by the tissue. The cyanine dyes are a popular class of non-
specific fluorescent dyes; it is possible to create derivatives
of these dyes that have absorption and fluorescence peaks
throughout the visible and NIR regions (120). For exam-
ple, indocyanine green (ICG) is a NIR fluorescent dye that
has been shown to localize near areas of increased perfu-
sion associated with tumors in both animal studies and
human studies (122).

Localization of these dyes in neoplastic tissue is medi-
ated mainly by the leaky tumor vasculature, which makes
it difficult to distinguish between areas of inflammation
and injury and areas of malignant tumor progression.
Therefore, to increase specificity for neoplastic tissue,
dyes have been conjugated to biomolecules that target
unique biomarkers expressed in various disease states
(120,122,123). Target-specific conjugates combine a fluo-
rescent molecule with a specific probe molecule, such as an
antibody or peptide aptamer, to yield molecular specificity
in optical detection. Since cancers overexpress certain bio-
markers, a number of studies have concentrated on the
conjugation of a fluorescent molecule to an antibody tar-
geted toward a particular over-expressed biomarker. To
target dysplasia, for example, Hsu et al. (124) conjugated
an antibody against the epidermal growth factor receptor
(EGFR) to a far-red fluorescent dye, Alexa Fluor 660. Us-
ing confocal microscopy, they were able to define regions of
dysplasia in biopsy specimens from the oral cavity (124).
Other laboratories are also working to conjugate fluores-
cent molecules to peptides that specifically bind to tumor
biomarkers. Compared with antibodies, peptides offer sev-
eral advantages, including the fact that they are smaller
in size, so they may be used to target regions not accessible
by larger antibodies, and they will more rapidly clear from
the blood, resulting in a higher target to background ratio,
and they are also less likely to be immunogenic. Archilefu
et al. have created NIR dye-peptide conjugates targeting
over-expressed tumor receptors in established rat tumor
lines, and have shown high uptake of the conjugates by
the target tumors (125–127). Similarly, Ke et al. created a
human recombinant epidermal growth factor (EGF) pep-
tide labeled with Cy5.5, a NIR dye, and with in vivo imag-
ing of mice showed that the EGF-Cy5.5 probe only
accumulated in the EGF receptor-positive tumor and not
in the EGF receptor-negative tumor (128). In addition to
conjugates with peptide ligands and antibodies, targeting
conjugates can also be formed with ligands such as natu-
ral or synthetic agonists and antagonists. For example,

Moon et al. (129) synthesized a folic acid and a NIR flu-
orophore conjugate (folate-NIR2) as a targeting contrast
agent for the folate receptor. The folate receptor is over-
expressed in several cancers, including nasopharyngeal
cancers and cancers of the breast, cervix, colon, lung, and
ovary. Folate positive and negative tumors were implanted
in the chest of mice, and the folate-NIR2 agent was ap-
plied via intravenous injection. A strong fluorescence sig-
nal was observed in the folate positive tumor but not in the
folate negative tumor (129).

Targeted conjugates can also be made with fluorescent
nanoparticles, such as quantum dots (QDs), as the fluo-
rescent marker rather than a fluorescent dye molecule.
One advantage of QDs is that their emission wavelength
can be tuned by changing the size of the particle, which
allows the emission wavelength to be chosen in a range of
low background autofluorescence. Another advantage is
that a single wavelength can be used to simultaneously
excite different sized QDs, allowing labeling of more than
one target of interest. Additional advantages include their
improved signal brightness and resistance to photobleach-
ing (130). Gao et al. have shown prostate-specific mem-
brane antigen targeting with antibody-conjugated QDs in
mice, although nonspecific liver and spleen uptake was
noted as well (131).

Lanthanide chelates may also be used to make targeted
contrast agents. Bornhop et al. (120) report the use of
nontargeted pyclen-based terbium chelates to detect colon
cancers in rats. The chelates used have a high quantum
efficiency of 0.51, an extremely large Stokes’ shift, and a
long fluorescence lifetime of 2.2ms. They have shown a
sensitivity of 94.7% for detecting suspected dysplastic
sites (120).

Reflectance contrast agents include compounds that
increase the native back-scattering of the sample, as
well as metal nanoparticles that yield increased reflec-
tance signals from non-back-scattering or weakly back-
scattering areas. Weak acetic acid is a common clinical
contrast agent used to detect areas of cervical dysplasia in
vivo because of the whitening effect it has on abnormal
tissue areas. It has also been studied as a contrast agent to
increase the back-scattered signal in confocal microscopy
from nuclei in ex vivo human breast cancer cells (132) and
cervical tissues (83–85,133). Interaction of acetic acid with
the nucleus induces spatial fluctuations in the index of
refraction of the nucleus, which in turn increases the
back-scattering from the nucleus and thus increases the
contrast of the nucleus relative to the surrounding cyto-
plasm (85).

Metal nanoparticles are also being investigated as mo-
lecular specific contrast agents. Like fluorescent dyes,
metal nanoparticles can also be conjugated to biomole-
cules that target unique factors in neoplastic progression.
Based on excited surface plasmon resonance, metal nano-
particles scatter light in the visible and NIR spectrum and
can easily be detected using reflectance optical imaging. A
unique feature of these nanoparticles is that the wave-
length of the scattered light is sensitive to the nanoparti-
cle’s material, shape, size, and aggregation conformation.
Nanoparticles made of gold, melanin, carbon, and iron ox-
ide have been shown to strongly scatter light in OCT
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imaging. Nanoshells labeled with HER-2 antibody have
been shown to target breast cancer cells and could be im-
aged with OCT (134). Gold nanoparticles have been con-
jugated to monoclonal antibodies against EGFR, matrix
metalloproteases (MMP) 2 and 9, and the E7 protein as-
sociated with HPV 16 by Sokolov et al. The anti-EGFR-
gold nanoparticle conjugates were used to label tissue
slices from normal and dysplastic cervical biopsies. Imag-
ing with reflectance confocal microscopy showed bright
labeling of the cell membranes in the dysplastic sample
and very little labeling in the clinically normal sample
(56). Gold nanoparticles have the advantage that they are
biocompatible and therefore show great promise for in
vivo applications.

Development of cancer-specific contrast agents is still
in its beginning stages. However, recent results show the
potential for using contrast agents, especially the molec-
ular specific agents, with high-resolution imaging tech-
niques to improve the sensitivity of detection of dysplastic
and neoplastic lesions, and possibly the classification of
these lesions as well.

5. CONCLUSIONS

Optical techniques have great potential to detect and di-
agnose precancerous lesions and early cancers noninva-
sively and in real time. They can assess tissue morphology
and biochemistry without the need for biopsy. For exam-
ple, optical microscopy techniques such as reflectance con-
focal microscopy or optical coherence microscopy provide
tools to assess tissue morphology such as nuclear size and
density with the contrast and resolution similar to that
provided by standard histopathology. Fluorescence optical
spectroscopy can probe the biochemical makeup of the tis-
sue, measuring changes in metabolism leading to an in-
crease or decrease in NADH and FAD production and
increases in the vasculature of the tissue that will show up
as an increase in absorption by hemoglobin.

Each of the techniques discussed, summarized in Table
2 (104,105,118,135–140), has the potential to dramatically
improve the specificity of detection methods and classifi-
cation algorithms for early dysplastic lesions. Further,
high-resolution in vivo imaging techniques may serve as
tools for improving the assessment of tumor margins to

determine where a surgeon should cut to remove all of the
diseased tissue. Although each of these systems has great
potential, they currently have important limitations that
must be addressed for in vivo measurement and diagnosis.
For in vivo measurements to be made of most organ sites
other than the skin, these optical instruments must be
made using a small, flexible fiber-optic device with the
necessary resolution, penetration depth, and sensitivity to
make the desired measurements. Only a small number of
such fiber-based systems are available, and most are still
being tested in clinical trials. To assist with the sensitivity
of these systems, molecular-specific contrast agents are
currently under development and preclinical testing.
These contrast agents have the potential to dramatically
improve the visualization of subcellular details in tissue
and can enable more molecular imaging of the suspicious
lesions for more accurate classification.
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1. INTRODUCTION

Biomedical engineering uses the principles of engineering
and science to solve problems in medicine. This new
discipline has enabled the scientific knowledge and dis-
coveries of humankind to be extended to medicine in an
attempt to solve human medical problems. Biomedical
engineering has directly contributed to the vast growth
and improvement in the quality of medicine during the
past half century. The field of medicine has drastically
improved over this time, largely because of new technol-
ogies that have incorporated scientific discoveries into
medical advances. These biomedical advances are creating
new ethical issues in both biomedical research and clinical
medicine (1). Additional ethical issues have been created
by the expanding interface between biomedical research
and the commercial world (2). These ethical issues present
intriguing challenges for biomedical engineers who work
at the leading edge of biomedical research and its applica-
tions to patient care (1). The increasing incorporation of
scientific knowledge and understanding into medicine has
enabled this growth and has generated the promise of
even greater advances in medical technologies in the
future.

Biomedical engineering bridges two fields, medicine
and engineering, combining the two professions into one
of the first truly interdisciplinary fields. Both medicine
and engineering have been traditionally recognized as
prestigious areas of competence requiring rigorous train-
ing, governed by their individual codes of ethics. Both are
professional fields requiring additional training and ex-
perience, but have fundamentally different outlooks on
approaching and solving problems and different value
systems. These differences can complicate the already
complex ethical issues found in medicine and biomedical
engineering.

Although medicine and engineering share many simi-
lar characteristics, the differences between the fields may
also create or complicate conflicts for the people in the
interdisciplinary field of biomedical engineering. The dif-
fering viewpoints of medicine and engineering contribute
to the ethical conflict in joining the fields together seam-
lessly into the field of biomedical engineering.

Decisions in the practice of medicine are often subjec-
tive in nature, with the doctor or practitioner treating
each patient individually using the best knowledge that
they possess to help that patient to the greatest extent
possible. As medicine functions primarily on an individual
basis, it is difficult to establish detailed ethical guidelines.
General ethical guidelines are needed because of the
intricacies of each case. Conversely, engineers approach
problems objectively, attempting to make problems ‘‘black

and white’’ and solving the problems with theorems or
formulae. The problems that are traditionally addressed
by engineering are typically application-based, often
structures or devices for society without an individual
person directly affected by the outcome, as the patient is in
medicine. These differences may not seem profound at
first glance, but because viewpoint influences personal
opinion of a situation, potential exists for conflicts to
develop. There are things that a doctor may do (use
untested procedures to attempt to save a patient’s life)
that an engineer would never consider and things that an
engineer does (quantification of all variables, statistical
methods) that the doctor may not thoroughly understand.

With these considerable differences in viewpoints, how
can an ethical code become established between these
professional fields for biomedical engineering? The ad-
vances in medical technology and the abilities of modern
medicine have created various ethical situations, many of
which have moral overtones, further complicating the
issue. The fundamental tenets of medical ethics (1) assist
the patient to the best of the doctor’s ability and (2) do no
harm. The second tenet is very important, as these tenets
have been around since ancient Greek and Roman civili-
zations—only recently have doctors had technology that
has allowed them to treat the patient without a consider-
able risk of causing additional illness or infection. Medical
codes of ethics help to ensure that the clinician uses
treatments individualized for each patient and that treat-
ment is the best to their knowledge. Engineering codes of
ethics typically govern products and technologies used by
large numbers of people such as bridges, commercial
electronics, and other modem amenities. These engineer-
ing codes of ethics attempt to control and minimize en-
gineering disasters, something that unfortunately
accompanies engineering progress. These opposing view-
points create an even greater need for a code of ethics for
biomedical engineering, allowing the incorporation of
medical and scientific ethical thought into a comprehen-
sive set of guidelines. A comprehensive set of guidelines
would be concise and easy to remember to allow for recall
of the guidelines at needed times.

As a result of the unique interaction of science and
engineering with medicine in biomedical engineering, it is
difficult to establish a code of ethics for biomedical en-
gineers. Engineers and scientists are not typically used to
dealing with patients, and likewise, doctors and clinicians
are not used to the objectivity of science. To help address
this difficulty, we turn to a recently developed field related
to biomedical engineering called bioethics. The field of
bioethics, a quasi-social science that offers guidance in
cases of moral conflicts that develop in medical and
biological science practice, is similar to biomedical engi-
neering ethics and offers some guidance in biomedical
engineering ethics. Bioethics provides a valuable starting
point for our exploration of biomedical engineering re-
search ethics. Bioethics has four primary ethical princi-
ples, including respect to autonomy, beneficence,
nonmaleficence, and justice. These four principles were
put forward in 1979 by two American philosophers Bea-
chump and Childress, in their published work ‘‘Principles
of Biomedical Ethics.’’ They presented these principles as
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applicable to any culture and society as they have gov-
erned the ethical behavior of human societies for much of
history. Other bioethicists have examined this claim and
regarded various societies through history, verifying that
most societies follow some variation of these principles (3).
The use of ethical principles that are broad and applicable
to nearly any culture and society is especially important
for biomedical engineering ethics (3).

Biomedical engineering ethics needs a foundation to
build from to enable the creation of an ethical code that
can guide persons of various backgrounds in this diverse,
interdisciplinary field. This approach of using ethical
principles to guide decisions has been challenged by
some bioethicists who favor an unprincipled approach
(4). These bioethicists argue that the four principles are
a useful checklist approach to bioethics, but sole reliance
on them would lead to sterility and uniformity of approach
in bioethics. They also argue that although the principles
are beneficial, they allow for massive scope in interpreta-
tion and are not an efficient means of detecting errors and
inconsistencies in arguments (4).

Ethics, morals, and values are terms that are used to
discuss components of how individuals and societies make
decisions on various issues, ranging from simple to com-
plex. Values are defined as our fundamental beliefs or our
standards (5). Morals are defined as values that we
attribute to a system of beliefs that help the individual
define right versus wrong, good versus bad (5). These
values tend to derive their authority from external
sources, such as a higher being or higher authority (e.g.,
government, society). Ethics are defined as the study of
what we understand to be good and right behavior and
how people make those judgments (5). Acting in an ethical
manner occurs when one acts in ways that are consistent
with our moral values. Conversely, acting unethically is a
consequence of one’s actions that are not congruent with
our moral values—our sense of right, good, and just.
Defining what is ethical is not an individual exercise,
however. If it was, one could have argued that what Hitler
did was ethical as his actions conformed to his definition of
right, fair, and good. The ethics of our decisions and
actions is defined societally, not individually (5). The
interplay of our personal values, morals, and ethics helps
to shape our societal views and is governed by our societal
views at the same time (5). As both ethics and morality
give guidance on what is right and wrong, many people
commonly confuse the two terms. Morality is often deter-
mined by upbringing, societal values, religion, and various
other factors. Ethics is a more formal code of rules that
should be upheld either in daily life or in a profession.
Engineers, scientists, and physicians need to become
familiar with these issues to take part in this debate and
they should play an active role in directing the standards
of professionalism in the field of biomaterials.

Without a defined code of biomedical engineering
ethics, how can guidance be provided on how to conduct
ethical biomedical research? The combination of medical
and engineering ethics will be applied to the base of
scientific research ethics, giving researchers guidance in
biomedical research. Some ethical issues encountered

during or involved with biomedical research will be ex-
amined.

2. FUNDAMENTALS OF RESEARCH ETHICS

Research is a fundamental step to prove or disprove
hypotheses. With respect to science, research involves
using the scientific method to examine a case and to test
the hypotheses with the data generated from the experi-
ment. Research and the careful, unbiased analysis of the
results propel science and engineering forward. As a
result of the progressive nature of science, research builds
on analysis as the scientists gather more knowledge and
create an understanding of how different elements of
nature function. Therefore, it is paramount that the
research be conducted in a thorough manner with results
reported accurately (6). If research misconduct occurs, it
can have serious detrimental effects on science. Inaccurate
or misleading results can sidetrack other researchers in
the same area because of the progressive nature of scien-
tific research. Thus, results from one research group in a
similar topic could alter the hypotheses and may affect
future research. Getting new research ideas from others
in the field is common in scientific endeavors, but if they
are in error, future research can be set back considerably.
Detecting cases of research misconduct involving inaccu-
rate or misleading results often takes several months, if
not years, creating the potential to damage other research
in that topic area.

Research is fundamental to science and, by extension,
to biomedical engineering. During the last century, growth
in biomedical research has been so rapid that it has
assumed a life of its own (7). Research allows the various
interdisciplinary areas of biomedical engineering to con-
nect and attempt to solve biomedical problems through
theorizing and experimenting. Inevitably, this interdisci-
plinary nature leads to the melding together of not only
varied interests, but distinct values, risks, hidden con-
cerns, and philosophies (7). It is a major advance over the
previous research performed by ‘‘hero-doctors’’ or doctors
who, in attempting to provide their patients with the best
possible treatment, tried risky or untested techniques
without much background literature or documentation,
working as doctors during the day and moonlighting as
inventors. Although these physicians may succeed with
some of their treatments, many more treatments may
have failed or did not provide the desired results for their
patients. Some medical treatment is primarily based on
anecdotal evidence, or an individual physician may base
the choice of the treatment modality on how a small group
of patients responded to a specific treatment. Although it
is good to know how a small subject group responds to a
treatment, little statistical power to these tests exists.
Testing a handful of subjects cannot lead to an accurate
representation of the experiment, as treatments or devices
will typically be used by thousands of patients and the
differences between individuals caused by biological di-
versity may affect the results. The benefit of biomedical
engineering is that it uses research-driven, scientific
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method-tested hypotheses (later facts) and builds under-
standing of different issues on them.

Research ethics is currently becoming the focus of
attention as advancements in science are more in the
public spotlight (7). This attention not only recognizes the
achievements, but also brings some of the more pressing
issues to the surface in the debate on research ethics,
which is apparent in the new problems that develop with
science and its interaction with the business world. The
thrust and pressure to produce, the competitiveness of
academic science, and the fast pace of discovery has led to
added issues and the need to focus on the integrity of how
the science is done (7).

Research is the art of investigation whereby an indivi-
dual acquires knowledge. The nature of this knowledge
influences the type of research (experimental, literature,
survey) that needs to be conducted (i.e., you cannot learn
about a major historical event by performing an experi-
ment, you must read about it). This chapter will focus
primarily on experimental research, because, as biomedi-
cal engineers, the majority of the research performed is
experimental.

What constitutes good research? Good research is
research that has been conducted according to the scien-
tific method, with a hypothesis being advanced and tested
by experimentation. The researchers make efforts to ob-
jectively evaluate the results of the research without
biasing the evaluations toward their hypothesis. Good
research does not mean that the results obtained from
experimentation are the desired results or even the an-
ticipated results, but that the actual results obtained are
interpreted properly and reported to the scientific com-
munity through publication in peer-reviewed journals
(8,9).

Research ethics are the threads that hold the fabric of
scientific inquiry together, without ethical research,
science itself begins to unravel. The fundamentals of
research ethics are relatively simple, but very essential
nonetheless. The fundamentals of research ethics include
conducting experiments according to the scientific
method, accurately reporting the results of these experi-
ments, and presenting the work, without plagiarizing
others. As a scientist or engineer, an individual is required
to follow the scientific method while conducting experi-
ments, which requires the investigator to maintain a
neutral position toward any anticipated results and to
deliberate over unsatisfactory results before going ‘‘back
to the drawing board.’’

Why is research ethics needed? Research ethics is
needed to maintain the integrity of science—without
research ethics, scientists would be able to advance their
hypothesis as theories, without any data to support them.
Integrity is one of the main pillars of scientific inquiry and
the maintenance of integrity helps the public maintain
their faith in science (9). Research ethics is very important
to maintaining public support for science, as most of the
population does not understand the research being con-
ducted by scientists and has to ‘‘take our (the scientist’s)
word for it.’’ The lack of scientific knowledge in the general
population causes distrust of scientists and without re-
search ethics providing science with a check on bombastic

theories, the public perception of science would be sig-
nificantly worse.

Biomedical engineering research has many complex
facets that are unique to it while also having similar
issues faced in other areas of experimental research. It
faces issues such as falsification of data, authorship,
conflict of interest, as well as animal and human trial
and stem cell research. An overview of the ethical issues in
biomedical engineering research will be presented.

3. RESEARCH MISCONDUCT

When a researcher begins to anticipate a specific outcome
and disregards other possible results, the scene is set for
misconduct. Some of the most grievous cases of research
misconduct have been caused by the desire to achieve the
anticipated results. The state of academic competition for
positions and prestige can cause researchers to operate
from a state of survival, making it easy to compromise
their personal integrity, which can occur when a principal
investigator (P.I.) proposes a theory that he/she feels
strongly about and delegates the experimentation off to
one of the lab technicians or students working in the
laboratory. In a desire not to displease the P.I., to save
time, or any other reason, the individual conducting the
experiments either performs the experiments without
achieving the desired results or does not perform the
experiments. The ‘‘experimenter’’ may then decide to
take a short cut and back-calculate the data from the
desired results, which is one of the worst cases of research
misconduct because of its blatant disregard for the sacred
nature of the data. Another problem in research occurs
when the scientific method is followed, but the results of
the experiments are not reproducible in other labora-
tories, which can lead to questioning of the actual verity
of the research or a third issue, which occurs when data is
misinterpreted giving rise to a ‘‘revolutionary discovery’’
that is later proven not to exist. Although these funda-
mentals of research ethics appear very straightforward,
they can get lost in the selective publication of good results
(no one wants to publish/read poor results or something
that did not turn out as planned) and the competitive
nature of academia.

According to the NSF, research misconduct has been
defined as ‘‘fabrication, falsification, plagiarism, or other
serious deviation from accepted practices in proposing,
carrying out, or reporting results from activities funded by
NSF or retaliation of any kind against a person who
reported or provided information about suspected or al-
leged misconduct and who has not acted in bad faith’’ (10).
Research misconduct has many different faces. It is one of
the most problematic drawbacks of science that may
repeatedly occur, especially in the current modern aca-
demic environment where tenure is given based on pub-
lications and prestige is garnered from quantity of
publications.

NSF has devised various actions that are followed
when someone is reported to be involved in research
misconduct. In many cases, barring severe instances of
research misconduct, the actions usually go unnoticed. As
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ethical scientists, how do we address cases of research
misconduct going unnoticed? Granted, although these
cases may not be as severe as cases that are fully
investigated and deliberated, these cases are still impor-
tant, because even if a misstep is not investigated, it still
sets a poor example for the young researchers working on
the project.

Various actions exist that the institution that employs
the scientists, in addition to their research group, that the
NSF must make in regards to investigation of their
research misconduct. They can appeal, but it is a difficult
process to undertake. Various schools have used lecture
series to try to improve researcher responsibility by
addressing ways of conducting ethical and responsible
research. Ethical and responsible research has many
different components focused on integrity. Integrity is
the key to science, as everything is built in a sequential
manner, one advancing another’s work and so on (9).
Despite efforts to help curb research misconduct, planned
misconduct surveys have been met with very stiff resis-
tance (11). Despite the various government agencies’
desire to understand and investigate why misconduct
occurs, various organizations such as AAMC and FASEB
have opposed such action, pointing out that the scope of
the survey may be too broad and trying to deal with a
clearly defined definition of research misconduct (11). The
authors feel that these organizations should support this
survey, because even if certain survey questions do not
exactly target research misconduct, they address practices
that accompany it and any statistical information based
on this data might be helpful for taking corrective action
in the future.

Self-policing is an important issue in research miscon-
duct. It allows universities and other institutions to keep
their programs at the highest level without encountering
federal oversight, which is important for reinforcing pub-
lic confidence in science and is always a difficult practice to
perform, but such a practice can make things much
simpler for the interaction outside of the university.
Authorship and plagiarism are major research misconduct
issues. Doing research poorly is one thing, but taking the
results of someone else and presenting them as your own
is another. Both of these offenses are serious; however,
plagiarism and derision of authorship are most egregious
offenses. Especially in the current environment using
computers and ‘‘cut and paste’’ technology, plagiarism is
an easy to accomplish task. However, it is also relatively
simple to monitor for the same reasons. Programs can be
setup to detect certain passages of cut and paste text in
different works, allowing much time to be saved (12).

3.1. Authorship

Authorship entails accepting responsibility for the experi-
ment and analysis presented in an article or the opinions/
thoughts published in a book. Authorship is a major factor
in determining tenure and other positions of prestige in
the academic and scientific worlds. Despite the positives of
authorship, many associated negatives exist of which the
author must be aware. Any instances of research miscon-
duct or other unethical practices discovered in the review

of the paper or after the paper’s publication reflect back on
the author. Authors may later be excused from the charges
if it is determined that they did not have a role in the
alleged infractions, but authors for a publication involved
in research misconduct can tarnish a researcher’s career.
Authorship causes the author to be accountable for the
ideas put forth in their work. If someone is unsure of the
work or wants to debate the analysis at a conference per
se, they discuss the findings with the author.

Authorship is generally determined in various ways,
according to the conventions of the field in which the
research is occurring. Some fields list the authors in terms
of amount of contribution to the final piece, whereas other
fields list the authors with the author providing funding or
head of the research group as the last author. Conventions
with determining authorship can also be altered to the
benefit of the authors (i.e., to reach a certain number of
publications for tenure or to be the lead author on more
prestigious works).

Disagreements over authorship are common in scien-
tific research, as the importance of authorship in achiev-
ing professional recognition makes it a more controversial
topic. Often, the collaborators on a published article do not
elucidate the ordering of the authors on the final work
before work begins, which can create hard feelings as the
work progresses if a collaborator feels that they are being
snubbed for the work that they have contributed. Other
disagreements over authorship can stem from an indivi-
dual(s) providing most of the work on a topic without
getting the first listing in the naming of authors, usually
because of a superior’s interests in retaining or enhancing
their professional image. What is the correct answer when
a conflict over authorship develops? The persons directly
involved in the confrontation cannot resolve the matter
(because of their proximity to the issue), therefore judg-
ment must be deferred to some supervisory person who
then mediates as constructive a solution as possible under
the circumstances (13). Mutual agreement about author-
ship on publications that result from a study is best
negotiated at the outset of the work (13).

4. CONFLICT OF INTEREST

Conflict of interest is a difficult issue to deal with in the
scientific world, particularly in research and medicine. As
scientists and engineers, we would ideally want to be
conflict-free, but because this is an impossible proposition,
we must understand how to effectively address our con-
flicts of interest. Conflict of interest issues are particularly
visible in biomedical research and can include selection of
treatment, peer review, and industrial support for re-
search. Other factors involve financial and economic op-
portunities, as well as conflicts of interest in conducting
objective research (1,14). The fields of science and ethics
are themselves changing with increased awareness of the
need for appropriate treatment of animal and human
subjects in research pitted against the demand for more
rigorous unbiased test results (1).

As a result of the numerous conflicts of interest faced by
researchers, disclosure of funding sources and possible
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conflicts of interest on publications has become more
prevalent. Controversy over conflict of interest issues
raised by corporate sponsorship has led to editorial re-
quirements to disclose funding sources on publications
(15). Still, useful guidelines must be developed for inter-
actions between corporations and researchers that leave
the integrity of the research intact (1). Disclosure has
become a point of conflict in research as well because it can
be difficult to discern ‘‘where to draw the line’’ on what to
disclose. Some publications have previously not just in-
cluded disclosure of funding sources but any associated
financial interests, intellectual passions, and even sexual
orientation or religion (16). This policy has created con-
troversy because it shifts attention away from the content
of the research and encourages ad hominem evaluations
(7). Affiliations need not compromise professionalism,
especially if the researcher maintains a high ethical level.

4.1. Selection of Treatment

Although not primarily a biomedical engineering issue,
selection of treatment is an important issue to be aware of,
especially in the commercial world of modern medicine.
Biomedical companies exist to provide treatments and
technologies to medical professionals for use on patients
from the general public. It is important to consider the
ultimate consumer of the treatment or device (13).
Although the common thought may be that the ultimate
consumer is the patient, they are only the recipient of the
treatment or the device. The patient has no background to
support intelligent selection of a surgical implant or
treatment from among the myriad of available options
(13). The patient is often referred to the appropriate
practitioner to address the malady that they are experien-
cing. Although it is fading, the paternalism common in
medicine is most evident in this type of situation, with the
patient likely knowing little, if anything, about their
potential treatments. The practitioner who personally
treats the patients is the real consumer, as they will
make the important decisions and recommendations to
their hospital, which will determine whether the device is
successful in the marketplace (13). It is in the practi-
tioner’s vested interest to provide the most efficient,
effective, and pleasing care that they can (13). If the
influences of financial aspects, such as personal relation-
ships with biomedical companies and personal benefits for
the use of specific treatments, begin to enter into the
decision of optimal treatment for the patient, the patient
may receive compromised care.

4.2. Peer Review

The majority of journal articles and grant proposals are
evaluated with peer review. Peer review is a method
whereby a panel of reviewers knowledgeable in the area
of research being presented evaluates the quality and
merit of the paper or proposal. As the specificity of
research areas in science and medical journals increases,
fewer experts are available in these more specific areas,
leading to potential personal conflicts of interest. Unscru-
pulous experts reviewing journal articles and grant pro-
posals have the ability to hinder the success of others,

which undermines the cooperative nature of science, but
may occur because of intense academic competition for
prestige and research money. Even the delaying of the
printing of an article or excessive requests for revisions
can be classified as misuse of the peer review process if a
malevolent intent is present. The demand of the reviewers
to monitor themselves and a lack of any other method to
determine the merits of submitted journal articles gives
rise to the potential for misuse.

As opposed to delaying or hindering the research of
others through peer review, the reviewers can also face a
conflict of interest because of the communication of in-
formation. Grant proposals are typically held with a
degree of confidentiality and may contain information
that the reviewer is unaware of or presented in a unique
manner. The reviewer is obligated to not retain knowledge
of the items contained in these documents. The use of
knowledge retained from grant proposals for personal
benefit is a breach of the reviewer’s position for personal
gain and could constitute intellectual property theft.

4.3. Industrial Support for Research

As a result of the large amount of industrially sponsored
research, particularly in the biomedical field, how do
researchers obtain funding for their research while main-
taining their scientific integrity? Varying agreements ex-
ist between industrial sponsors and the researchers they
fund, with some companies insisting on the right of review
before experimental data is published. This area has
become a complicated subject recently with the awareness
that several companies have suppressed data and trials to
help speed the regulatory process, which, in the end, puts
the patient at a greater risk if clinical trials and other
testing are not thoroughly conducted.

The successes of biomedical research have lead to
increasing growth in the field. Demand and intensified
activity have not only led to an increased need for research
funding, but also exploration of nontraditional sources of
research support (1). As a result of the increasing need for
funding and the relatively constant level of government
funding, government funding alone cannot meet the needs
of academic researchers. Private sources of funding, in-
cluding nonprofit organizations and industry, have filled
the funding void left by government funding. Private
sources for funding are prominent in the biomedical
engineering field, with the notable example of the Whi-
taker Foundation, which helped to launch biomedical
engineering programs at several universities and has
also provided additional grants to students and research-
ers. Despite the existence of nonprofit foundations, the
majority of funding from private sources comes from
industry. Although industrial support for research has
helped to fill the funding void, it brings associated ethical
concerns for the biomedical researcher. Concern over the
influence of business interests on scientific integrity has
been expressed. Increasingly, industry and profit motive
have become more involved in scientific research, alarm-
ing the consciences of many (7).

The interaction between industry and academia has
been a symbiotic relationship. Industry supplies academia
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with research funding and academia supplies industry
with product testing and new product development, with-
out the need to maintain an extensive research and
development division. Unfortunately, despite the benefits
of the interaction between academia and industry, major
drawbacks exist. The primary drawback is that the com-
pany providing industrial support for research expects to
see good results from the testing. It creates a difficult
situation for researchers to accept funding from an orga-
nization, then publish information that may not be in the
best interests of that organization (17).

The influence of industrial sponsorship on research is
evident in many ways, from altering the focus of the
research to the suppression of negative results. An exam-
ple of a researcher altering their research aims because of
industrial funding can be seen with the case of Jose
Sabate. Sabate was a Loma Linda researcher who theo-
rized that a diet high in nuts and low in fat could cut
cholesterol (18). He chose to bypass the lengthy and
laborious process of applying for government support
and decided to turn to industry for support. The California
Walnut Commission provided him with funding for his
research. The funding helped Sabate obtain results that
were published in The New England Journal of Medicine.
The influence of Sabate’s funding source was apparent as
the study focused only on walnuts, as opposed to the
original hypothesis that applied to all nuts, which sug-
gests that the source of funding influenced the published
outcome of the study, in spite of the undeniable value of
the work. This issue is difficult for a researcher to con-
sider—do they explore the more laborious route of apply-
ing for government funding, which gives the freedom to
conduct the proposed research thoroughly, or do they look
to industry for funding, knowing that the proposed re-
search may be altered by the funding source?

Although the preceding example illustrates the influ-
ence that a funding source can have on research objec-
tives, a far more serious case involves the suppression of
negative results or data on a product. As a result of the
lengthy approval process required to bring a new device or
drug to market, biomedical companies may pressure
funded researchers to suppress data that does not support
their product, which creates an ethical dilemma for the
researcher. The researcher is obligated to protect public
safety by thoroughly conducting research and reporting
results. The obligation to protect public safety supercedes
company loyalty, but the researcher should consider pos-
sible solutions to the problem that may best meet their
responsibilities to all affected parties (1). Ethics is a
complex field, where individuals attempt to determine
the best course of action in a given case, with many
possible right answers. Although wrong answers clearly
exist, the challenge is to find the ‘‘best’’ right answer. In
the case of suppressing negative results, a researcher has
been asked to do something that violates his responsibility
to scientific integrity and to public safety (1). Suppression
of data is illegal, especially in medical research that will
directly affect the public. What must the researcher do?
One possible answer may be to inform the company about
the legal and ethical concerns raised by the order to
suppress data, which would give the company an oppor-

tunity to retract the order, thus possibly satisfying all
allegiances. If the order was not retracted, there could still
be other options before the engineer directly ‘‘blows the
whistle’’ on the company, for example, going through the
channels of the organization (1). Ethical problem-solving
treats the situation as a practical matter that requires a
solution, with the goal of determining a plan that best
addresses all conflicting loyalties and obligations (1). This
process is difficult as the best right answer often takes
serious contemplation and consideration.

Despite the breach of ethics involved in suppressing
negative results, it occurs commonly in sponsored re-
search. Motivated by recent recalls of hip implants, re-
searchers at Scripps Clinic in La Jolla, CA analyzed a
year’s worth of articles in the Journal of Arthroplasty and
the Journal of Bone and Joint Surgery, plus 568 presenta-
tions from the same year, and found that commercially
sponsored research is almost never published or presented
if the findings are anything but positive (17). The results
of this study found that 87% of the commercially spon-
sored studies reporting good results and only 3% reporting
mediocre/bad results, contrasted to the results from non-
sponsored studies, which had 35% reporting good results
and 34% reporting mediocre/bad results (17). This data
could explain why many faulty hip implants were im-
planted before device flaws were acknowledged. Many
biomedical companies view studies that report negatively
on a product to be bad for business and as a potential
complication to pass through FDA regulation. Although
negative reports on products may not be welcome, they
help to protect the patients receiving the product. Cen-
terpulse, formerly Sulzer Medica, paid out more than $700
million in 2002 to settle a class-action suit filed by
recipients of defective Sulzer hip and knee implants (17).

The Scripps Clinic researchers suggested monitoring
the commercially funded studies selected for publication
or presentation and advised practitioners to make them-
selves aware of the funding sources for the research on
which they base their clinical decisions (17). Researchers
dependent on manufacturer funding need to weigh the
ethical issues posed by their research and should act in
the best interest of the public. Unfortunately, risks not
taken by researchers to ensure that data is accurately
presented are passed on to patients.

5. DEVELOPMENT AND REGULATION OF NEW
PRODUCTS

The development of new products is one of the primary
aims of biomedical research. The rise of biomedical com-
panies has turned medicine into big business. To ensure
that the new products developed meet safety and efficacy
standards to allow public distribution, the Food and Drug
Administration (FDA) reviews the product and its testing
data. The FDA reviews all biomedical devices and drugs
before they reach the marketplace. FDA review of a new
product is usually the most time-consuming and expen-
sive part of new product development.

The development of biomedical products is consider-
ably more involved than other engineered products simply
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because knowledge is still being gathered about biology
and the interaction of different materials and drugs with
the body (1). The possibility of potentially unknown con-
sequences requires new products to be tested in animals
and humans before they reach the market. These tests are
expensive, and the expense increases as the number of
variables tested and subjects increases. Even with the use
of animal and human tests, it is possible to have unex-
pected consequences because of biological variability (i.e.,
although humans are fundamentally the same, each one of
us possess a multitude of genetic and biological varia-
tions).

As with any other business, profit is the key—the
expense of product testing and regulatory review causes
biomedical companies to favor products that have a po-
tential for high return on investment (1), which creates
other side issues, such as older versions of a product
remaining on the market despite the ability to make a
technologically superior device and the neglect of orphan
diseases or diseases that affect a small amount of the
general population (and therefore, have a small or nega-
tive return on investment).

As biomedical research is conducted, new discoveries
and treatments are formulated. As a result of the great
complexity of the human body, it is impossible to thor-
oughly test a new product or treatment in vitro. Advances
in computer and biological simulation allow for increased
modeling, but these models cannot account for all of the
numerous variables present in the in vivo environment.
New products and treatments must be tested in vivo in
animals and humans to ensure the safety of the treat-
ment. What are the ethical issues present in these trials?
The researchers must maintain a respect for life and treat
the test subjects as humanely as possible, without letting
the test subjects suffer unnecessarily. These ideals are
enforced by government agencies designed to protect hu-
man and animal test subjects. These ideals have been
starkly contrasted by the atrocities committed by the Nazi
doctors who performed cruel experiments on prisoners at
concentration camps. These doctors were deluded by Nazi
propaganda and thought that their test subjects had a
subhuman moral standing. The development of new treat-
ments proceeds from the discovery to the in vitro experi-
ments, then on to in vivo trials, first with animal test
subjects, then with human subjects. After the entire
testing process is completed, the new treatment is sub-
mitted to the FDA for review.

5.1. Animal Experimentation

Animal experimentation is critical to biomedical research.
Animals are used for testing new materials and devices,
researching new treatment methods and techniques, and
for teaching anatomy and surgical procedures (1,9,19–21).
Despite the wide ranging use of animals in biomedical
research, groups have protested animal experimentation.
The ethical issues regarding animal experimentation and
alternatives to experimenting with animals will be dis-
cussed.

The major issue regarding experimentation with ani-
mals is the moral standing of animals as other living

creatures. Some have voiced the opinion that animals
have a moral standing equal to humans, with the same
rights and values. This issue is difficult to address because
of the subjectivity of determining moral standing. Various
criteria have been used to determine grounds for assign-
ing degrees of moral standing, such as intelligence, ability
to feel pain and pleasure, social interaction in a given
species, resemblance to humans, position on the evolu-
tionary ladder, and whether particular animals have been
pets or even belong to a species commonly used as pets (1).
Another method for determining moral standing is based
on the degree of differentiation in the animal, with in-
creased differentiation meriting a higher moral standing
(21). According to the differentiation criteria, humans
have the highest moral standing, followed by primates,
and then mammals in general. Although the moral stand-
ing of animals has been debated with respect to animal
experimentation, it must be remembered that animals
have been used by humans in various manners through-
out history, including as sources of food, clothing, trans-
portation, sport as in hunting and fishing, and beasts of
burden (22). By considering animals to have an equal
moral standing to humans would essentially be stating
that the health and survival needs of human beings would
provide no moral justification for inflicting harm or risks
on animals. This point of view leads to the inevitable
conclusion that human beings are not justified in exploit-
ing animals for human benefits. All of these factors
present a case against which to weigh the benefits of a
given study and the possibility of achieving the same or
acceptable goals by any other means. Animal rights
activists have protested the use of animals in biomedical
research, with some groups resorting to violence toward
researchers and vandalism of research labs.

The primary ethical issue with the use of animals in
experiments is the proper and humane treatment of the
test subjects. Experiments with animals must be con-
ducted with respect for the animals used, with every effort
made to ameliorate their pain or suffering. The only
exceptions to this are in the cases where administering
anesthetic or other pain relievers would alter the results
of the experiment. In these cases, the animals used must
be closely monitored (21). Researchers should make every
attempt to limit the number of test subjects used and
should coordinate with other researchers in their facility
to see if animals can be shared, as opposed to using two
animals, where one would suffice (21).

Another ethical issue concerning animal experimenta-
tion is the need for testing in animals and alternatives to
it. With the current advances in computer simulation and
in vitro biological testing, it may appear that no need
exists to use animal test subjects. Despite these technolo-
gical advances, the in vivo environment cannot currently
be modeled effectively, causing the need to rely on animal
test subjects (19). However, animal test subjects should
only be used when no other method to obtain the informa-
tion exists.

The underlying dependence on animal experimentation
to test new biomedical products stems from the anatomi-
cal and physiological similarities between animals and
humans. As a result of the evolutionary conservation in
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biology, many biological structures and systems are com-
mon between basic animals and higher animals. Re-
searchers must attempt to use the lowest possible test
animal on an evolutionary scale for initial in vivo research
and then advance to other higher animals. The conven-
tions for determining the ranking of an animal were
outlined previously.

Another factor that has become prevalent recently,
specifically in the area of cell biology and genetic research,
is the use of genetic knock-out animals. These animals are
selectively bred to have a specific gene or trait ‘‘knocked
out’’ and allow the creation of an experimental animal,
which can be compared with the control, wild-type animal.
The use of mice in knock-out experiments is prevalent
because of their small size, high breeding rates, and
relatively short gestation period. Another relevant factor
in the choice of test animals for an experiment is the cost
of the animal. With the limited amount of funding re-
searchers have to conduct trials, the funding must be used
prudently. Even comparing two similar animals, mice and
rats, a considerable cost difference exists between the two,
with the rats being more expensive.

Some have suggested recently that animal models are
not sufficient to model the in vivo environment of the
human body, because of numerous factors, including dif-
ferences of size between the test animal and humans and
various special peculiarities. Although not the current
popular train of thought, it is an interesting view. How
can the researcher accurately determine the effects of a
treatment (i.e., cardiovascular stent) when the device
must be miniaturized and exposed to potential different
conditions than it would experience in the human body?
Supporters of this view claim that the only animals that
are highly similar to humans are baboons, but as pri-
mates, every effort should be made to limit their use in
animal experiments. If animals are deemed not to be
adequate models, as this view states, how will new treat-
ments and devices be tested? There would be a greatly
increased reliance on in vitro testing, with new tests likely
being developed in order to ascertain as much information
as possible before moving on to clinical trials. Clinical
trials undertaken without preceding animal experimenta-
tion may have greater risks associated with them, as they
have not been tested previously in an in vivo environment
with its numerous variables. Although it is likely that this
testing route would be sufficient for testing new biomedi-
cal treatments, it is currently unlikely that it will be
implemented, because most researchers rely on animal
experimentation.

5.2. Clinical Trials

Clinical trials, or trials with human test subjects, are the
final testing stage for a new product before it is submitted
to the Food and Drug Administration (FDA) for review. By
this stage in testing, the majority of variables have been
tested both in vitro and in vivo (animal experiments).
Before the new product can be released to the market, it
must be tested in human subjects to determine if any
potential adverse reactions exist. Although any experi-
ment involving living organisms should be done in most

humane method possible and with the fewest possible
subjects needed to produce good results, human test
subjects require an even greater level of care. The re-
searcher must be cautious to respect the autonomy of the
test subjects and not use them as a ‘‘means to an end.’’ Test
subjects must give informed consent before beginning
experiments and must be allowed to withdraw from the
study at any point in time.

The historical roots of medical research were primarily
based on experience and observations. These research
practices have continued to the current day, as illustrated
by anecdotal observations published in medical journals,
but not in engineering journals. Although the methods of
scientists and engineers emphasize the pursuit of knowl-
edge and accuracy of claims, practicing physicians have an
additional compelling concern—providing the best care to
an individual patient (therapeutic alliance), which is
understandable as trust and confidence is placed in the
physician who is expected to be the ally of the patient.

Clinical trials have many aspects that the investigator
must address to ensure ethical treatment of the test
subjects. How and when to obtain informed consent for a
study, the design of a termination strategy into a clinical
trial to protect the patients, the right of self-determination
of individual patients in their medical care, and the need
to have accurate assessment for safe and effective care of
larger numbers of people are all important considerations
in the design of a study (1).

The biomedical engineer must thoroughly plan the
trials and they must be reviewed by the engineer’s in-
stitutional review board (IRB) for human subjects. The
IRB is a required committee for all institutions performing
experiments on human subjects. The IRB closely oversees
the planning process and the conduct of research to ensure
strict adherence to ethical standards (1,9). Researchers
can work with the IRB at their institution to improve
experimental design and ensure that proper guidelines
are followed, which will likely allow the research proposal
to be approved quickly by the IRB. Interaction with the
IRB is important because each study must be examined
individually because rigid guidelines cannot be broadly
applied. The studies will need to be examined individually
in terms of value of the knowledge, available avenues for
obtaining it, risks involved to the patient subjects, the
informed consent problems and their impact on the study,
and justifications for violating the therapeutic alliance.

Informed consent is a fundamental issue in clinical
trials. Informed consent involves a description of the
research and the potential hazards to the test subject
that may be encountered during the trial (8,9,23). In-
formed consent releases present the ‘‘pros and cons’’ of the
trial to the potential test subject and allows the potential
subject to determine if they would like to participate in the
trial. It is critical that the researchers involved with the
clinical trial do not attempt to persuade or deceive poten-
tial test subjects to join the trial. The researchers must put
the informed consent release into language that is easily
understood by their potential test subjects. Extra care
must be taken by the clinical researchers when working
with potential test subjects who may have difficulty under-
standing an informed consent release. Groups requiring
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extra care with regards to informed consent include
children, mentally handicapped, illiterate, or persons of
foreign descent (language of the release is not in their
primary language). The IRB can be helpful in assisting
researchers with developing suitable informed consent
releases for these previously listed groups. The research-
ers must not try to present the informed consent release
and ask for a decision on joining the study immediately.
The potential test subject should be allowed to bring the
release home to review and discuss it with family mem-
bers or others before giving their consent.

As the observations of the researcher dominate clinical
research, the use of double-blind clinical trials has become
more popular recently. Double-blind clinical trials involve
the separation of the researcher from directly having
knowledge of which patients are in which test groups
(i.e., variable or control) (1,8,22,23). This method prevents
any researcher favoritism toward certain test subjects and
allows the trials to be more statistically robust. Test
subjects are randomly assigned to the test groups. Neither
the subjects nor the researchers have knowledge of which
group the subjects been assigned. The debate over rando-
mized double-blind clinical studies, and if and when
studies should be discontinued when there appears to be
evidence demonstrating substantial advantage or harm, is
an attempt to resolve the often conflicting demands of
scientific evidence and the obligations of the therapeutic
alliance (1,8,22,23). Therapeutic alliance requires that a
patient should receive the best treatment available for
their ailment, but informed consent allows the researcher
to bypass some of the obligations of the therapeutic
alliance. Although informed consent allows the researcher
additional latitude with the therapeutic alliance, the test
subjects must be protected from excessive harm. Re-
searchers should design a plan for termination of trials
if test subjects are being harmed.

Biomedical companies look to reduce costs at every
opportunity and one of their major costs is clinical trials,
which has led to a shift of medical experiments by U.S.
entities overseas, where bureaucracy is less rigorous,
patients are more eager to enroll, and costs are signifi-
cantly lower (24). International clinical trials have raised
ethical concerns about the protection of human subjects.
Even though patients in foreign countries are being used
as test subjects in these trials, they are not receiving the
same benefits from participating in trials, as illustrated by
the sponsor not marketing the product locally in 33% of
successful clinical trials overseas (24). In the United
States, patients participating in clinical trials for a new
product continue to receive it after the conclusion of the
trials either through the market or by applying to special
programs (24). Sponsors should be required to market the
new drug in the country where the trial was carried out
and to do so considering local economy, health-care cover-
age, and purchasing power (24).

The increasing use of international clinical trials cre-
ates an urgent need for international consensus on ethical
guidelines for entities conducting clinical experiments
overseas (24). Guidelines must cover all phases of a trial,
from the design to the follow-up and through the review
process. These guidelines should be internationally applic-

able and protect test subjects whenever clinical trials are
conducted internationally. The guidelines must have sup-
port from the international community and appropriate
penalties for breaching the guidelines, as opposed to the
recommendations provided so far. Compliance with these
international guidelines must become a prior binding
condition for the approval of any study proposal, consti-
tuting an important step taken against scientific capital-
ism and ethical relativism, and in general, toward a fairer
world (24).

Major pharmaceutical and biomedical companies have
been in the spotlight for ignoring or not reporting clinical
trial data. This topic was previously alluded to in the
section on conflict of interest. Recent findings have af-
fected drugs such as Vioxx and Paxil, in addition to others,
leading to the removal of the drugs from the market or
fines for the companies producing the drugs. Merck,
makers of Vioxx, removed Vioxx from the market after
fatal side effects were noted. Merck was aware of these
issues with the drug before it went to market. GlaxoS-
mithKline (GSK) was charged with fraud in selling drugs
for children, because they understood the clinically docu-
mented risks of suicide among youthful users of its anti-
depressant Paxil. GSK agreed to pay a $2.5 million fine
and provide public web access to clinical trial results from
all of its marketed medicines, noting that it paid the fine
simply to avoid the costs and time required to defend
against the charges (25). The FDA review of the antide-
pressant Paxil found that children taking it had higher-
than-expected rates of self-harm. Paxil’s maker, GSK,
released a batch of unpublished studies that suggested
that Paxil was effective in treating their depression and
GSK’s published study on Paxil in depressed youngsters
had suggested that it worked (26).

Congress has become concerned with this issue, leading
to some members calling for the creation of a mandatory
public registry for the public to track clinical studies (26).
The proposed registry would require that all clinical
studies be described publicly at their inception and that
results be added when a trial is complete (26). Efforts have
been made to improve clinical reporting and to hold
biomedical and pharmaceutical companies accountable
for accurately reporting on their products. The proposed
registry will demand disclosure of a trial’s objectives,
timeline, eligibility criteria, and funding sources and will
require that results are promptly released (26), which
coincides with an international consortium of medical
journals announcing that it would only publish results
from clinical trials that were publicly registered when the
trial began, to help guard against the ‘‘publication bias’’ (a
tendency to trumpet good results and bury the bad) that
clinical research suffers from (26).

6. STEM CELL RESEARCH

Stem cells are a prominent area of biomedical research in
society currently. Stem cells refer to cells that can self-
renew indefinitely and differentiate into one or more
specialized cell types (27–29). Every cell in the body
‘‘stems’’ from these cells, hence the name stem cells (30).
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Despite the typical association of the phrase stem cells
with embryonic stem cells, multiple types of stem cells
exist. Stem cells are primarily divided into embryonic and
adult (or somatic) stem cell classifications, based on
developmental stages. Stem cells are also classified by
their ability to differentiate into other cells. Three classes
exist, which include totipotent, pluripotent, and multi-
potent. A totipotent stem cell can grow into an entire
organism, whereas the pluripotent and multipotent stem
cells cannot. The pluripotent stem cells can differentiate
into cells derived from any of the three germ layers, and
multipotent stem cells can only become limited types of
cells. Adult stem cells are undifferentiated cells found
among differentiated cells of a specific tissue and are
predominantly mulitpotent cells. Embryonic stem (ES)
cells are cultured cells obtained from the inner mass cells
of a blastocyst.

Rapid advances in stem cell research have occurred
during the past few years. Stem cells offer hope to finding
cures for various diseases and injuries including Parkin-
son’s disease, stroke, and diabetes. Stem cells are useful
because their versatility allows them to potentially be
used to repair and replace damaged human tissue. The
plasticity of ES cells fuels the promise of using them to
treat diseases and injuries. The remarkable pluripotency
and proliferative capacity of the ES cell potentially allows
an endless supply of terminally differentiated progeny of
any cell type (29). These differentiated cells can subse-
quently be harnessed for cell transplantation, gene ther-
apy, and tissue regeneration applications (29). ES cells are
exciting because of their plasticity and their ability to
develop into the tissue that they are placed in. ES cells
have the potential to cure various diseases, including
Parkinson’s, Alzheimer’s, juvenile diabetes, and heart
disease. ES cells are more plastic than adult stem cells,
giving hope that they will be able to cure currently
untreatable ailments. Despite their relative lack of plas-
ticity compared with ES cells, adult stem cells have been
important in treating approximately 100 different ail-
ments (31). The main disadvantage of adult stem cells
compared with ES cells is that they are fairly rare in
tissues and their isolation is complicated. Unfortunately
with ES cells, research is still in its basic stages and has
been slowed because the lack of funding by the U.S.
government.

Despite the promise of ES cells, major ethical issues are
involved with their use. The main point that complicates
this topic more than any other in biomedical research is
the debate over when life begins—does it begin at the
fertilization of the egg or during the development of the
embryo? This question is difficult to answer in the stem
cell debate between religious, legal, and ethical sides. ES
cells are obtained from a 5-day-old embryo called a
blastocyst, an approximately 100 cell mass that develops
from the fertilized egg cell (28,29,31). As ES cells are
obtained from a recently fertilized egg cell, some religious
groups and right-to-life groups have denounced the use of
ES cells. These groups consider the blastocyst to be a
human being and entitled to the same rights as any other
human being. With this view, the destruction of a blas-
tocyst to generate stem cells could be considered murder,

or at least taking life to heal life, which is contrasted by
the biologist’s views that life is a continuum that began
with the first life on earth. In this view, cells are cells and
can be manipulated as needed.

Although some groups feel that the rights of blastocytes
must be protected, how can this be justified to people with
incurable diseases that could be helped with ES cell
treatments? One of the biggest opponents of stem cell
research is the Roman Catholic Church. If one looks into
the history of the Roman Catholic church, they would
likely be surprised to find that the church’s hardline
stance against abortion (and subsequently stem cell re-
search) only began in 1917 (28). Previous religious scho-
lars including Saint Augustine and Saint Thomas Aquinas
stated that life does not begin at fertilization, but later in
pregnancy (28). Current science is finding data that sup-
ports these points. Among countries that allow ES cell
research, embryos can be used to generate stem cells until
14 days after fertilization, when the precursors of the
central nervous system begin to develop. Although it is
still unknown, the development of these structures is
believed to be associated with ‘‘ensoulment,’’ or the inte-
gration of the soul to the body (28). Although research is
lacking on it, it is believed that the developing embryo
cannot feel until further in its development.

Despite the conservative nature of the current U.S.
government and the lobbying of religious groups, federal
funding for research on some ES cells lines was made
available in 2001. President Bush’s justification for this
policy is that the blastocysts were already destroyed and
could therefore be used, but no more ES cells could be
generated. Unfortunately, this allowance is not the great
hope for researchers that it appears to be—the lines made
available were grown on mouse fibroblasts, contaminating
them and preventing possible implantation into human
subjects.

Although the United States has limited federal funding
for stem cell research, it is possible to proceed with
research using private funding, which, however, creates
difficulties for the researcher. If the researcher receives
any federal funding in their lab, they cannot conduct ES
cell research in any affiliated lab. In order to conduct ES
cell research, while receiving federal funding, the research
must establish a completely separate laboratory, as Dr.
James Thompson did at the University of Wisconsin (28).

An additional benefit to ES cell research is that the
embryos used to gather stem cells are often embryos that
are created in surplus from fertilization treatments. Sev-
eral thousands of surplus frozen embryos exist at fertility
clinics, often slated for destruction. The use of some of
these embryos would allow for the creation of additional
cell lines, which could be contamination-free and viable for
use in humans. In order to use these surplus embryos,
informed consent must be given by the donors. Despite the
desired use of these seemingly surplus embryos, oppo-
nents of ES cell research have taken the stance that every
embryo should become a child. These groups have even
brought in children born that were previously surplus
embryos in fertility clinics.

The ES debate has become even more interesting with
California’s decision to ignore the national ban and allow
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stem cell research, which allows for the United States to
retain some of its scientists that would otherwise leave the
country to pursue ES cell research in foreign countries
with more relaxed regulations. Other states are pursuing
similar actions to California, including New Jersey and
Wisconsin.

Although embryonic stem cells are an area of enormous
potential in medicine, there has been little research con-
ducted on them in the United States because of the
prohibitive political environment. Although the possibili-
ties of using ES cells for the treatment of various currently
untreatable diseases exist, the effectiveness of such treat-
ments is unknown and will remain so until the ethical
issues, particularly in the United States, can be resolved.

7. NANOTECHNOLOGY

Nanotechnology is an area of science concerned with very
small structures. It involves the study and use of materi-
als on the nanometer scale (1 nanometer¼ 1�10�9 me-
ters). Nanotechnology has been defined as the
manipulation of matter at the atomic or molecular level.
It is also defined as technology at a scale on the order of
less than or equal to B100nm. The size threshold for
nanotechnology is sometimes 150nm, but the difference
between nanotechnology and submicron technology is
unclear. The threshold size is a function of the targeted
property and system, where novel properties are exhibited
because of size (32). This threshold size discrepancy is also
caused by the large amounts of funding available for
nanotechnology objectives—researchers may add the pre-
fix nano- to their work to increase the chances that it may
be funded.

Nanotechnology is typically defined at a scale on the
order of less than B100nm. This size is important be-
cause, at this scale, materials may behave quite differently
than their macroscopic forms. Matter possesses unique
properties at these size levels that are neither Newtonian
nor quantum, but between the two regimes. Some of these
properties include high surface area, increased or de-
creased strength, unique optical properties, altered heat
or electrical conductivity, and particles may behave as
waves. These novel physical properties derive from the
importance at these scales of physical phenomena that are
less obvious for larger objects, such as quantum me-
chanics, strong surface forces, and Brownian motion.

Nanotechnology may appear to be a very new area in
science. Although it has recently sprung on the scene in
science, it has been present in society for thousands of
years. Some examples of ‘‘old nanotechnology’’ include the
production of carbon black, the Lycurgus Cup, and med-
ieval red-stained glass. Carbon black has been produced
for thousands of years and is used as a black pigment for
inks and paints (32). The Lycurgus Cup is a Fourth
century Roman masterpiece (32,33). It is a glass cup
with silver and gold nanoparticles suspended in the glass.
The nanoparticles are approximately 60–70nm in dia-
meter and cause the glass to exhibit dichronism, or the
display of two different colors because of variations in the
light source (33). Reflected light shown on the cup pro-

duces an opaque green color, but light shown internally in
the cup and transmitted through the glass produces a
bright red glow. There has not been many other Roman
pieces like this recovered. Medieval red-stained glass
dating to the tenth century contains gold and silver
nanoparticles in a similar fashion to the Lycurgus Cup.
Nanoparticles have also been created throughout history
as byproducts of cooking, burning, and vehicle exhausts.

Nanotechnology is a very broad and interdisciplinary
field with many current and potential applications. Nano-
technology is becoming increasingly common in commer-
cial products. Current applications of nanotechnology
include uses in sunscreens, fungal sprays, fabrics, coat-
ings, paints and primers, and in stainproof or waterproof
textiles. Titanium dioxide nanoparticles can be currently
found in cosmetics and sunscreens. The particles are
transparent on the skin and absorb and reflect ultraviolet
rays. These same titanium dioxide nanoparticles can be
layered onto the surface of glass to make self-cleaning
windows. These windows repel water and use sunlight to
break down dirt, which is washed away by rain water.
These two examples illustrate how altering the applica-
tion of the same nanoparticles can change their proper-
ties. The ability to use the same material in different
applications as illustrated above will help expand the
palette of materials that are available.

Current research in nanotechnology is wide ranging.
Some applications being researched include ‘‘dynamic
armor,’’ a strong, protective clothing for soldiers, probe
drive memory devices, nanowires and nanotubes, diag-
nostic laboratory-on-a-chip to monitor general personal
health, energy and energy storage, and coal liquefaction
(34–38). Nanowires have remarkable optical, electronic,
and magnetic properties, leading to the hope that they will
be useful in storing computer data (39). Carbon nanotubes
are very fine tubes that are stronger and lighter than steel
with many potential applications. Applications of nano-
technology in energy and energy storage will help society
transition from fossil fuels to alternative power sources.
Low-cost nano-based films in photovoltaics can capture
more of the sun’s light, giving hope to increased use of
solar power (36). Carbon nanotubes show potential for use
in super-electric batteries and hydrogen storage, improv-
ing the odds that hydrogen fuel cells could replace fossil
fuel engines. Coal liquefaction is a process whereby coun-
tries that are coal-rich and oil-poor can manipulate coal to
produce a clean burning diesel fuel (38), which is a
particular issue for transportation, as most countries
depend heavily on imported oil for transportation, but
not power generation. This process uses nanocatalysis to
make a clean burning fuel for transportation.

Nanotechnology is an exciting area in many diverse
fields, none more so than biomedical engineering. The
epitome of ‘‘bottom-up’’ processing technologies is pro-
vided by biology. Nanotechnology is thought of as a
physical science, but cell biology operates on the same
size scales. The nanoscale devices that carry out the
functions of living cells—the ribosomes that synthesize
new proteins according to the blueprint provided by DNA,
the chloroplasts that harvest the energy of light and
convert it to chemical fuel, the molecular motors that
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move components around within cells and that, in combi-
nation, allow whole cells and indeed whole multicellular
organisms to move around—are all precisely the kinds of
machines imagined by nanotechnologists. Cell biology
offers proof that at least one kind of nanotechnology is
possible, which leads to considering the possible interac-
tions between nanotechnology and biology.

Biology can provide lessons for nanotechnology. Eons of
evolution have allowed the perfection of devices optimized
for working in the unfamiliar conditions that prevail at
the nanoscale, and careful study of the mechanisms by
which they work should suggest designs for synthetic
analogues. Nanotechnology allows the possibility to work
at the cellular level and build devices out of biological and
material molecules, which allows the development of a
field referred to as bionanotechnology, or the interaction of
nanoscale particles and devices with biological molecules.
In addition to these areas, nanotechnology is being ex-
plored for use in the body as sensors or other devices. A
nanotechnology sensor would be fashioned into a small
form, such as a pill shape, that would signal (in some
manner) when its target has been detected.

Biological components could themselves be incorpo-
rated into manmade nanoscale structures and devices. It
is already feasible to incorporate biological molecular
motors into artificial structures, and the light harvesting
complexes of plants or photosynthesizing bacteria can be
incorporated into synthetic membranes. It is easy to
imagine building up complex nanomachines by combining
synthetic and natural components, an approach referred
to as bionanotechnology.

Nanotechnology has been surrounded by hype since the
1981 paper by Eric Drexler, ‘‘Molecular Engineering: An
Approach to the Development of General Capabilities for
Molecular Manipulation.’’ Some of the hype surrounding
nanotechnology includes the transformation of the world
for the better, with the elimination of poverty and hunger
and human life being extended. Medicine would be revo-
lutionized by new treatments developed and ‘‘nanobots’’
circulating throughout the human body would repair
damage and prevent disease and aging. Opponents of
nanotechnology fear that containment of nanotechnology
is a major issue and they believe that self-replicating
‘‘nanobots’’ could escape from laboratories and reduce all
life on earth to ‘‘grey goo.’’ These fears have swayed
generally uninformed public opinions via the media and
entertainment. Materials could be created from the ‘‘bot-
tom up,’’ as opposed to ‘‘top down’’ production. Materials
produced bottom up involves the positioning of atoms and
molecules in desired arrangements, whereas top down
production involves macroscopic materials and altering
their microstructure to alter properties. The least bom-
bastic claim hyping nanotechnology is that it is an emer-
ging, enabling technology for the twenty-first century (32).
Other emerging, enabling technologies for the twenty-first
century include computer science and biomedical engi-
neering.

Although the authors cannot predict when different
nanotechnologies will be realized, nanotechnology will
impact many areas of society. Short-term effects of nano-
technology will result in improved materials, improved

energy usage and storage, and faster computers (36,39).
Long-term applications of nanotechnology include medi-
cine and nanoelectronics. Medical uses of nanotechnology
include targeted drug delivery, improved implant materi-
als, and biological sensors that are either internal or
present on clothing. Nanoelectronics are investigating
the use of carbon nanotubes for computer processors and
as bulbs for flat-panel displays (36).

Despite the current research and the hype that sur-
rounds nanotechnology, many causes for concern exist.
Some of the causes for concern include the size of the
particles, interaction with the human body and the envir-
onment, potential malevolent use as a vector, and the field
of nanobiotechnology. The small size of nanotechnology
allows for it to use unique properties; unfortunately, this
same benefit can also cause problems. Current nanoscale
particles and technologies can be too small to be removed
by current filters, leading to the potential for nanoparti-
cles to disperse at will. In addition, particles or structures
at these fine sizes may or may not be visible to the human
eye, which raises the important question of how will
nanotechnology be contained?

This issue leads into two concomitant issues of the
interaction of nanotechnology with the human body and
the environment. Will nanoparticles be toxic or have
unexpected reactions, especially when compared with
their macroscopic analogs? Free nanoparticles, as opposed
to nanoparticles fixed to bulk materials or structures, are
the primary concern. During production of free nanopar-
ticles, workers can be exposed to high doses of nanoparti-
cles, which could either be inhaled, ingested, or penetrate
the skin. The toxicity of these nanoparticles is unknown,
but they are believed to be more toxic than their macro-
scopic analogs. More research needs to be conducted on
the toxicity of free nanoparticles, but, until then, free
nanoparticles should be treated and labeled as new che-
micals (39). Workplace exposure should be closely mon-
itored and regulations governing exposure levels for
manufactured nanoparticles should be reviewed periodi-
cally.

There has been no confirmation that the nanoparticles
in sunscreens and cosmetics cannot penetrate the skin.
Consumer products containing manufactured nanoparti-
cles should be approved by an independent safety commit-
tee before reaching the market (39). Little is known about
the potential effects of free nanoparticles and nanotubes
on the environment. The potential exists that they could
enter the food chain, and affect plants and animals and,
ultimately, humans. The release of nanoparticles into the
environment should be minimized until their effects are
better understood.

Despite the promise of nanotechnology, numerous ethi-
cal issues to address exist. Fortunately, with nanotechnol-
ogy, many of the ethical issues are being discussed before
the technology has begun to make a profound impact on
the average person’s daily life. In many cases, the science
tends to lead ethics, creating a situation where unex-
pected ethical issues develop. It is impossible to foresee
all of the ethical issues surrounding a new technology, but
the ability to address many of them ahead of time is
always beneficial. The ethical issues surrounding nano-
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technology include its impact on human health and the
environment, malevolent uses of nanotechnology, prepara-
tion of society, regulation of nanotechnology, and the
unanticipated consequences of nanotechnology.

Groundbreaking capabilities often raise new questions.
Any new scientific or technological development has the
usual concomitant associated ethical issues, specifically
regarding containment and regulation. These ethical is-
sues are more pronounced with nanotechnology because of
the sharp divide between those who believe its great
potential and the fears expressed by opponents. Despite
the fears that nanobots could overrun the earth and
destroy life as we know it, this technology is in the distant
future. However, it is good to consider potential ethical
implications before technology is too far advanced to
establish guidelines or to halt further research because
of fears of such incidents.

The interaction of nanotechnology with the body and
the environment is a major health and safety issue as well
as ethical concern. How will nanoparticles and other
nanoagents act if they end up in the body or the environ-
ment? Will they behave like benign particles or will they
accumulate in hazardous buildup in the body or the
environment? These are questions that have not been
thoroughly answered and the public remains cautious
about, especially after other such incidents as the envir-
onmental disasters of the Three Mile Island and Love
Canal.

As a result of the interdisciplinary nature of nanotech-
nology, it is difficult to predict the future applications of it.
Although many of these applications will be beneficial, it
is likely that some applications may have potential mal-
evolent uses. These malevolent uses could include small
sensors or microphones to spy on people or as a vector to
disperse biological or chemical weapons. Despite these
potential malevolent uses, the benefits of nanotechnology
outweigh the risks posed.

Nanotechnology will likely have a profound impact on
society. Is society ready for such a change and does society
have a voice in the development of nanotechnology? These
are important questions as decisions on the areas to
develop and the distribution of benefits associated with
nanotechnology are needed (37,39,40). A fear associated
with nanotechnology is that the benefits created by it will
widen the gap between the wealthy and the poor, as
opposed to the belief that it will reduce it. Public attitudes
are critical in the development of nanotechnology and
education of the public on nanotechnology is needed to
allow the public to sufficiently form opinions. Science is a
powerful driver of societal progress (41). How quickly
society realizes the benefits from various scientific ad-
vances is often less a question of the science itself and
more a question of how willingly the nonscientific com-
munity embraces such advantages (41). Researchers in
nanotechnology need to explain to the general public what
nanotechnology is and how it may improve the everyday
life of the general public. The more people that can
understand what nanotechnology is, in just a general
overview, the more people that will comprehend that it
is not something that will end up eradicating life as we
know it, but most likely something that will help human-

ity to make great strides in civilization. Numerous other
applications of nanotechnology exist, but the fact that it is
not as new of a technology as people believe, but some-
thing that is very traditional, can help to quell fears that it
will drastically alter the quality of life on this planet for
the worse.

A survey undertaken in the United Kingdom suggests
that only 29% of the general population have heard of
nanotechnology (39). Of these, most feel that the field will
yield positive benefits and hope that nanotechnology will
improve our future quality of life (39). Many people are not
aware of nanotechnology or its promise and concerns.
Lack of knowledge causes people to turn to other sources
for information (i.e., media). Education about scientific
developments that have the potential to affect society will
increase understanding.

The presence of nanotechnology in society can be seen
in the media and entertainment. Questions of the ethical
and societal implications of nanotechnology have recently
been raised, most prominently in an open letter published
by Prince Charles of the United Kingdom in the British
newspaper, The Independent (34,41,42). The Prince raised
many valid points about how nanoscale materials may
react with and accumulate in the environment and the
human body. In addition to the two contrasting points of
view on nanotechnology, the media and popular entertain-
ment have used nanobots as the enemy in the book ‘‘Prey’’
by Michael Crichton (2003) and the movie ‘‘Agent Cody
Banks’’ (2003).

Although debate on the social implications of nanotech-
nology has predominantly focused on the possibilities of
radical nanotechnology, an emerging debate also exists
among those more focused on short-term outcomes. This
debate pits those who believe that the rapid growth of
nanotechnology will have strong positive economic bene-
fits and those who seek to slow or halt its development.
One prominent issue that exists is whether existing
regulatory regimes are robust enough to deal with any
special qualities that nanostructured materials may have,
or whether new solutions are required.

Social science needs to interact with science and help to
promote social awareness and acceptance of nanotechnol-
ogy. Social science must address three important themes:
governance of technological change, social learning and
the evaluation of risk and opportunity under uncertainty,
and the role of new technology in ameliorating or accent-
uating inequity and economic divides (37). Nonetheless,
issues unique to nanotechnology may exist, developing
from its inherent interdisciplinary nature and its capacity
to affect the human-machine-nature interface.

As a result of the interdisciplinary nature of nanotech-
nology, regulation becomes a challenge. Several different
regulatory boards, likely linked to the applications of
specific nanotechnologies, will regulate portions of the
field of nanotechnology. It is important for these various
regulators to understand the implications of nanotechnol-
ogy as they develop (39). The special size-related proper-
ties of nanoparticles may cause a need to modify
regulations to take this into account and all relevant
regulatory bodies consider whether existing safety regula-
tions are sufficient, and revise individual regulations as
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needed (39). Current commercial uses of nanoparticles
should be reviewed by appropriate regulatory boards to
ensure safety. National and, if possible, international
regulatory boards or oversight committees should be
established to help ensure the uniform application of
technology. These regulations should promote safe use of
nanotechnology under controlled conditions. Regulations
should be reviewed periodically to allow evolution with
nanotechnology.

National and international organizations need to foster
the development of nanotechnology in a responsible and
beneficial way. These organizations can assist their mem-
bers and others working with nanotechnology to work as
effectively and safely as possible. Ethical issues in nano-
technology, especially in new applications, should be ad-
dressed as they occur, if not beforehand. Pro-nano
organizations need to effectively distribute information
about current technologies and research areas. The gen-
eral public needs to be informed about advances, as
nanotechnology will have a profound impact on society.
An informed public will be more likely to support, rather
than oppose, nanotechnology.

Despite attempts to control and regulate nanotechnol-
ogy, it is likely that there will be unanticipated conse-
quences with this field, which is the nature of technology
and can be seen with the various engineering disasters
that have occurred throughout history. Although it is
impossible to prevent all unanticipated consequences,
every effort should be made to minimize them. Efforts to
minimize unanticipated consequences include careful reg-
ulation of nanotechnology, fairly uniform international
guidelines on acceptable practices within nanotechnology,
and weighing of ethical issues.

Nanotechnology is an area of incredible promise. In
order to realize its promise, society must work with
researchers. The general public must be educated about
advances and the underlying technologies to reduce ethi-
cal strife. Nanotechnology must be regulated and regula-
tion should evolve with developments in the field.

8. NEED FOR ETHICS TRAINING FOR BIOMEDICAL
SCIENTISTS

Students graduating from a biomedical engineering cur-
riculum should be well grounded in the ethical principles
and applications in their future professional work. A
biomedical engineer often works with physicians and
other health-care professionals, unlike traditional engi-
neers, who typically work with other engineers and man-
agers. Biomedical engineers work as part of a team with
direct responsibility for patient care, which may create
ethical issues not encountered in traditional engineering.
Trouble may develop when a biomedical engineer dis-
covers that pure engineering principles of utility and
application may sometimes have to be sacrificed for
what might appear to be less practical, less useful, yet
most necessary considerations (7,43).

How should biomedical engineering students be taught
ethics? What aspects of medical and engineering ethics
are important to convey to future biomedical engineers?

These questions are difficult questions that need to be
confronted to create an ethically responsible biomedical
engineering workforce. Current engineering ethics classes
may be nothing more than a brief discussion of engineer-
ing disasters or major themes in engineering ethics. These
classes are typically not stand-alone classes and are
usually nested into a related (or possibly unrelated)
course, for the primary benefit of satisfying accreditation
board standards. Medical ethics are typically taught to
medical students through classroom and experiential
learning. Unfortunately, the depth needed to discuss and
learn ethics is rarely present. What teaching methods
allow students to retain their ethical knowledge and be
able to apply it as needed?

Most engineering and science students are not required
during their undergraduate, graduate, or other course-
work to take courses in ethics or philosophy. Usually, their
only introduction to ethics is through the coursework in
their curriculum. We feel that in order to have well-
educated, ethical engineers and clinicians, students need
repeated and varied exposures to ethics. How can students
be expected to comprehend the nuances of ethical codes if
they have no understanding of what ideas contributed to
these codes and how these ideas have evolved over time?
Providing a general ethics background, in addition to
covering ethics in required coursework, can only be ben-
eficial to the student. This background increases the
student’s understanding and retention of the topic and
allows them to interact at a higher level in ethical discus-
sions in their coursework. It may also encourage engineer-
ing or science faculty that may like to teach ethics to
receive additional or specialized training in this subject.

What are the best methods to present applied ethics to
biomedical engineering students? What is the ideal format
and design of the class? What is relevant to present to the
students? Unfortunately, no straightforward answers ex-
ist to these questions. Institutions typically choose what is
taught, with accreditation boards providing guidelines. As
a result of the interdisciplinary nature of biomedical
engineering, covering the facets of ethics that each con-
tributing discipline provides is important. Which disci-
plines are stressed? Does this vary by institution and the
specialties at each institution? We think that the most
worthwhile way to ensure that a well-trained, ethical
biomedical engineering workforce is present in the future
is to have professional organizations collaborate with
accreditation boards in providing guidelines for teaching
ethics. If professional organizations can develop areas to
focus on and tools for instructors, the teaching of ethics
will be much more effective.

Numerous approaches exist to teaching biomedical
engineers ethics, predominantly varying by professor pre-
ference. Some professors chose to use case studies,
whereas others use interactive group sessions or role-
playing exercises. Few, if any, professors teach ethical
principles before using case studies or group sessions for
brevity. Teaching of various ethical topics is often facili-
tated by the use of case studies illustrating the ethical
conflicts that one often faces during the biomedical en-
gineering practices (44). Despite the manner in which
biomedical engineering ethics is taught, students have
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an opportunity to be exposed to ethical issues in the
biomedical field.

The development of different methods to teach biome-
dical engineering ethics to students will undoubtedly
enrich the field. A major difficulty remains, however—
how to educate current members in the field about ethics?
Odds are that current biomedical engineering profes-
sionals do not have an adequate ethical background
tailored to biomedical engineering. Usually, biomedical
professionals retain the ethical training based on their
background (i.e., medicine or engineering). If biomedical
engineering professional organizations can develop mate-
rials to assist classroom teaching of ethics, these materials
could be useful to improve the ethical training of biome-
dical professionals in the field. This training could be
performed through workshops or short courses offered in
various areas across the country. These workshops would
enable biomedical professionals to enhance their ethical
training. The workshops could be conducted over a set
number of meetings, with the attendee receiving a certi-
ficate at the conclusion of the workshop, which would
allow the professional to have additional skills that could
improve their employment opportunities and earning
power. Continuing education courses are another way to
educate current members in the biomedical field about
ethics. These courses could be offered by the employee’s
company, taken at a nearby university, or taken as a
distance learning course from a university. All of these
options would allow biomedical professionals to improve
their ethical training in a more in-depth manner than at a
workshop. Continuing education courses could be used to
obtain an additional degree or certificate in the biomedical
field or in a related area.

9. TEACHING AND LEARNING RESEARCH ETHICS

After all of this discussion about research ethics and
ethical issues in biomedical engineering, one may wonder
what is the best way to learn research ethics? As discussed
in the previous section, undergraduate and graduate
degree programs may not cover engineering or medical
ethics thoroughly during the coursework; therefore, why
would they teach research ethics? Despite a lack of an
optimal method, one-on-one interaction with a student’s
advisor, particularly for graduate students, is often the
best way to learn research ethics, which also depends
heavily on the professor. Do they have a sound back-
ground in research ethics? Do they conduct ethical re-
search? Unfortunately, despite advisors having
distinguished positions and having conducted extensive
previous research, they may not have a good understand-
ing of research ethics. This close interaction with their
advisor causes the student to learn from their actions,
whether good or bad. The advisee may learn the ‘‘ins and
outs’’ of research ethics or may be taught what corners can
be cut during research and submitting journal articles and
grant proposals.

It is a priority to learn research ethics, but what should
be taught? Research ethics stems from the scientific
method primarily, and if the advisor can teach an admira-

tion and respect for the scientific method, the remainder of
research ethics can fall into place. Other areas that should
be covered are the fundamental points in research ethics
and what can happen when they are disregarded. The use
of examples or situational instances can help to reinforce
the points being made.

With the need for research ethics education, some
universities, such as Stanford, have begun to require a
seminar on research ethics in biomedical engineering for
their graduate students. We feel that this is an excellent
way to introduce the material to students, but may not be
the best method for retention. The one-on-one interaction
with the student’s advisor can provide the needed reten-
tion of key points and can help the student more comple-
tely understand these points. One-on-one interaction also
allows for the advisor to monitor the student’s progress
and allows the advisor to tailor the lessons to the student.

As with biomedical engineering ethics, a key question
in education about research ethics is how should current
members in the field be educated? Like with biomedical
engineering ethics, the authors favor a workshop-based
program, with a certificate presented upon completion of
the program. The workshops should contain both lecture-
style learning and situational examples or case studies to
help introduce and reinforce various aspects of research
ethics. Discussion of the points should also be encouraged
and there should be a comprehensive test administered
before the student receives their certificate.

10. CLOSING REMARKS

Many ethical issues exist in biomedical engineering, par-
ticularly in the research conducted. Biomedical research
encounters many of the same potential pitfalls of other
scientific research, such as research misconduct and con-
flict of interest, but also has a host of issues that are
unique to its field because of the confluence of medicine
and engineering and the differing viewpoints between the
two. The need for testing of new products is always a
prickly subject, and other technologies that are being
developed, such as genetic engineering, stem cells, and
nanotechnology, have the potential to equal or surpass the
controversy of testing. Hopefully, this chapter was a
sufficiently strong introduction to issues in biomedical
research and it has piqued your interest in biomedical
engineering ethics, a field that needs to keep pace with the
rapid advances of biomedicine.

BIBLIOGRAPHY

1. S. Saha and P. Saha, Ethical issues in the development of new
biomaterials. In: B. D. Ratner et al., eds. Biomaterials
Science: An Introduction to Materials in Medicine. Amster-
dam: Elsevier, 2004, pp. 793–797.

2. W. R. Hendee, Emerging bioethical issues in health care: the
challenge for biomedical engineering. Crit. Rev. Biomed. Eng.
2000; 28(3&4):505.

3. S. Aksoy and A. Tenik, The ‘four principles of bioethics’ as
found in 13th century Muslim scholar Mawlana’s teachings.
BMC Med. Ethics 2002; 3(4).

ETHICAL ISSUES IN BIOMEDICAL RESEARCH 15



4. J. Harris, In praise of unprincipled ethics. J. Med. Ethics

2003; 29:303–306.

5. Ask The Expert, ‘‘What is the difference between ethics, morals

and values?’’ (online). Available: http://www.ethicsorg/as-

k_e4.html.

6. L. D. Claxton, Scientific Authorship Part 1. A window into
scientific fraud? Mutation Res. 2005; 589:17–30.

7. S. Saha and P. S. Saha, Biomedical Research: Some Ethical
Challenges. Crit. Rev. Biomed. Eng. 2000; 28(3&4):537–540.

8. D. J. Roy, P. McL. Black, and B. McPeek, Ethical principles in
research. In: H. Troidl et al., eds. Principles and Practice of
Research: Strategies for Surgical Investigators. New York:
Springer-Verlag, 1991, pp. 91–103.

9. R. V. Smith, Graduate Research: A Guide for Students in the

Sciences. 3rd ed. Seattle, WA: University of Washington
Press, 1998, pp. 40–65, 129–148.

10. National Science Foundation, ed. Federal Register, Title 45,
Chapter VI, Part 689 Misconduct in Science and Engineering.
United States Government.

11. C. Holden, Planned Misconduct Surveys Meet Stiff Resistance.

12. P. Janowski, How to Handle Plagiarism: New Guidelines. The
Institute, 2004.

13. B. L. Allen, Ethical issues at the interface between orthope-
dics and bioengineering. In: 1990 Hunter Honors Colloquium

in Bioengineering: Ethical Issues at the Interface Between
Engineering and Medicine. Clemson University, Clemson,
SC: Taylor & Francis, 1990.

14. D. R. Holmes, Jr., et al., Conflict of interest. Am. Heart J.
2004; 147(2):228–237.

15. K. Schulman, P. Sulmasy, and D. Roney, Ethics, economics,
and the publication policies of major medical journals. J. Am.

Med. Assoc. 1994; 272(2):154–156.

16. K. J. Rothman, Journal policies on conflict of interest. Science

1993; 261:1661.

17. J. Bieze, Sadly, it really is about the money. Biomechanics
2003; 5:19.

18. S. Stolberg, Funding Science – For a Price. Time 1993.

19. S. Saha and P. S. Saha, Ethical issues of animal and human
experimentation in the development of medical devices. In:
The Biomedical Engineering Handbook. 2000, pp. 191-1–191-
8.

20. S. Saha and P. Saha, Biomedical engineering and animal
research. BMES Bull. 1992;16(2).

21. W. H. Isselhard and J. Kusche, Animal experimentation. In:
H. Troidl, et al., eds. Principles and Practice of Research:
Strategies for Surgical Investigators. New York: Springer-
Verlag, 1991, pp. 330–341.

22. S. Saha and P. S. Saha, Biomedical ethics and the biomedical
engineer: a review. Crit. Rev. Biomed. Eng. 1997; 25(2):163–
201.

23. P. Saha and S. Saha, Clinical trials of medical devices and
implants: ethical concerns. IEEE Eng. Med. Biol. Med. 1988:
85–87.

24. I. R. Marino and C. Cirillo, Clinical trials or exploitation?
Science 2004; 306:54–55.

25. E. Marshall, In settlement, Glaxo agrees to publicize drug
trial data. Science 2004; 305:1387.

26. J. Couzin, Legislators propose a registry to track clinical
trials from start to finish. Science 2004; 305:1695.

27. A. S. Daar, et al., Stem cell research and transplantation:
science leading ethics. Transplantation Proc. 2004; 36:2504–
2506.

28. A. A. Kiessling and S. C. Anderson, Human Embryonic Stem

Cells. Sudbury, MA: Jones and Bartlett Publishers, 2003, pp.
183–198.

29. T. S. Sadiq and D. A. Gerber, Stem cells in modern medicine:
reality or myth? J. Surg. Res. 2004; 122:280–291.

30. Stem Cells in the Spotlight. University of Utah. Available:
http://gslc.genetics.utah.edu/units/stemcells.

31. B. M. Evers, et al., Stem cells in clinical practice. J. Am.

College Surgeons 2003; 197(3):458–478.

32. M. C. Roco, Nanoparticles and nanotechnology research. J.

Nanoparticle Res. 1999; 1:1–6.

33. The Lycurgus Cup. Available: http://www.thebritishmuseu-

m.ac.uk/science/text/lycurgus/sr-lycurgus-pl-t.html.

34. BBC News. New Laws Needed for Tiny Science. 2004.

35. H. Goldstein, The race to the bottom. IEEE Spectrum
2005:32–39.

36. S. Baker and A. Aston, The business of nanotech. Business
Week, 2005:64–71.

37. S. Wood, R. Jones, and A. Geldart, The Social and Economic
Challenges of Nanotechnology. ESRC. Available: http://

www.esrcsocietytoday.ac.uk.

38. P. Vasara, Nanocatalysis: Particles for Peace (PfP)? Available:
http://www.nanonordic.com/extra/news/?module_instance

¼2&id¼301.

39. The Royal Society. Royal Society. Available: http://

www.royalsoc.ac.uk.

40. BBC News. Nanotech may spark fierce ethical row. 2003.

41. J. Uldrich, Nanotech needs a hard sell, plus education. The

Scientist 2004:8.

42. BBC News. Sainsbury cool on ‘nano-nonsense’. 2003.

43. P. Saha and S. Saha, The need of biomedical ethics training in
bioengineering. Biomat. Med. Dev. Art. Org. 1982; 9(4):369–
373.

44. S. Saha, Teaching Bioethics for Biomedical Engineering
Students: A Case Studies Approach. In Second joint EMBS-
BMES Conference, Houston, TX: IEEE, 2002.

16 ETHICAL ISSUES IN BIOMEDICAL RESEARCH



EVENT-RELATED POTENTIALS

STEVEN L. BRESSLER

Florida Atlantic University
Boca Raton, Florida

MINGZHOU DING

University of Florida
Gainesville, Florida

1. ELECTROMAGNETIC BRAIN ACTIVITY

1.1. Genesis

Electromagnetic activity is generated by neurons in the
cerebral cortex and subcortical structures of the brain.
Neurons generally differ from other cell types of the body
by being specialized for the reception, integration, and
conduction of excited states. The shape of the neuron is
related to its specialized function. Two types of branching
extension of the cell body, the dendrite and the axon, allow
the neuron to receive excited states from, and transmit
them to, other neurons.

The dendrites are specialized to receive excited states
(and inhibition) from other neurons at synapses, where
the release of chemical transmitter from the presynaptic
axon terminal causes postsynaptic ion channels gated by
ionotropic receptors to open. Transmembrane current flow
through the open ion channels ensues, driven by the
electromotive force across the postsynaptic membrane
(1). The electromotive forces at synaptically opened ion
channels distributed over the branches of a neuron’s
dendritic tree drive current flow in closed loops. Excitatory
synapses create loop currents consisting of net positive
charge that flows inward across the postsynaptic dendritic
membrane, passes through the intracellular compart-
ment, flows outward across passive membrane with a
strength that decreases with distance from the sites of
influx, and finally completes the loop through the extra-
cellular space. The excitatory postsynaptic potential is a
depolarization of the dendritic transmembrane potential
due to this net inward flow of positive current across the
postsynaptic membrane. Loop currents created by inhibi-
tory synapses flow in the opposite direction (1,2). The net
outward flow of positive current across the postsynaptic
membrane at inhibitory synapses produces a hyperpolar-
ization called the inhibitory postsynaptic potential.

Loop currents establish a gradient of transmembrane
potential that continuously varies in time and spatially
along the dendrites as a function of current strength. The
sum of currents contributed by all the active synapses on
the dendritic tree produces a resultant transmembrane
potential at the cell body and the initial segment of the
axon. A critical effect of the loop currents occurs when this
resultant potential exceeds the firing threshold and the
initial segment responds by generating a train of pulses
(action potentials). Each pulse, with a relatively fixed
amplitude and duration, actively propagates along the
axon, diverging into axonal branches and reaching all
the branch terminals, at whose synapses chemical trans-
mitters are released.

In the extracellular space, loop currents generated by
neighboring neurons summate when they flow in the same
direction, and cancel otherwise. The passage of current
across the resistance in this space is manifested by an
extracellular electrical field of potential, or field potential.
The field potential recorded by an electrode in the extra-
cellular space represents the sum of potentials associated
with the loop currents generated by a set of active
neurons. The intracellular components of the same
closed-loop currents that give rise to the field potential
are primarily responsible for the closely related magnetic
field (3).

The magnitude of the field potential recorded by an
extracellular electrode (with respect to a neutral refer-
ence) at any instant in time depends on multiple factors,
including the number of active nearby neurons, the
strength and directions of their currents, their morphol-
ogy and alignment, and the position of the electrode in the
field. For a population of neurons to generate a strong field
potential, it is not sufficient that the neurons actively
generate strong extracellular currents. The morphology
and alignment of those neurons must also promote the
summation of the currents in the extracellular space. For
example, the field potential generated by a population of
neurons in which the orientations of the dendrites are
uniformly distributed in all directions is zero, on average,
due to cancellation of extracellular currents, even if the
individual dendrites are all maximally excited. On the
other hand, parallel alignment of the dendrites promotes
extracellular current summation if the same portion of
each dendrite, e.g., the distal end, is excited. However,
cancellation may still occur if the location of the excitation
is randomly distributed along the dendrites.

In general, populations in which the neurons each have
a single long dendrite aligned in parallel across the
population, and concurrently receive either excitation or
inhibition at the same dendritic locale, e.g., distal or
proximal end, tend to generate extracellular currents
that maximally summate and augment the field potential.
This type of population is called a dipole generator and the
field it generates is a distributed dipole field, meaning that
the summated loop currents which emerge from one end
(pole) of the dendrites are detected by an extracellular
electrode there as a current source, and the currents that
enter into the other end (pole) are detected by an extra-
cellular electrode there as a current sink (1). An important
property of such a dipolar source-sink population geome-
try is that it generates an open field, meaning that the
currents spread in the volume of the brain and can be
detected at a distance from the generating population (4).
A superficial cortical sink is recorded as a negative
potential, and a superficial source as a positive potential,
by an electrode in the superficial cortical layers, at the
cortical surface, or at the scalp (5).

The question of what causes field potentials to change
over time is central to understanding the relation of ERPs
to brain function. Although the determinants of temporal
variation of the field potential are diverse, and their effects
are not well understood, some basic aspects of neuronal
population activity that bring about temporal variation of
its generated field potential may be identified (6). One
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important aspect is the number of unitary generators
contributing to the population activity and the magni-
tudes of the currents that they generate. Another crucial
aspect is synchrony, the tendency for the outputs of the
unitary generators in the population to similarly change
in time. Factors such as inputs from other populations and
intrinsic changes in the excitability of the population can
affect both the total magnitude of currents generated by
the neurons of the population and their degree of their
synchrony. These factors thus influence the time course of
the population field potential and ultimately determine
the dynamics of Event-Related Potential (ERP) generation
in relation to brain function.

1.2. Measurement

Electrical field potentials of the brain may be recorded
from a variety of different types and sizes of electrode,
placed at a variety of locations within or outside the head.
The nature, size, and location of both the indicator and
reference electrodes are important for determining the
spatial scale of integration of the field potential that is
represented by a recorded voltage trace, as well as the
recorded voltage range. Microelectrodes placed directly
within the brain record field potentials, integrated on a
submillimeter scale, that are predominantly generated by
local neuronal populations. In order to truly localize the
field potential to a restricted population, two closely
spaced electrodes are inserted into the same brain region
and the potential difference between the two is recorded as
the local field potential (LFP). Although the amplitude
range can vary considerably, intracortical field potentials
are generally no larger than 1,500 microvolts in peak-to-
peak amplitude.

Electrodes placed on the surface of the brain integrate
over a larger submillimeter to millimeter scale. Since the
cerebral cortex makes up most of the brain’s surface, and
the noncortical surfaces are difficult to access, the intra-
cranial brain surface field potential is almost always
recorded from the cortex as the electrocorticogram
(ECoG). The ECoG recording may be bipolar, i.e., the
difference in field potential activity recorded from two
nearby cortical surface electrodes, or monopolar, i.e.,
from one cortical surface electrode with respect to a
distant neutral reference electrode. ECoG amplitudes
are normally in the range of several hundred microvolts.
Integrating over an even greater spatial extent, the ex-
tracranial electroencephalogram (EEG) is recorded from
the surface of the head, again either bipolarly or mono-
polarly. Scalp-recorded EEGs are greatly attenuated due
to the high resistivity of the skull and scalp, and peak-to-
peak amplitudes usually lie between 10 and 50 microvolts
in the adult human. Finally, the magnetoencephalogram
(MEG) records the magnetic field with sensors located just
outside the head surface. MEG records from a third-order
gradiometer are commonly less than 1 to 2 picoTesla in
peak-to-peak amplitude. Both the EEG and MEG inte-
grate over a centimeter spatial scale.

The cerebral cortex is uniquely positioned to make the
principal contribution to brain activity recorded extracra-
nially as the EEG and MEG. The cortex is also a common

target of intracranial recording, in the form of the cortical
LFP and ECoG, because cortical population activity is
thought to be fundamentally related to cognitive pro-
cesses. The cortical pyramidal cell is an important class
of excitatory neuron that is critically involved in the
generation of cortical electrical field potentials and the
corresponding magnetic fields. The pyramidal cells have
long apical dendrites, aligned in parallel, perpendicular to
the cortical surface. They are densely interconnected with
each other and with neighboring neuron types, both
excitatory and inhibitory, to form local neuronal circuits
that are complex but similarly organized throughout the
cortex. Pyramidal cells are also targets for synaptic inputs
from other cortical and subcortical areas, and likewise
send long, myelinated axons to those areas. A local
population of pyramidal cells that are densely intercon-
nected and have common input sources can generate an
open dipole field that is recordable either locally or at a
distance from the population. Synchronously active dipole
fields of multiple local populations tend to summate and
thus be detectable at a greater distance than those of the
individual local populations alone, unless cancellation
occurs due to surface folding (5).

Measurement of ERPs at the cortical surface or scalp
involves the detection of summated dipole fields of extra-
cellular currents generated by cortical pyramidal cell
populations that have become synchronously active as a
result of an external sensory event or an internal motor or
cognitive event. Measurement of the Event-Related Field
(ERF) involves detection of magnetic fields generated by
intradendritic current flow of cortical pyramidal cell po-
pulations (3). The generator populations that are detected
by the ERP and ERF generally overlap, but are not
identical because of differences between the two measures
in sensitivity to generator orientation and depth. The
time-varying ERP or ERF waveform is commonly treated
as a signal to be detected in the presence of noise. The
following discussion deals explicitly with the ERP, but
similar considerations also apply to the ERF.

Noise refers to any contribution to the potential differ-
ence (voltage) recorded from two electrodes that is not
from the signal source. Common sources of noise in brain
electrical recordings include (1) potentials from the brain
(cephalic noise), (2) potentials from the head muscles and
skin, eyes, and tongue (extracephalic cranial noise), (3)
potentials from parts of the body other than the head, such
as the heart (extracranial physiological noise), (4) random
microscopic fluctuations at the electrodes (thermal noise),
(5) noise from movement of the person or animal (move-
ment artifact), (6) fluctuations introduced by electronic
recording components (electronic noise), (7) radiated con-
tamination from other electrical equipment (environmen-
tal noise), and even (8) fluctuations due to imprecision in
the discrete digitization of the continuously varying vol-
tage from the electrode for storage in a digital computer
(quantization noise).

The ability to detect the ERP waveform signal in the
presence of noise depends on the relative strengths of
signal and noise, as measured by the ratio of signal power
(magnitude squared) to noise power. If this signal-to-noise
ratio is large, then the signal may be observable in the

2 EVENT-RELATED POTENTIALS



digitized time series of just a single voltage trace. If it is
small, however, some procedure is required for signal
detection. A simple and effective signal detection techni-
que is to average over an ensemble of realizations of the
voltage time series. This is a reasonable procedure if each
individual time series realization is registered to a com-
mon time marker representing the occurrence of an event.

The cortical sensory evoked potential is an example of a
signal that is commonly detected by ensemble averaging.
Repeated stimuli, e.g., flashes of light or brief tones, are
presented to a subject while voltages are recorded from
arrays of monopolar or bipolar electrodes placed within or
near the corresponding region of sensory, e.g., visual or
auditory, cortex. The voltage records are digitized and
broken into time segments corresponding to the successive
stimulus presentations, called trials. The resulting time
series segments from the individual trials are collected,
temporally registered with respect to the time of each
stimulus, and averaged separately for each electrode.

When using ensemble averaging to detect the cortical
sensory evoked potential, it is generally considered that a
dipole generator population of pyramidal cells in the
sensory cortex responds to each stimulus in a character-
istic manner by generating a reproducible waveform
signal. This waveform may not be detectable in the
single-trial time series if the signal-to-noise ratio is too
small. It is further considered that, although there may be
variations in signal amplitude from trial to trial, the
signal is time-locked to the stimulus and any variation
in signal latency is small. The noise, on the other hand, is
deemed to be temporally unrelated to the stimulus. From
these premises, which embody the standard signal-plus-
noise model (7), ensemble averaging of the single-trial
time series is predicted to maintain the magnitude of the
stimulus-evoked signal while decreasing the magnitude of
the noise by destructive waveform cancellation. The sig-
nal-to-noise ratio increases in proportion to the square
root of the number of trials averaged. Thus, ensemble
averaging is a straightforward method for ERP signal
detection by enlargement of the signal-to-noise ratio. It
may be used to detect ERPs related to motor and cognitive
events, as well as sensory, as long as the premises of the
model hold.

2. EVENT-RELATED BRAIN ACTIVITY

2.1. Identification

ERPs have engendered a great deal of interest because of
their potential for revealing the dynamics of cognitive
processing by the brain. Temporal variation of the ERP
occurs on a subsecond time scale that is conducive to
measurement of the rapidly changing dynamics of cogni-
tion. Thus, an abiding theme in the ERP literature is the
identification of components spanning brief periods of time
before or after a measurable event, and the understanding
of these components in terms of sensory, motor, or higher-
order cognitive processes of the brain.

The ERP waveform consists of a series of positive and
negative wavelike components that are identified by their
time of occurrence and polarity. Thus, for example, the

P300 component occurs as a positive wave that peaks at or
near 300 ms after a stimulus event. Components some-
times also are designated simply according to their serial
order, so that the P300 component might also be called the
P3 component, meaning the third positive wave following
the stimulus. Other components are named based on
event properties. The Contingent Negative Variation
(CNV), for example, is a slow negative wave that appears
in the interval between two stimuli after a contingency of
the second stimulus on the first has been established.

2.2. Types

2.2.1. Sensory. Sensory ERPs may be evoked by an
external stimulus in one of the sensory modalities. They
can be recorded by electrodes placed in sensory brain
structures, on the surface of sensory cortices, or on the
overlying scalp. The early poststimulus components in the
average ERP are directly related to stimulus-evoked
sensory processing, and because their characteristics de-
pend on the physical properties of the stimulus, they are
called exogenous. In the auditory and somatosensory
modalities, early components generated by sensory relay
nuclei in the brain stem are revealed in extracranial
recordings by the ensemble averaging of large numbers
of trials. Since these early components are considered
obligatory, they have clinical value as a test of the
integrity of the subcortical sensory pathways. In the
visual modality, the brain stem nuclei apparently gener-
ate closed potential fields, and thus the earliest compo-
nents observable from the scalp are generated within the
cortex (8). In animal studies, sensory nerve stimulation
produces a positive-negative wave complex at the cortical
surface. The positive deflection may arise from a dipole
field with a superficial source generated by depolarization
of layer 4 neurons in primary cortex, and the negative
deflection from a superficial-sink dipole generated by
depolarization in the superficial layers (9). The latencies
of early sensory cortical components are of great interest
to researchers who study cortical information processing
(10).

In addition to the transient responses that occur in the
brief period following a sensory stimulus, sensory ERPs
may also take the form of a continuous periodic response
when sensory stimuli are presented rapidly and repeti-
tively. These steady-state evoked potentials show the
same repetition frequency as the stimulus, within limits,
and preferred frequencies at which the steady-state re-
sponse is maximal have been suggested to represent the
natural resonant frequencies of oscillating neuronal po-
pulations in the sensory cortices (11). Steady-state visual
evoked potentials have proven useful in the assessment of
cognitive function (12).

2.2.2. Motor. Motor ERPs are extracted from noise by
ensemble averaging with respect to a movement-related
event rather than a sensory stimulus. Since the charac-
teristics of motor ERP components do not depend on
external stimulus properties, but rather on a subject’s
internal state, they are called endogenous. The most well-
known motor component is the Readiness Potential (RP), a
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slow, ramplike negative potential shift that begins as early
as 1.5 sec before the production of voluntary limb move-
ments. The RP magnitude grows larger in recordings over
the sensorimotor cortex contralateral to the movement, as
compared to the ipsilateral side, as the time of the move-
ment approaches. Together with the observation that the
RP has a somatotopic organization in the contralateral
sensorimotor cortex, this finding indicates that the RP
component is related to preparation for limb movement.
The RP (also designated N1) is terminated by a positive-
negative (P1-N2) complex prior to muscle contraction,
which is then followed by a late positive (P2) component.
The P1 deflection is often absent unless the movements
are brisk and forceful.

2.2.3. Cognitive. Cognitive ERP components are re-
lated to cognitive, rather than sensory or motor, processes
in the brain. By definition, cognitive components are
considered to be endogenous. The aforementioned CNV
is an endogenous cognitive ERP component that occurs in
the interval between two stimuli (S1 and S2), presented in
any sensory modality, for which a contingency has been
established by their prior pairing. Most often, the subject
is required to execute a motor response to the S2. The
CNVarises as a ramplike, negative-going wave that peaks
shortly after S2. It appears maximally in the EEG over
frontal and central regions and can be as large as 20
microvolts. When the S1-to-S2 duration is sufficiently
long, the CNV resolves into early and late subcomponents,
the early one related to the sensory processing of S1, and
the late one associated with anticipation of S2 and motor
preparation. The late subcomponent is thought to be
generated by the prefrontal cortex (13) in relation to
that structure’s role in mediating cross-temporal contin-
gencies (14).

Whereas the late CNV occurs prior to a stimulus,
reflecting anticipation and preparation, other cognitive
effects appear following a stimulus in relation to selective
attention to particular stimulus attributes. In the auditory
modality, when sequences of brief tones at different fre-
quencies are presented to the two ears, attention to the
sequence in either ear is associated with a greater nega-
tivity between 100 and 200 ms poststimulus. Subtraction
of the average ERP of unattended trials from that of
attended trials yields a difference wave, but the question
of whether this wave represents an attentional modula-
tion of the N1 component, or a separate attentional
component, has not yet been resolved. Attentional effects
also occur in the visual modality, where spatial attention
effects are different from, and usually occur earlier than,
the effects of attention to nonspatial stimulus attributes
(15).

The P3 component appears as a positive deflection
between 300 and 900ms poststimulus that is related to
the cognitive context of the stimulus. Context is usually
established by presenting a subject with a series of events
of one class interspersed with rarer events of a second
class to which the subject must respond. An earlier, frontal
P3a component can be distinguished from a later, parietal
P3b component. The P3a is elicited by unexpected novel
stimuli. The amplitude of the P3b depends on the relative

event probability, and the latency reflects the degree of
difficulty in categorizing the stimulus.

The N400 component is a negative wave that occurs
around 400ms after a word stimulus, when that stimulus
is incongruent with the prevailing semantic context estab-
lished by previous stimuli. The amplitude of the N400 is
directly related to the degree of semantic deviance of the
word from its sentence context and is attenuated by prior
priming with semantically related words.

2.3. Violations of the Standard Model

The sensory, motor, and cognitive ERP components here-
tofore described are generally considered as signals to be
extracted from noise by ensemble averaging. Theoretical
justification for this analytic procedure is provided by the
standard signal-plus-noise model (7), which entails three
important assumptions. First, although the amplitude
and latency of a component may be affected by a host of
different conditions, as described above, once the condi-
tions are fixed the component itself is considered to be an
entirely reproducible signal whose waveform does not
vary from one trial to the next. Second, the component is
considered to be unitary in form, meaning that it is not
composed of more basic waveforms. Third, the signal is
considered to be completely independent of any ongoing
neural processes, which if they exist are simply treated as
noise.

Despite the fact that the standard model has proven to
be remarkably robust, substantial evidence suggests that
each of these three assumptions may require modification.
First to be considered are findings of variability in both
component amplitude and latency across trials, even
under controlled conditions. Trial-to-trial variability of
component amplitude does not seriously affect signal
detection by ensemble averaging as long as the polarity
remains constant: the averaged component retains the
latency and shape of the single-trial signal despite varia-
tions in amplitude. Ensemble averaging is also robust to
latency variability, providing that the signal waveform
does not contain polarity reversals: the averaged compo-
nent degrades smoothly as the degree of latency varia-
bility increases.

Changes in component polarity over trials, or latency
variability of a component containing polarity reversals,
may result in destructive cancellation of the signal during
the ensemble averaging process. This possibility is parti-
cularly relevant in the case of high-frequency oscillatory
field potential responses of the brain to sensory stimula-
tion (16). These oscillatory components are said to be
induced rather than evoked because the oscillatory waves
within the component have variable latency (or phase),
although the onset times of the component itself may be
relatively constant with respect to the stimulus event. The
high-frequency oscillatory waveform of these induced
signals guarantees that polarity reversals will destruc-
tively cancel with even a small degree of trial-to-trial
latency variability. Therefore, the standard model cannot
be assumed to hold in the case of induced high-frequency
oscillations, and methods other than ensemble averaging
are required for signal detection.
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Other studies have brought into question the second
assumption from the standard model that ERPs represent
fundamental, indecomposable waveforms. Some investi-
gators have argued that evoked oscillations are funda-
mental to brain function, and that ERPs arise from the
summation of evoked oscillations of different frequencies
(17). Others have suggested instead that evoked Gaussian
potentials are fundamental basis functions that combine
to form ERP components (18).

Both the second and third assumptions of the standard
model are violated by evidence indicating that ongoing
activity at the time of a stimulus may contribute to the
poststimulus ERP (19). It is generally agreed that the
EEG and MEG contain ongoing oscillatory activity at
specific frequencies and that the phases of ongoing oscilla-
tions at the time of the stimulus are random from trial to
trial. If the stimulus acted to reset the phase of these
oscillations to the same value on each trial, summation of
poststimulus phase-aligned waves would result when the
trials were averaged. To distinguish phase resetting mod-
els from the standard model requires techniques that
allow comparison of prestimulus and poststimulus activity
on a single-trial basis.

In summary, a wealth of knowledge about ERPs has
been obtained from the ensemble averaging of single-trial
time series, under assumptions of the standard model of
ERP generation. Nonetheless, substantial evidence indi-
cates that this model is not completely adequate, and that
exclusive reliance on ensemble averaging may obscure
important issues relating to the genesis and functional
relevance of ERPs. To provide a more detailed under-
standing of ERP component structure than is available
by ensemble averaging, additional methods are required
that derive information from the entire ensemble of
single-trial time series. Frequency domain analysis is a
class of methods that quantifies oscillatory activity in the
trial ensemble in terms of its frequency, amplitude, and
phase. It may be advantageous for addressing issues such
as the occurrence of induced oscillations and the phase
reorganization of ongoing oscillations. These considera-
tions emphasize the need for the more sophisticated forms
of ERP analysis reviewed in the next section.

3. ANALYTIC TECHNIQUES

3.1. Time Domain Analysis

The most common form of ERP analysis is performed in
the time domain by measurement of the amplitudes and
latencies of components identified in the ensemble-aver-
aged waveform. This approach necessarily involves a loss
of information about the distributional properties of the
ensemble of single-trial time series. Various alternative
time domain techniques have been devised for analysis of
the entire ensemble of single-trial time series rather than
the single ensemble average.

One general class of time domain technique operates by
application of a weighting function, or filter, directly to the
single-trial time samples. The filter is applied either to the
entire time series of each trial, or to segments of it. One
such weighting function, called the minimum mean

square error filter (or ‘‘Wiener’’ filter), is designed to
selectively enhance the ERP signal while suppressing
the noise (20). Of course, to implement such a filter
requires knowledge of the signal, which may be proble-
matic. A related technique is matched filtering, in which
the average ERP is used as a template that is ‘‘matched’’
by correlation with the single-trial time series. Matched
filtering has been used to improve the average ERP by
recreating it from ‘‘latency-corrected’’ trials (21), as well as
to correlate the distributions of single-trial latency and
amplitude values with behavioral or other parameters
(22). Another weighting function is the band-pass filter,
which is used to extract ERP components on the basis of
their frequency characteristics. This approach is related to
frequency domain analysis, which is described below.
Similar to band-pass filtering are single-trial filtering
techniques based on wavelet transforms (23). Time do-
main filtering techniques have been used in a variety of
applications to investigate ERP function and composition.

Statistical feature extraction represents another ap-
proach to understanding the ERP from the analysis of
ensembles of single-trial time series data. Principal com-
ponent analysis (PCA) is one such method that has been
used to extract overlapping (principal) ERP components
based on the inherent variability structure of the data set
(24). This variability occurs over time in the trial, over the
ensemble of trials, over simultaneously sampled locations,
and over different experimental conditions. The method
involves computing the eigenvalues and eigenvectors of
the covariance matrix of the original time series data, with
the principal components being derived from the eigen-
vectors that are located along the directions of maximal
data variance. Thus, the principal components reflect the
intrinsic morphology of the single-trial waveforms, rather
than a predetermined set of basis functions as in most
filtering techniques. However, due to the orthogonality of
the components that comes from the eigenvector decom-
position, a potential problem with the PCA procedure is
the misallocation of variance between the components
(25). Various proposals have been made for overcoming
this and other problems with the application of PCA to
ERPs (26). A related approach that avoids the imposed
component orthogonality constraint of PCA is indepen-
dent component analysis (ICA) (27).

3.2. Frequency Domain Analysis

A second general class of techniques operates in the
frequency domain by converting a voltage time series
into a frequency function through application of the Four-
ier transform. Frequency domain (or spectral) analysis
offers the promise of providing greater insight into the
organization and function of ERPs than is available from
time domain techniques alone. Issues relating to the role
of oscillatory components in ERP generation are particu-
larly amenable to spectral analysis. However, in its tradi-
tional form, spectral analysis is unsuitable for ERP
analysis because it is only defined with respect to sta-
tionary time series. Since the voltage time series contain-
ing ERPs are typically nonstationary, it is necessary in
most cases to perform spectral analysis in a short, moving
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window in which stationarity is approximated (28). Short-
window spectral analysis seeks to provide an adequate
time-frequency representation of the ERP within the
bounds set by the uncertainty principle. A number of
time frequency analysis methods have been advanced,
including multitaper (28), wavelet or Hilbert transform
(29), and parametric modeling techniques (30–32).

3.3. Spatial Analysis

The neural processes underlying ERP generation are
extended in space within the brain. Spatial analysis is
therefore an important tool for understanding the rela-
tions between ERPs recorded at different spatial locations
within or outside the brain (33). When simultaneous
recordings are obtained with a sufficiently dense grid of
electrodes on the brain or at the scalp, a basic form of
spatial analysis, called topographic mapping, may be
performed. The topographic distribution is an important
feature of ERP components that complements other fea-
tures such as latency, amplitude, polarity, and frequency
content. Components that may otherwise be difficult to
disambiguate, may be easily distinguished in some cases
by their topographic distributions. In fact, topographic
patterning of the ERP may be fundamentally related to
brain state at spatial scales from microscopic to macro-
scopic (34). Beyond simple topographic mapping, spatial
analysis of the ERP takes the form of spatial spectral
analysis (35), spatiotemporal PCA analysis (36), and in-
verse transformation to obtain estimates of cortical
sources (37).

3.4. Interdependency Analysis

The ERP may be defined not only by its timing, frequency
content, and spatial distribution, but also by higher-order
features. Interdependency measures attempt to charac-
terize the similarity structure of the waveform morphol-
ogy of ERPs recorded at different spatial locations.
Interdependency analysis is performed in either the tem-
poral or frequency domain. In either case, stationarity
considerations dictate that when applied to ERPs the
analysis be performed in short, moving windows. A rela-
tively simple tool for interdependency analysis in the time
domain is the cross-correlation function, which measures
linear relations between different time series. Nonlinear
relations are characterized by measures based on the
concept of mutual information (38).

Another form of interdependency analysis is derived
from the concept of causal influence. Wiener (39) proposed
that, for two simultaneously measured time series, one
series may be considered causal to the other if knowledge
of the first allows better prediction of the second. This
concept was later adopted and formalized by Granger (40)
in the context of linear regression models of stochastic
processes. Specifically, if the variance of the prediction
error for the second process at a given time is reduced by
including past measurements from the first in the second’s
linear regression model, then the first process is consid-
ered to have a Granger causal influence on the second
process. The possibility that the measured Granger caus-
ality from one process to a second is actually the result of

common driving from a third process cannot be excluded
when that third process is not recorded. However, when a
third process is recorded, the technique of conditional
Granger causality analysis can be used to unequivocally
determine whether that third process is responsible for
Granger causality between the first two.

Interdependency analysis may be accomplished in the
frequency domain by parametric spectral estimation tech-
niques such as Adaptive MultiVariate AutoRegressive
(AMVAR) modeling (32). Parametric spectral estimation
allows spectral interdependency quantities such as multi-
ple coherence and ordinary coherence to be computed from
the model parameters. When applied to simultaneously
recorded ERPs from a distributed set of recording sites in
the brain, this analysis is useful for investigating oscilla-
tory network interdependencies. The multiple coherence
is a group measure that provides a concise assessment of
the interdependency of each recording site with the group
of all the other sites. When the multiple coherence of a site
is high at a particular frequency, it indicates that the site
is coordinated at that frequency with a set of other sites.
By comparing all the sites for the times and frequencies at
which significant episodes of multiple coherence appear,
one can directly obtain a depiction of the spatial config-
uration of coordinated sites. Then, the specific interde-
pendencies of particular pairs of sites may be investigated
using the ordinary coherence. This measure gauges the
degree of interdependency between two sites as a function
of frequency. When the ordinary coherence between two
sites is high at a particular frequency, it means that there
is a high degree of consistency in the relative phase at that
frequency across the ensemble of trials. The mean relative
phase value need not be zero: the precise value is provided
by the relative phase spectrum.

Causal influences may also be characterized in the
frequency domain using a spectral decomposition for
Granger causality derived by Geweke (41). As one exam-
ple of its application, the Geweke spectral measure has
revealed important aspects of event-related oscillatory
network dynamics in the sensorimotor cortex (42).

4. CONCLUSIONS

The ERP and ERF are important neural signals that
provide a window onto the dynamics of sensory, motor,
and cognitive processing in the brain. Their usefulness in
this regard can be heightened by careful applications of
the analytic techniques described here. At present, ERP
recording represents a critical complement to unit record-
ing for measuring the dynamics of brain function in
animals. In humans, ERP and ERF recordings provide a
temporal resolution that can detect changes in brain
activity on the order of milliseconds, whereas the hemo-
dynamic response measured by neuroimaging techniques
such as functional magnetic resonance imaging can only
resolve changes on the order of seconds. Other recording
methodologies with temporal resolution comparable to the
ERP, such as voltage-sensitive optical imaging and direct
magnetic resonance imaging of neuronal magnetic fields,
are currently under development. However, even if these
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other modes of recording should eventually supplant the
ERP and ERF, the same types of functional consideration
and analytic technique discussed in this article will never-
theless apply to them as well.
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1. INTRODUCTION

Evoked potentials (EPs) represent the gross electrical ac-
tivity of specific regions of the brain induced by external
sensory stimuli (e.g., light or sound). Three types of Eps
are widely used in clinical examinations, i.e., brain stem
auditory evoked potentials (BAEPs), visual evoked poten-
tials (VEPs), and somatosensory evoked potentials (SEPs).
BAEP and VEP are especially useful for objective assess-
ment of the auditory and visual pathways of infants. EPs
are also used during various surgical procedures; e.g., in
spinal surgery, a SEP monitor is helpful to avoid unnec-
essary damage to the nervous system. Like many neural
signals, EP is often corrupted by noise as a result of the
ongoing activity of other brain cells or known as back-
ground electroencephalographic (EEG) activity. The sig-
nal-to-noise ratio (SNR) of the recording EP data could be
as low as � 30dB.

In the analysis of EP, the peaks are characteristic com-
ponents that may shift in latency across stimulus trials.
The peak latency represents conduction delay along neu-
ral pathways from the site of sensory stimulation to the
site of activated neurons. Changes in latency may be an
index for functional changes in the neurological system.
Information on the peak component is of great interest in
clinical research because of both the objective and the
noninvasive nature of the measurement.

Ensemble average (EA) is the traditional way to im-
prove the SNR. With this method, EP is estimated by av-
eraging responses to repetitive stimulation. The averaged
approach is still widely used under clinical settings. De-
pending on the SNR of the recorded signal, a conventional
EA requires 100 to 2000 trials to obtain a satisfactory EP.
For BAEP, as many as 1000 trials are usually required in
EA to suppress noise. EA has always assumed that the
underlying EP signal is stationary across trials. If this as-
sumption is not true, the averaged signal will have its
peaks smeared and smoothed (1). Another drawback of EA
is that it cannot track the dynamic changes of EP. Several
studies showed that EPs are nonstationary and therefore
have characteristics that vary across stimulus trials (1–5).
EA methods may, therefore, fail to track trial-to-trial vari-
ations both in latency and in amplitude.

The minimum mean square error (MSE) filtering tech-
nique is an alternative approach to the EA method for de-
tecting EPs. A Wiener filter is a powerful tool for solving
MSE problems. If the statistical feature of the signal is
stationary and a priori knowledge about the spectra of
signal and noise could be obtained, this technique will
provide a good estimation of the signal. Unfortunately, the
EP signals are time variant and no a priori knowledge
could be obtained beforehand. De Weerd (1) presented an
improved time-varying filter to process a nonstationary
signal. In the study by Yu and McGillen (6), non-
stationarity in signal and noise was taken into consider-
ation. The covariance matrices derived from known signal
and noise data obtained optimal filters for EP estimation.
However, these methods are computationally intensive
and are much more complicated than the EA method.
Therefore, they may not be easily realized in real time.

Adaptive filtering (AF) is widely used in noise cancel-
lation and signal enhancement (7–11). Adaptive filters
have the ability to adjust their parameters automatically,
and their design requires little or no a priori knowledge of
the signal or noise. Recently, the AF technique has esti-
mated EPs (12–27). Applications using AF for EP estima-
tion have impressive success. In this article, a common
adaptive filter structure and its principle are briefly in-
troduced first. Its applications on EP signal estimation are
presented afterward.

2. ADAPTIVE FILTER FOR EP ESTIMATION

An adaptive filter is a device that can perform satisfacto-
rily in an environment where a priori knowledge of signal
and noise characteristics is not available, which means
that the adaptive filter can self-adjust its parameters via
the operation on a recursive algorithm. If the signal is
stationary, AF converges to the optimum Wiener solution
in some statistical sense. Moreover, in a nonstationary
environment, AF can track time variations of the signal in
the input data as long as the variations are sufficiently
slow. As EP is a time-varying signal, AF is appropriate for
its estimation. Widrow et al. (9) described the basic AF
structure used in many biomedical applications as an
adaptive noise canceler (ANC). Ferrara and Widrow (10)
presented an adaptive signal enhancer (ASE) sharing the
same structure as an ANC, but it has a different design of
the reference input and output signals.

2.1. General Theory of Adaptive Signal Enhance

Figure 1 shows the ASE concept and its transversal struc-
ture. Two inputs exist in ASE: the primary input, or the
raw recorded data, that contains a signal s0 plus noise n0,
and the reference input that contains a signal s1 related
to, but not necessarily having the same waveform as s0,
and an additive noise n1. The noise n0 and n1 are assumed
to be not related to each other and to both signals. The
adaptive filter shown in Fig. 1 iteratively adjusts its im-
pulse response via adaptive algorithm. So, after conver-
gence, the difference between the filter output y and
desired response d is minimized. It can be shown that

1
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the filter output is a minimum MSE estimate of s0 alone,
which is as follows.

Define the filter error output at time instant k as ek, and
then

ek¼dk � yk¼ s0kþn0k � yk ð1Þ

and yk is the filter output, given by

yk¼
X

N�1

i¼ 0

wixk�i¼
X

N�1

i¼ 0

wis1ðk�iÞ þ
X

N�1

i¼ 0

win1ðk�iÞ ¼ s0 þn0; ð2Þ

where N is the length of the adaptive filter and

s0 ¼
X

N�1

i¼ 0

wis1ðk�iÞ ð3Þ

and

n0 ¼
X

N�1

i¼0

win1ðk�iÞ: ð4Þ

From Equation 1, we get

e2k¼ ðs0k � ykÞ
2
þn2

0kþ 2n0kðs1k � ykÞ: ð5Þ

The MSE between the actual signal and the estimated one
is expressed by

x¼E½e2k� ¼E½ðs0k � ykÞ
2
� þE½n2

0k� þ 2E½n0kðs0k � ykÞ�: ð6Þ

Here, n0 is not related to (s0� y); thus, E½n0kðs0k � ykÞ� ¼ 0,
and Equation 6 becomes

x¼E½e2k� ¼E½ðs0k � ykÞ
2
� þE½n2

0k�: ð7Þ

As E½n2
0k� ! constant, and to minimize E½e2k� in Equation 7,

E½ðs0k � ykÞ
2
� should be minimized, such that

E½ðs0k � ykÞ
2
� ¼E½ðs0k � s0 � n0Þ2�

¼E½ðs0k � s0Þ2� � 2E½n0ðs0k � s0Þ�

þE½n02� ! 0

: ð8Þ

As n0 ¼
PN�1

i¼ 0 win1ðk�iÞ is not related to both s0 and s0,
E½n0ðs0k � s0Þ� ¼0.

After convergence, wk ! w�k. Here, wk
� is the conver-

gent weight, and Equation 8 becomes

E½ðs0k � ykÞ
2
� ¼E½ðs0k � s0Þ2� þE½n02�

¼E s0k �
X

N�1

i¼ 0

w�ks1ðk�iÞ

 !2
2

4

3

5

þE
X

N�1

i¼ 0

w�kn1ðk�iÞ

 !2
2

4

3

5

¼E1þE2:

ð9Þ

If we want E½ðs0k � ykÞ
2
� ! 0, then both E1 and E2 must

also tend to zero; i.e.,

E2¼E
X

N�1

i¼ 0

w�kn1ðk�iÞ

 !2
2

4

3

5! 0

)
X

N�1

i¼ 0

w�kn1ðk�iÞ ! 0:

ð10Þ

Equation 10 means that the weighted average of n1 is
similar to white noise characteristics and

E1¼E s0k �
X

N�1

i¼ 0

w�ks1ðk�iÞ

 !2
2

4

3

5! 0

)
X

N�1

i¼ 0

w�ks1ðk�iÞ ! s0k:

ð11Þ

If the convergence condition is met, the weighted aver-
age of s1 generates a replica of s0, the signal component of
the primary input. From Equation 11, we see that s1 must
correlate with s0 in some way, but not necessarily having
the same waveform as s0.

In short, after convergence, the output of ASE opti-
mally estimates the signal component of the primary in-
put as long as s1 highly correlates with s0. The higher the
correlation between the reference input s1 and the signal,
the better the signal estimation. This point is important
for designing the proposed ASE.

2.2. Selection of Algorithm and Parameters

Many algorithms have been developed for AF (7,8,11).
Commonly, the least mean square (LMS) algorithm is used
because it is simple and its performance is satisfactory
under certain conditions. The recursive formulas are as
follows:

wkþ 1¼wkþ 2mekxk; ð12Þ

The primary input: dk = s0k + n0k

The reference input: xk  = s1k +n1k

 

   

w0k w1k w(N − 1)k

z−1

yk

 �k

z−1 z−1

Σ

Σ Σ

Figure 1. The principle of LMS adaptive signal enhancer. The
symbol z-1 is the unit-delay operator.
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where

ek¼dk � yk ð13Þ

and

yk¼XT
k Wk¼WT

k Xk: ð14Þ

The filter input vector Xk is defined as

Xk¼ ½xk xk�1 xk�2 � � � xk�Nþ 1�
T : ð15Þ

The weight vector is defined as

Wk¼ ½w0k w1k w2k � � � wðN�1Þk �
T : ð16Þ

Here, k is the time index, N is the number of adaptive
weights, and m is the factor that controls stability and rate
of convergence. Usually, m is governed by the following
condition:

0om{
1

NPin
; ð17Þ

where Pin is the power of the reference input.
To get a high convergence rate, some modified LMS al-

gorithms, such as normalized LMS and data-reusing LMS
(7–11), have been used. Recursive least-squares (RLS) al-
gorithms are also very popular because they converge
faster than the LMS at the expense of increased compu-
tational complexity.

It has been proved by Ferrara and Widrow (10) that the
improvement in SNR at the output of ASE is proportional
to the SNR at the reference input. The SNR of the refer-
ence input should be greater than 0 dB to achieve good
performance.

2.3. Design of the Reference Input of ASE

To obtain good results with less distortion and fast adap-
tation, an alternative way is to design a ‘‘good’’ reference
input for ASE. The reference input shall meet two condi-
tions:

1. The reference input should be highly correlated with
the signal component at the primary input.

2. The SNR at the reference input must be greater
than 0dB.

The following designs are good for the reference input
of ASE.

2.3.1. Truncated Fourier Series Model. Vaz and Thakor
(12) used a truncated Fourier series to represent the ap-
proximated EP signal. It was assumed that the signal is
well defined in each recurrence with a constant number of
reference inputs. The weight coefficients, which are the
Fourier coefficients, are therefore estimated by the LMS
algorithm. Obviously this method meets the above two

conditions and good results could be obtained when suit-
able parameters are selected.

2.3.2. Impulse-Correlated Reference Input. Laguna et
al. (13) designed the reference input as a unit impulse se-
quence synchronized with the beginning of each recur-
rence. This method takes advantage of the fact that EPs
are responses that are time-locked to the stimulus. Math-
ematical proof shows that such a filter is equivalent to
exponentially weighted averages.

2.3.3. Radial Basis Function Neural Network. Qiu et al.
(14) used a Gaussian radial basis function neural network
(RBFNN) as a prefilter to form the reference input. An
RBFNN consists of an input of source nodes, a single hid-
den layer of nonlinear processing units, and an output
layer of linear weights. This structure makes RBFNN a
powerful tool for solving both linear and nonlinear prob-
lems. By using batch training methods and the LMS
weight adaptation algorithm, the EP signal component
in the raw data could be quickly preenhanced by RBFNN,
and therefore, the output of RBFNN could be a good ref-
erence input to the following ASE. Figure 2 shows the ba-
sic design diagram of an RBFNN prefilter (15).

2.3.4. Average Techniques. EA is a simple and effective
way to form the reference input of ASE. Svensson (16)
demonstrated that the reference signal estimation of the
reference input is merely a single raw EP recording sweep.
Thakor (17), Qiu et al. (18), and Chan et al. (19,20) used
EA and moving window average methods to preimprove
the SNR at the reference input of ASE.

3. APPLICATIONS OF ADAPTIVE FILTERING OF EP
SIGNALS

In this section, some AF applications for EP signal esti-
mating and monitoring are presented.

3.1. BAEP Detection

The stimulus that evoked BAEP was a click, 0.1 ms in
duration, delivered at a rate of ten per second, with a 100-
dB peak sound pressure level. The response was recorded
at a sampling rate of 10 kHz. The first 9ms of the response
estimated the BAEP. Conventional EP procedures, such as
electrical and acoustic shielding, reduced interference and
noise.

A total of 2000 BAEP records were recorded from a
subject aged 25 years. Only the first 9ms of data (corre-
sponding to 90 data points at a sampling rate of 10 kHz) in
each trial was processed to show the early response to the
stimulus. An ASE with RBFNN prefilter algorithm (14)
estimated the BAEP signal in real time. Figure 3 shows
some three-dimensional views of the BAEP across trials. It
is clear from Fig. 3 that the BAEP signal varies in both
amplitude and latency from trial to trial.
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3.2. Experimental Spinal Cord Monitoring Study

To study an ischemia-induced spinal cord injury model, a
mature rabbit was used as the experimental subject. An-
aesthesia was induced with 1.5% sodium pentobarbital
(1.5mL/kg, intravenous injection). Additional doses were
given as necessary. After anesthesia, a pair of SEP record-
ing electrodes was attached to the animal’s scalp. A needle
stimulus electrode was inserted into the hind paw. Base-
line SEP was recorded first. The infrarenal abdominal
aorta was then occluded. After 40 minutes, the occlusion of

the aorta was removed. SEPs were recorded at 15 and 30
minutes after occlusion and 20, 40, 60, and 120 minutes
after disocclusion. All data were recorded with an ADC
board with a resolution of 8 bits. The sampling rate was
5kHz.

Figure 4 shows the SEP trace variations for all trials
recorded before, during, and after occlusion with the ASE
with the moving window average algorithm. The figure
presents seven sets of SEP traces, each set consisting of 51
separate traces. The SEPs were presented consecutively
as recorded before injury (trace #1–51), at the two record-

Figure 3. An isometric view of part of the
BAEP signals across trials.
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Figure 2. The principle diagram of RBFNN for EP estimation.
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ing periods during occlusion (trace #52–153), and at the
four postocclusion intervals (trace #154–357). The SEP
waveform before injury has a prominent peak between 100
and 200ms. At 15 and 30 minutes during the occlusion-
recording interval (trace #52–153) the peak clearly disap-
peared. After the occlusion is removed, the peak gradually
returns to its level before injury (trace #154–357).

4. CONCLUSION

The clinical relevance of the variation in response across
stimulus trials is not clear at this stage. However, one is
tempted to speculate that, at least under some conditions,
tracking EP changes could be important (e.g., for patients
under critical care, when their physiological conditions
vary with time, or when the status of the patient varies
under the influence of drugs like alcohol). A simple mea-
surement of EP amplitude or latency may not be sensitive
enough to reveal important changes. Early alarm systems
could be designed based on the findings of abnormal re-
sponse variations. In addition, EP variations over time
could be important in assessing abnormal functions of the
brain, especially related to attentional deficits in psychi-
atric patients. The traditional EA method could hardly
track EP variations. AF has been proved as a powerful tool
to track the possible EP variation in both amplitude and
latency.

In this article, EP signal estimation by AF was intro-
duced in the framework of ASE. The key to ASE for track-
ing signal variations is the choice of the reference input. It
has been shown that the improvement in SNR at the out-
put of ASE is proportional to the SNR at the reference in-
put (10). The signal component of the reference input
should be highly correlated with that of the primary in-
put, although not necessarily having the identical wave-
form. EA (includes moving window average and
exponential average) is a simple method for obtaining a
good reference input for processing EP signals. However,

when SNR of raw recordings is low (i.e., � 20dB or less),
the number of trials should be large enough to reach a
reasonable SNR in the reference input. Unfortunately, a
long window length could degrade the tracking ability of
ASE. When the raw SNR is poor (i.e., � 20dB or less), the
structure of ASE with RBFNN as prefilter or ASE with
truncated Fourier series as the reference input could be
considered good alternative methods.

Aside from the ASE technique, other adaptive filters
have been reported successfully extracting EP signals
from noisy raw recordings. Madhavan (21) used the adap-
tive line enhancement (ALE) technique to predict the
noise component in prestimulus recordings and then
used the noise model to cancel the noise in poststimulus
EP recordings. By taking into consideration the time-
locked characteristic of the EP signal, Chan et al. (20) ap-
plied the time-sequenced adaptive filtering (TSAF) algo-
rithm to track nonstationary EP signals across response
trials. Kong and Qiu (22) introduced a modified adaptive
time-delay estimation algorithm for estimation of latency
change in EP signals. Grieve et al. (23) investigated an
adaptive noise canceling filter using a neural network as
the adaptive element to delete stimulus artifact during the
measurement of EP. Lin et al. (24) presented a high-order
statistics-based adaptive noise canceler to eliminate the
interference of the EP recordings.
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EVOLUTIONARY ALGORITHMS

DANIEL W. REPPERGER
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1. INTRODUCTION

In biomedical engineering, there is always a keen interest
in optimizing or improving some living process or enhan-
cing how living things may interact with other systems.
Evolutionary or genetic algorithms, inspired by biological
evolution, were developed in the 1960s at the University of
Michigan by J. Holland (1) and his students. Some other
classic references include D. E. Goldberg (2) for an ex-
cellent tutorial, L. Davis (3) for diverse applications, and J.
R. Koza (4,5) for circuits and programming examples.
These algorithms mimic how biological systems reproduce
with the concept that optimality is based on Darwin’s
conviction of ‘‘survival of the fittest.’’ It is difficult to argue
that 3.8 billion years of evolution have not lead to robust
and good designs. Whatever is derived from these pro-
cesses must have excellent attributes, and we should
study such designs from nature because they lead to
new ideas that can influence the everyday problems we
work on. This form of knowledge discovery is derived from
nature. First a complex optimization problem is investi-
gated in which the minimum of a function occurs at more
than one point.

2. THE BASICS OF EVOLUTIONARY ALGORITHMS

As an introduction to evolutionary algorithms, the original
motivation was for finding the solution of complex optimi-
zation processes via numerical methods. With reference to
Fig. 1, it is observed that the function y(x) has two
minimums. The first minimum occurs for x¼ 1 (when y
¼ 2.92) and is called a local minimum. The second mini-
mum occurs for x¼ 4 (when y¼ 0.667) and is called a
global minimum. The function y(x) was synthesized by

making its derivative:

dyðxÞ=dx¼ y0ðxÞ¼ ðx� 1Þðx� 2Þðx� 4Þ; ð1Þ

with y(x) the first integral of Equation 1, which was
selected for Fig. 1 to be

yðxÞ¼ ð1=4Þx4 � ð7=3Þx3þ 7x2 � 8xþ 6: ð2Þ

Figure 1 and Equations 1 and 2 illustrate a complex
optimization process. What is desired is to discern the
global minimum of the function y(x) and distinguish this
point from other possible local minimums. Of the many
current search techniques available, if they start near the
point (x¼ 1, which is a local minimum), they will almost
always converge to x¼ 1. The true global minimum of x¼ 4
will never be found and may never be known. The search
process must have diversity in its application and not get
too focused on any one region of the search space. It must
constantly ‘‘think outside the box’’ and explore all possible
areas of the search space to ensure that we have not
missed a true global minimum. Some key terms enable us
to cast these complex optimization problems within the
framework of evolutionary algorithms. With reference to
Fig. 1 and Equations 1 and 2, we define the candidate
solutions (x values) as ‘‘chromosomes.’’ The y(x) or objec-
tive function we wish to optimize is sometimes termed
‘‘fitness value.’’ The picture of the fitness function y(x)
versus x is termed ‘‘landscape.’’ Usually the landscape has
multiple minimums and maximums and is considered
complex. In these types of problems, the evolutionary
approaches have the greatest utility in finding the global
minimum or maximum. In evolutionary algorithms, it is
necessary to consider a diverse group of candidate solu-
tions (chromosomes) to explore the space. To develop this
type of diversity, we will randomly change the chromo-
somes by various procedures to make sure we truly
investigate the possible solution space. This next section
describes a five-step procedure in searching the solution
space.
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Figure 1. Complex optimization problem.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



3. MORE SPECIFICS ON HOW EVOLUTIONARY
ALGORITHMS WORK

As mentioned, the expression ‘‘chromosome’’ will repre-
sent our candidate solutions and be used as a synonym for
a computer word, which may consist of ones and zeros. For
evolutionary processes, the computer word may also be
derived from other entities rather than ones or zeros,
including other numbers, rules, strategies, colors, shapes,
or other non-numerical entries.

There are five principal steps in applying an evolu-
tionary algorithm to a physical process. They are listed as
follows: (1) step 1—encoding (taking key parameters from
a physical process and converting them into a computer
word or chromosome); (2) step 2—evaluating the ‘‘fitness’’
of the chromosome; (3) step 3—checking to see if this
chromosome is the best, if not continue; (4) step 4—
selecting and modifying the chromosomes by several
techniques (crossover and mutation), and (5) step 5—
repeating the procedure with the modified chromosomes
until the fitness function is optimized. Figure 2 illustrates
this procedure using a computer flow diagram.

In reviewing the five steps, more detail will now be
presented, and in particular an explanation given on what
are the criteria for each step. More specifically, step 1 is
termed the encoding step in which key attributes of the
physical process are put in the form of a computer word.
This task is difficult and analogous to modeling in biome-
dical systems (when you convert a physical process to
differential equations). The chromosome that is developed
must maintain the key attributes we wish to optimize but
also must have a natural connection to the physical
process. Eventually the best chromosome will win, and
this elite chromosome has to be mapped back into the
original physical process (decoding problem) to be a viable
solution. For step 1, the criteria for a successful encoding
of the chromosome is that the maximum and minimum
range of the solution space are considered and the com-

puter word representation is a good model of the physical
process under consideration. Step 2 involves the fitness
function evaluation of the chromosome. This fitness func-
tion must represent some important characteristics of the
original physical process, which has a useful meaning in
the real world. For step 2, the criteria for a successful
selection of a fitness function depends on the realistic
quantity that is desired be optimized. In step 3, we decide
whether we are close enough to the optimum. For step 3,
the criteria for determining the closeness to an optimum is
predicated on the final accuracy of the solution desired.
The next step, step 4, will include means of altering the
chromosome to explore new (and possibly better) candi-
date chromosomes. Crossover is a means of altering the
chromosomes to preserve good attributes, but it uses the
switching of genetic information. To illustrate one possible
type of crossover, Fig. 3 shows how this is accomplished
(single-point crossover). It is emphasized that numerous
other crossover strategies are not included here. For step
4, the criteria for altering the chromosomes must make
them sufficiently different to completely cover the solution
space in which it is desired to perform the search. At the
same time, however, crossover tries to preserve good
attributes of the chromosomes.

The resulting chromosome C (child) in Fig. 3 contains
genetic material from both parent chromosomes (A and B),
but it is different. C contains the genetic material from
chromosome A to the left of the dividing line and contains
the genetic material from chromosome B to the right of the
dividing line. Thus, these blocks of material are preserved
in chromosome C and they may be related to improved
fitness. The operation of mutation is illustrated in Fig. 4,
in which a single bit is changed (mutated) to add some
diversity to the child and to keep an unbiased view on new
solutions. In Fig. 4, the third bit is changed from the
parent (chromosome A) of 1 to a 0 in the child. This is a 1-
bit mutation, and it simply adds variety to the population
and encourages new solutions not previously thought of. It
should be noted that the crossover operator is used about
50% of the time, and it maintains good components of the
children chromosomes and preserves excellent traits. The
mutation operation is performed far less often (one tenth
of 1%) because the primary goal is to extract unusual
traits from the parents. If the rate of mutation was higher,
this process would eventually degenerate into a pure
random search, which is not desired. It is the crossover
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Figure 2. Computer flow diagram for EA process.
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Figure 3. Singlepoint crossover operation.
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operator in evolutionary algorithms that distinguishes
this process from a pure random search method and
makes it add value by preserving the good features from
past selections. Also, more sophisticated forms of cross-
over and mutation exist, which will not be discussed here.
Step 5 is the final step. The criteria for stopping in step 5 is
usually set to a fixed number of iterations; e.g., 500
generations will be considered, which puts a limit on the
computer time spent on this process. A simple numerical
example will now illustrate this process.

4. EXAMPLE 1—A SIMPLE NUMERICAL PROCESS FOR A
COMPLEX OPTIMIZATION

To illustrate these important five steps, a complex optimi-
zation example will be first presented. The goal is to
minimize the function z(x, y), where x and y are restricted
to be positive integers and

zðx; yÞ¼ 1þ ðx� 1Þ3þ ðy� 2Þ3þ2�½ðx� 3Þ4

þ ðy� 4Þ4�:
ð3Þ

One would think a local minimum of z would occur when x

¼ 1 and y¼ 2 with z(1, 2)¼ 65. By the same reasoning, it
would be presumed that a global minimum occurs at x¼ 3
and y¼4 with z(3, 4)¼ 17. In actuality, the true global
minimum exists at neither of these points, which will be
demonstrated. By using standard optimization proce-
dures, the equations become nonlinear and it is difficult
to find the minimum by traditional procedures. It is also
possible that a local minimum may exist for Equation 3,
which differs from the global minimum. Figure 5 displays
a plot of this function for x and y restricted to being
positive integers, and the goal is to find the true global
minimum of this surface. The first four steps in solving
this problem via an evolutionary algorithm are now
detailed.

4.1. Step 1: Encoding the Problem

To develop a chromosome for x, we consider the range
0rxr7 and use a base 2 (binary) representation. For
example, if the global optimum occurs for x¼ 3, this would
be represented by (0 11), where each unit in the chromo-
some is a power of two, much like a binary computer word
is constructed. For the variable y, we also use the range
0ryr7. If the global optimum y is y¼ 4, it would be
represented by the computer word (1 0 0). The two chro-
mosomes for x and y are now combined to yield the single
word [(_ _ _)x (_ _ _)y], where the first three digits of the
word refer to x and the next three digits refer to y. The
digits can only be ones or zeros. If the optimum solution is
[(0 11)(1 0 0)] corresponding to x¼ 3 and y¼ 4, this result
must evolve from the algorithm. The evolutionary algo-
rithm will also find all other possibilities. The second step
involves the evaluation of the fitness function.

4.2. Step 2: Evaluating the Fitness Function

For this simple numerical example, a fitness function
must be selected related to the practical problem of

Chromosome A 1 0 1 0 1 1

1 0 0 0 1 1Chromosome C

Mutated bit

Figure 4. The mutation operator.
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interest. Because the goal is to have z minimized, the
logical choice for a fitness function involving the candidate
x*, y* values is z(x*, y*)¼ 1þ (x*� 1)3þ (y*� 2)3þ
2*[(x*� 3)4þ (y*� 4)4], which is to be minimized. Thus,
if a candidate chromosome was (x*, y*)¼ [(111)(0 0 1)],
then x*¼ 7 and y*¼ 1, which results in z¼ 1þ (7� 1)3þ
(1� 2)3

þ 2*[(7� 3)4
þ (1� 4)4]¼ 890, which is not at an

optimum minimum.

4.3. Step 3: Checking to See Whether an Optimum has been
Reached

Several criteria can be used to check if an optimum has
been obtained. One test is to see if the difference between
two successive iterations is getting very small in terms of
fitness values. A second test would be to cut off all runs at
a fixed number, e.g., 1000 iterations.

4.4. Step 4: Selecting and Modifying the Chromosomes

As discussed, the selected parents are chosen by their
chromosome’s low values of z (high fitness), which can be
accomplished by a rank order process or by other methods.
Once the parents are selected, the operations of crossover
and mutation are performed on the ‘‘elite parents.’’ A pool
is constructed of the 20 best chromosomes, which are
updated until a stopping point is reached. The stopping
point is given in step 3.

To conclude this example, Fig. 6 displays the fitness
values of the elite pool after 897 iterations. A threshold
value of 20 units was employed before a candidate chro-
mosome could enter the pool. A crowding technique was
used in which all members of the pool were rank ordered.
If the new entry had the appropriate fitness, it would push
out the chromosome with the highest fitness. Twenty
chromosomes were allowed to stay in the elite fitness
pool. The threshold value is another important attribute
to control in the convergence of the algorithm. The thresh-
old determines the minimum standards allowed to enter

the elite pool. Too small a threshold will maintain high-
quality solutions but will lead to a longer time to converge.
If the threshold is too large, then premature convergence
may occur and the final solution may lack high quality in
terms of the fitness function. The initial starting point
chosen was (x, y)¼ (111 0 0 1), with the optimum solution
approaching (x*, y*)¼ (0 1 0 0 11). The essential para-
meters of this simulation need to be defined (crossover
rate¼ 50%, mutation rate¼ 0.1%, number of chromo-
somes in the elite pool¼ 20, number of iterations¼897,
or 50 entries into the elite pool). Usually the crossover rate
is the higher number (50% or so) and mutation is much
less (0.1% or so) because it is desired to maintain diversity
but not to have a completely random search pattern. It is
desired to retain ‘‘good quality’’ chromosomes and yet
explore the solution space for still better solutions. There
is another tradeoff in this regard between preserving good
chromosomes at the expense of fully exploring the solution
space by encouraging diversity.

What is interesting about this example is that the final
convergence realized with the minimum of z occurred with
x¼ 2 and y¼ 3. This point is neither at the originally
suspected local minimum of (1, 2) nor at the originally
suspected global minimum of (3, 4). This ‘‘discovered’’
minimum is truly the global minimum because z(2, 3)¼
7, but z(1, 2)¼ 65 and z(3, 4)¼ 17. Thus, the evolutionary
algorithm uncovered a true global minimum not suspected
in the original thinking when devising the objective func-
tion z(x, y).

5. ADVANCED TOPICS IN EVOLUTIONARY ALGORITHMS

As a more advanced topic of discussion on evolutionary
algorithms, a classic but extremely difficult optimization
problem is now presented. Termed the ‘‘Traveling Sales-
person Problem’’ or TSP, the goal is to have a fictitious
salesperson find the shortest route or tour between a
series of cities. Typically a constraint is introduced that
no city is to be visited more than once. This problem
generalizes to other combinatorial problems such as gas
and water pipe placements, structural designs, job-shop
scheduling, and time tabling. In Fig. 7a, the goal is to find
the shortest path, but all cities must be visited. The fitness
function is the path length or could be the time to complete
the tour.

In Fig. 7a, the tour is (a,b,e,c,d). Note that this is a
combinatorial solution because if n cities exist, then the
total number of solutions is n � (n�1) � (n� 2) �y � 2 �1
¼n! The solution space rapidly grows as the number of
cities increases. The need for the use of EA methods is
apparent if n¼ 200 and few computers could perform an
exhaustive search of every possible case. Also, this is an
optimization problem about the ‘‘order’’ of visiting the
cities. The optimum chromosome is the best order to visit
the cities to minimize time or distance traveled.

Figure 7b illustrates another interesting attribute
about this classic problem. If a small group of cities
(a,b,f) are proximal to each other but located far from
another group (e,d,c), which are proximal to each other,
then one would expect good chromosomes (good routes) to
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contain elements such as (a,b,f,*) or (e,d,c,*), where * is a
wild card indicating the remaining cities. These good
attributes of a solution are termed ‘‘schema’’ or good
‘‘building blocks,’’ and it is desired to find such rules in
the solution set. Thus, by using EA methods, the practi-
tioner would ‘‘discover’’ excellent building blocks that
constitute a solution about the underlying physical pro-
cess. Knowledge about the problem under study is thus
enhanced by this procedure after uncovering schema.

There are some downsides to this problem, however,
and that is why the TSP is so complex and highly studied.
For example, the concept of single-point crossover may not
work because the tour may not be complete (all cities
visited). Thus, the TSP represents a problem beyond the
scope of normal EA optimization procedures that con-
tinues to be and has been extensively researched in the
literature (6–13).

6. AN APPLICATION TO BIOMEDICAL ENGINEERING

Because brevity must be the style here, an application is
presented related to biomedical engineering. It is con-
cerned with ‘‘haptics’’ or how forces produced on the
human body may be beneficial to the performance of
certain tasks. To understand the concept of haptics, Figs.
8a and b briefly summarizes the key points. There are two
types of haptic effects with humans. On the left side of Fig.
8a, when a force is applied to the human body and no
movement occurs, afferent signals flow to the brain from
the skin and body tissues (kinesthetic information). In this

paradigm, the human acts like a sensor to the haptic
information. On the right side of Fig. 8a, the arm is now
moving and generating a force. In this situation, the brain
is initiating this actuation and the haptics sensation now
performs like an actuator, different from a sensor, which
involves a proprioceptive sensation including tendons and
muscles. Thus, haptics can act like an actuator or sensor
via different paths to the brain as a result of each inter-
action (Fig. 8b).

An experiment was devised to study both types of
haptic interactions just described.

6.1. Description of Experimental Scenario

Evolutionary algorithms will be used in the design of the
haptic forces to be applied to the human. The goal is to
produce some level of optimality in the performance of the
human subjects in a task. A long history exists of success-
ful applications of forces applied to humans in benefiting
their performance in certain tasks (14–17). The applica-
tion presented here will specifically address the use of
both afferent and efferent information with human sub-
jects. The goal is to optimally mix and match the different
types of haptic information in such a manner as to
optimize the interaction of the operator with the environ-
ment. Figure 9 shows a subject in the simulator of interest
in this investigation.

The two types of haptic forces are provided by the
laterally moving force reflecting joystick, which the sub-
ject has to maintain near the center (static forces about
the target disturbance, which produce afferent informa-
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tion) and the motion chair, which moves sideways dyna-
mically and displaces the body driven, also, by the target
disturbance. The subject has to track a disturbance input
forcing function and maintain a cross within a box as
depicted in Fig. 10. The forcing function is a zero mean
sum of sine waves, and the objective is to perform dis-
turbance rejection, i.e., to maintain the cross in the box as
much as possible and reject external disturbances that
appear in the target forcing function. A description of the
haptic design variables is provided next.

6.2. Design of the Haptic Input Signals

Because previous studies have demonstrated that haptic
disturbances may be beneficial (14–17) when humans
interact with machines, the goal is to determine the
optimum level of haptic inputs [static (at the stick) and
dynamic (from the chair)] that may help performance or
other attributes of interest. First, step 1 or the encoding
problem must be addressed.

Step 1: To encode a large class of possible haptic levels,
the forces provided at the stick (afferent) and at the chair
(efferent) are characterized by a forcing function with
eight sinusoids, where [t refers to the stick (target and
afferent) and d to the chair (efferent)]:

fi¼
X

8

j¼ 1

aj sinðoj � ðtimeÞþfjÞ ði¼ t ordÞ: ð4Þ

The goal is to emulate the following 8-bit word for each
haptic input as shown in Fig. 11 and with a spectral
representation of an input described in Fig. 12.

It is noted in the implementation of this encoding, for
the computer word [0 0 0 0 0 0 0 1], in Equation 4, the sine
waves cannot have a zero coefficient, so the high level was
chosen to be ai¼ 2 and the low level to be ai¼ 1. Hence, in
Fig. 12, for the low level of ai (coefficient in Equation 4),
some signal power still appears in all eight frequencies of
the spectral range. Because there are two forcing func-
tions (one for the stick and one for the chair), each of
which has 28 possible words, the total number of possible
haptic levels is 28

� 28
¼ 216

¼ 65,576. The 16 frequencies
in the sine waves are also designed to be different and
interweaved based on signal processing considerations. It
is not possible to run 65,576 experiments, so the evolu-
tionary methods will help us design the optimal haptic
condition to be tested with human subjects. Step 2 in-
volves the fitness function.

Step 2: The fitness function must include an important
success measure for humans performing this task. For
humans engaged in tracking tasks, a classic tradeoff is
associated with the speed of tracking versus accuracy,
which was well documented in the classic reference (18)
termed ‘‘Fitts’ Law,’’ which implies for high speed of
tracking that accuracy will suffer and for high accuracy
that slow movements must be made. The fitness function
was chosen to incorporate both speed and accuracy mea-
sures, which are defined by

min
ft; fd

J1ðft; fdÞ¼ ðTðeÞÞ
2
þ ðk1=g1Þ

2
þ ðk2=g2Þ

2; ð5Þ

where T(e) represents the time the cross in Fig. 10 is
outside the box and small values of (T(e))2 represent an
accuracy measure. The terms g1 and g2 in Equation 5 are
related to the bandwidth of the operator in acquiring the
target when it gets outside the box. The overall goal is to
minimize J1 in Equation 5. By minimizing J1, both
accuracy is achieved [minimize (T(e))2] and speed is
achieved (1/g1 and 1/g2 are reduced). Because these re-
present conflicting goals, the fitness function behaves
similar to Fitts’ Law, in which the tradeoff of speed to
accuracy is achieved and emulates human behavior in
tracking. To explain steps 3 and 4 of the evolutionary
algorithm procedure, it is necessary to now include some
information on the issues of experimental design involving
the subjects, which will clarify how steps 3 and 4 can be
implemented.
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Figure 11. The class of forcing functions as an 8-bit word.
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Figure 10. Tracking task subject to target (visual) and distur-
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6.3. Experimental Design Considerations

Because of pragmatic considerations, it is obvious that
human subjects cannot be run 216

¼ 65,536 times for all
possible haptic levels of interest. Also, before proceeding to
steps 3 and 4, it is required to build a preliminary model of
how humans respond in this complex scenario. This is
accomplished by a six-part process:

Part 1: Run a small number of subjects including
representative levels of the haptic variables considered.

Part 2: Build a computer model to predict the responses
of subjects (predicted J1 values of Equation 5) over the
range of haptic-independent variables being considered.

Part 3: Run the computer model 65,536 times over all
possible levels of haptics. The output of the computer
model will predict the fitness of subjects for all 65,536
cases.

Part 4: With the response surface generated from Part
3, use evolutionary algorithms to find the minimum of the
response surface generated in Part 3 of this study.

Part 5: With the operating point determined via the
minimum of the response surface from Part 4, more
subjects are now run at the optimum condition and
compared with alternative conditions of haptics to show,
if indeed, that improved performance has been achieved.

Part 6: Perform an analysis of variance to demonstrate
that the optimum condition is truly the best haptic condi-
tion to operate humans at in the post hoc study. The
validation with human subjects is the truest measure of
success of this procedure, because it is evaluated in the
real world and is independent of any prior assumptions.

To briefly describe each of the six parts of this proce-
dure, for Part 1, Fig. 13 shows the representative haptic
levels used to run 3 subjects. From the data obtained
involving this pilot study, a model was used to predict the
J1 values for all 65,536 possible haptic levels (Part 2). A

Simulink (MATLAB) diagram of this model is illustrated
in Fig. 14.

Figure 15 portrays the response surface (Part 3—J1

values or fitness function) when the computer model was
run 65,536 times, which must be searched for a minimum.
Part 4 determined the minimum as indicated in Fig. 15. In
Fig. 15, the need to have a genetic algorithm to explore the
solution set is observed, because this function is not
convex in nature. For Part 5, even more subjects (seven
people) were now run in an experimental design condition
as depicted in Fig. 16. Here the optimum condition
(derived from Fig. 15) was compared with alternative
conditions. Part 6 will describe the post hoc analysis of
variance procedure to demonstrate the efficacy of the
proposed method.
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7. THE ANALYSIS OF VARIANCE PROCEDURE FOR POST
HOC ANALYSIS

To perform a true scientific analysis of the post hoc study
in Fig. 16, the objective and hypothesis are first stated:

7.1. Objective and Hypothesis:

The null hypothesis, it is desired to reject, is that the
optimum design of selective parameters from the evolu-
tionary algorithm search did not improve measures of
fitness (empirically derived J1) in a post hoc evaluation
with human subjects. That is, the null hypothesis is given
as follows.

Ho: There is no difference in empirically determined J1

because of the use of (f �t optimum and f �d optimum) as compared
with alternative experimental conditions. The results of
the post hoc study are depicted in Table 1 with the
analysis of variance performed in Table 2.

From Table 2, it is possible to significantly (po0.05)
reject the null hypothesis that the optimum condition (ft-
optimum, fd-optimum) was no different from the alternative
conditions as portrayed in Fig. 16. From the means of the
J1 values in Table 1, it is obvious that J1 is much reduced
at the optimum conditions (ft-optimum, fd-optimum) versus the
alternative choices. The human–machine interface has
been designed for diminished values of J1, within the
range of ft and fd values selected in this post hoc study,
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which are related to both increased accuracy and speed in
tracking. Also, in Table 2, the interaction term is not
significant (p¼ 0.3088) for the choice of these independent
variables, which confirms the earlier assumption that the
construction of the candidate forcing functions (ft and fd)
was such that they would not interact with each other by
the performance measure (J1) selected to be optimized.

Finally, with reference to Fig. 2, for steps 3 and 4 of the
evolutionary algorithm, the optimum was determined by
the minimum of J1 (fitness function), but techniques were
employed to study how the individual speed and accuracy
measures traded off in the optimization. The crossover
rate was 80% with a mutation rate of one tenth of 1%
involving a population of 100. More details on the results
of this study appear in Ref. 19.

8. FUTURE DIRECTIONS IN EVOLUTIONARY
ALGORITHMS RESEARCH

There are many exciting applications of evolutionary
algorithms to physical problems. Reference 3 is a classic
in the sense that it shows how diverse some of these
applications can be. Such algorithms can be used for
pattern recognition problems, optimizing strategies, elec-
trical circuits, and a host of other eclectic applications in
which performing optimal solutions is required when the
variables are of different units and difficult to perform by
traditional methods (4,5). To present a brief summary of
some recent diverse biomedical applications appearing
related to evolutionary algorithms, they include (20) ana-
lysis of eye movements, (21) diagnosis of chest pain, (22)
cancer detection, (23) analysis of gait patterns, for im-
proving medical imaging techniques (24), in radiotherapy
(25), and numerous other areas (26).

9. SUMMARY AND CONCLUSIONS

Evolutionary algorithms provide an exciting venue to
investigate a host of applications that may not be easily
handled by traditional methods. In this article, a numer-
ical and biomedical example are presented in detail to
illustrate the power of using these methods. The user is
only limited by his imagination because this methodology
can be applied to many diverse applications. The future
will show several important problems solved by evolu-
tionary algorithms.
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EXERCISE HYPERPNEA

SUSAN A. WARD

University of Leeds
Leeds, United Kingdom

1. INTRODUCTION

The hyperpnea or increased ventilation of muscular ex-
ercise was likely one of our earliest historical recognitions
of physiological function; yet, it remains a topic of con-
siderable controversy. This contemporary debate discus-
sion was presaged in 1834 by Roget (best known for his
Thesaurus of English Words and Phrases), who in the
context of ‘‘the chemical offices which respiration performs
in the animal economy’’ wrote that ‘‘there is perhaps no
branch of physiology which exhibits in its history a more
humiliating picture of the wide sea of error in which the
human intellect is prone to lose itself ’’ (1). These ‘‘chemical
offices’’ are evident in the stability of arterial PO2 (PaO2),
PCO2 (PaCO2), and pH (pHa) at, or close to, resting levels
over a wide range of work rates (WRs) in healthy humans
at sea level (reviewed in Refs. 2–6).

What is far less clear is exactly how the human
ventilatory control system achieves these ‘‘offices.’’ One
can look as far back as 1855 to Hall (7), who implicated
CO2: ‘‘If one makes a dog run, he begins to pant, it is
because carbonic acid1 is exhaled; the excitant to respira-
tion is increased.’’ Then, in 1858, Miescher-Rüsch (8)
presented the intuitive notion that (what would much
later be termed) negative feedback of CO2 on ventilation
ð
.
VEÞ would ensure stability of alveolar (and thence arter-

ial) PCO2 at rest and with increased metabolism. And as
early as 1888, the likely complexity of the ventilatory
control process in exercise was alluded to by Geppert and
Zuntz (9). That is, based on the results of experiments in
which exercise was induced by electrical stimulation of
hindlimb muscles in spinal-transected dogs, these inves-
tigators posited that ventilatory control was multifactor-
ial, involving some combination of neural reflex drive from
the limbs themselves and a ‘‘humoral’’ drive deriving from
an unspecified chemical factor(s) released from muscle
into the blood.

The role of neural mechanisms in humans was articu-
lated at the start of the twentieth century by Krogh and
Lindhard (10,11), who from simple considerations of re-
sponse latency, argued that the immediacy of the

.
VE

increase at exercise onset (i.e., within the first ‘‘exercise’’
breath) was consistent with mediation by neural (i.e., fast)

mechanisms. This neurogenic mediation might occur
through ‘‘cortical irradiation’’ of a central neural motor
‘‘exercise’’ command to brain stem respiratory-integrating
regions or reflexly via sensory traffic from the exercising
limbs. Humoral mechanisms would contribute only later
in the exercise, which reflected the prevailing views of
Haldane and Priestley (12) and Winterstein (13) that
chemosensory mechanisms sensitive to CO2 or Hþ within
the brain would impose a delay in the expression of any
effect on

.
VE (recognizing the circulatory transport delay

between lungs and brain). These early attempts to dis-
criminate between control mechanisms in terms of latency
provided the foundations for subsequent and more formal
dynamic discrimination techniques. But it would not be
until well into the twentieth century that discrete periph-
eral (carotid body) and central (medullary) ventilatory
chemosensory sites would be identified (14,15), or that
the potential for ‘‘cardiogenic’’ influences (i.e., originating
from the heart and/or central circulation) on

.
VE would be

recognized (16).
Formal application of mathematical control systems

theory to control of the exercise hyperpnea emerged in
the early 1950s, with the pioneering modeling studies of
investigators such as Gray (17), Grodins (18), Defares (19)
and their colleagues. Gray’s closed-loop ventilatory ‘‘multi-
ple factor’’ model (17) (Fig. 1) was characterized by CO2,
hypoxic, and metabolic-acid feedback loops that effected a
simple, proportional negative feedback control of PaCO2,
pHa, and PaO2 in the face of disturbances such as CO2

inhalation, the inhalation of hypoxic inspirates, and the
introduction of a metabolic acid load. The ‘‘plant’’ compo-
nent was represented by the pulmonary gas exchanger
and the blood buffer system; the latter being assumed to
operate under steady-state conditions, with tissue and
pulmonary gas exchange rates being equal and therefore
stability of the associated gas stores capacitance [appreci-
able for CO2, but modest for O2 (21–24)] having been
attained. Alveolar ventilation ð

.
VAÞ was the input variable,

with PaCO2, pHa, and PaO2 being the output variables.
This model structure reproduced well, for example, the
ventilatory response to an inhaled CO2 challenge, i.e., an
increase in PaCO2 evoking an increase in

.
VE in a propor-

tion dictated by the steady-state sensitivity or ‘‘gain’’
ðD

.
VE=DPaCO2Þ. Importantly, such responses require a

sustained or steady-state PaCO2 ‘‘error.’’
However, the growing recognition that PaO2, PaCO2,

and pHa changed little from their resting levels during
moderate exercise suggested the operation of a more-
complex ventilatory control system that would include,
at its simplest, an additional negative feedback element

Feedback loops

Controller
(Controller law)

VA = f(PaCO2
, (H+)a, PaO2

)

Plant
(Plant law)

PaCO2
, PaO2

, (H+)a = f(VA)

PaCO2

PaO2

(H+)a

VA

Figure 1. Gray’s ‘‘multiple factor’’ model. See
text for further details. From Ref. 20 (with
permission).
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proportional to metabolic rate (18–20,25,26) (Fig. 2). This
scenario was argued to obviate the requirement for sus-
tained conventional ‘‘chemical’’ error signals in arterial
blood or in the cerebrospinal fluid, i.e., the milieux of the
carotid body and central chemosensors, respectively.

As the precise physiological equivalent(s) of this ‘‘meta-
bolic’’ feedback were not certain, this prompted the search
for other ventilatory chemosensory structures in locations
where increases in PCO2 (and decreases in PO2) propor-
tional to metabolic rate were expected and demon-
strable—within the mixed-venous blood, for example.
However, no mixed-venous CO2-sensitive chemosensory
sites could convincingly be identified (reviewed in Refs. 2
and 5). An alternative expedient, which harkens back to
the turn of the previous century (see above), was a neuro-
humoral control scheme within which neurogenic feed-
forward drives (i.e., feed forward with respect to arterial
blood–gas and acid–base status) from the exercising limbs
and/or central command provide a ventilatory response in
approximate proportion to the motor command; only ‘‘fine’’
adjustments of

.
VE would then be required of the tradi-

tional humoral pathways to ensure stability of arterial
blood–gas and acid–base status (4,5,27–29). Although
attractive, such schemes nonetheless still require demon-
strable steady-state errors with which to drive the hu-
moral feedback pathway. This remains the fundamental
‘‘dilemma’’ of ventilatory control in exercise.

2. SYSTEM INTERROGATION

Although the early model structures described above were
confined to metabolic steady state, it subsequently became
evident that analysis of the non-steady-state responses of
the ventilatory controller could be considerably more
revealing (see the section on Controller Dynamics).
Thus, classic systems-analysis WR forcing functions
(e.g., step, ramp, sinusoid, impulse, pseudorandom binary
sequence) have been used extensively to interrogate con-

troller dynamics (Fig. 3) (30), which reflects the ease of
effecting accurate moment-to-moment WR control, parti-
cularly with contemporary cycle ergometers.

However, plant interrogation by
.
VA is problematic.

That is, although total ventilation ð
.
VEÞ can readily be

measured and on a breath-by-breath basis, measurement
of

.
VA is indirect and requires knowledge of PaCO2 (see

below). As an expedient, therefore, plant interrogations by.
VE (steps, typically) have been undertaken. These inter-
rogations require subjects to volitionally control

.
VE (i.e.,

through hyperventilation) accurately and reproducibly,
especially during exercise. It should also be noted that
although the conventional controller input signal (i.e.,
WR) is essentially continuous, the plant input ð

.
VEÞ has

less temporal precision as it can be applied at best only on
a breath-by-breath basis.

Direct measurement of the plant outputs (i.e., PaCO2,
pHa, and PaO2) in exercising humans is technically
challenging, because it requires direct arterial cannula-
tion and a temporal density of blood sampling that is hard
to attain with current technology. A useful expedient that
goes some way to resolving these concerns is to sample
from an ‘‘arterialized’’ site, such as the dorsum of the
heated hand that provides PCO2 and pH values indistin-
guishable from arterial (this is not the case for PO2,
however, because of the nonlinear O2 dissociation curve)
(31,32).

Finally, as the various forcing functions differ widely in
their discriminatory power, it is important to optimize the
function to the system response dynamical properties.
Thus, system elements with slow response kinetics are
better interrogated by an appropriately low-frequency
input spectrum than by one with a high-frequency content
(30).

The simplest system structure is first order, which can
be depicted in terms of the transfer function [H(s)]:

HðsÞ¼Ae�sd=ð1þ stÞ; ð1Þ

Controller

VA = f(VCO2
, PaCO2

, PaO2
, (H+)a)

(H+)a = f(PaCO2
, PaO2

, (BHCO3)7.4, Hb)

PaO2
 = f(VA, VO2

, P′
O2

)

PaCO2
 = f(VA, VCO2

, P ′
CO2

)Exercise Met
syst.

Anaerobic threshold

Lactic acid

Plant

Gas exchanger

Blood buffers

(BHCO3)7.4 (Hb)

(H+)a

PaCO2

PiO2
PiCO2

PaO2

VCO2

VO2

VA

Figure 2. Grodin’s ‘‘respiratory chemostat’’ model, adapted for exercise. See text for further
details. From Ref. 20 (with permission).

2 EXERCISE HYPERPNEA



where s is the Laplace notation of the complex frequency
variable, A is the steady-state or zero-frequency controller
or plant response amplitude, d is the response delay, and t
is the response time constant. The assumption of such a
model is that the Boltzmann principle of superposition
should be satisfied, i.e., conferring dynamic linearity, such
that A, d, and t are independent of the input forcing-
function format and characteristics (33,35). The Dirac
delta function or unit impulse function, infinitesimally
narrow and infinitely tall with an area of unity, provides a
fundamental frame of reference in this general regard.

2.1. Step Function

For a first-order system, a step increase in input will
produce an exponential response beginning at the onset
of the step (Fig. 3). For the controller, appropriate famil-
iarization of the subject is recommended to minimize the
likelihood of an extraneous ‘‘startle’’ effect (e.g., a gasp or
mistimed breath) in the

.
VE response profile at exercise

onset. In addition, as there is only an infinitesimally short
time over which the associated high stimulus frequencies
are injected (i.e., at the step), the step function has a
relatively low discriminatory power.

In the case of the plant, subject familiarization is also
important, so that the required

.
VE (input) profile can be

generated with precision. Step amplitude is constrained
by the requirement to prevent PaCO2 (the output) falling
to levels that could compromise subject safety (marked
hypocapnia induces dizziness and even loss of conscious-
ness).

It is important to recognize that dynamic response
discriminability is also influenced by the degree of system

‘‘noise.’’ Controller responses ð
.
VEÞ are typically ‘‘noisy’’ in

conscious humans, with the noise conforming to a Gaus-
sian (or white) characteristic (35). The output signal:noise
ratio can be improved by imposing discrete repetitions of
the step input, from which an ensemble-averaged re-
sponse profile can readily be derived; i.e., the influence
of the noise is reduced, so enhancing the underlying
deterministic component of the response (35–37).

2.2. Ramp Function

The ramp function, being the integral of the step function,
is characterized by a constant rate of input increase (Fig.
3). The corresponding first-order ramp response is simi-
larly defined as the integral of exponential step response
(principle of superposition) (Fig. 3). That is, after an initial
dynamic phase, the response increases linearly with re-
spect to time (and therefore the input) and thus lags the
corresponding steady-state response by a duration equal
to t for the step response (Fig. 3).

The WR ramp has been less widely used for controller
interrogation than the WR step function (30), which
reflects the limitations imposed on response definition by
its low-frequency input spectrum. However, the grada-
tional character of the WR ramp has the advantage of not
exposing subjects to abrupt, perceptible changes in WR
that can readily be reflected in

.
VE startle reactions.

2.3. Impulse Function

As the impulse is the differential of the step, it is char-
acterized by an infinitely large increase in input that is
imposed for an infinitesimally short period of time (i.e., the

Input Output, Y(t)

VentilationWork rate

Forcing
function

1. Step

2. Ramp

3. Impulse

4. Sinusoid

5. P.R.B.S.

Pattern Pattern

�

�

�

Equation

∆YSS

∆Y(t) =

∆Y(t) =

∆Y(t) =

∆Y(t) =

Repeating
random function

∆YSS(1−e−t /�)

∆YSS [t−� (1−e−t/�)]

A(sin wt + �)

Ae−t/�

Figure 3. Profiles of ventilatory response of a
linear, first-order system to the major work-rate
forcing functions. See text for further details.
From Ref. 30 (with permission).
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Dirac delta function) (Fig. 3). In practice, however, it is
approximated by a short (with respect to the exponential
dynamics) pulse of defined, large amplitude. Again, the
first-order ramp response is the differential of the step
response: After an initial abrupt increase, the response
declines exponentially with a t equal to that for the step
response (principle of superposition) (Fig. 3). The impulse
allows very high stimulus frequencies to be injected,
although (as for the step) this is confined to a very short
period. For the controller, there is the additional concern
that the

.
VE response may be ‘‘contaminated’’ by startle

reactions at the onset of the WR impulse.

2.4. Sinusoidal Function

Unlike the previous functions that can be readily analyzed
in the time domain, the use of sinusoidal and pseudoran-
dom binary sequence (PRBS) functions demands fre-
quency analysis (Fourier analysis). Another departure is
that the responses to these functions incorporate both on-
and off-transient components, which yields ‘‘lumped’’ ki-
netic parameters. Thus, dynamic system linearity is a
prerequisite (30).

A single sine-wave input function comprises a repeat-
ing series of identical sine waves (i.e., constant peak-mean
amplitude and frequency) (Fig. 3). The first-order re-
sponse to a given input sinusoid occurs with the same
frequency (o), but with a phase delay relative to the input
sine wave (f, ¼ tan� 1 t/o) and a peak-to-mean amplitude
[A0,¼ (A/O(1þ t2o2))] that is less than that expected from
the steady-state response (A) (Fig. 3).

The repeating character of the sine-wave input allows
the influence of noise to be reduced by ensemble-averaging
(see above), although the first few cycles in the response
sequence should be discarded as the full sinusoidal re-
sponse is not achieved immediately (reflecting the influ-
ence of the response kinetics). Kinetic parameters are
estimated from the set off and A0 values that are obtained
over a wide range of input frequencies, e.g., for controller
kinetics (38–41).

2.5. PRBS

The PRBS comprises a series repeated random (hence,
‘‘pseudorandom’’) input sequences that switch in a step-
wise fashion between two preassigned values (Fig. 3). The
first-order PRBS response can thus be viewed as a repeat-
ing sequence of consecutively increasing and decreasing
exponential components having the same t; whether these
exponential elements have sufficient time to develop to
their appropriate steady-state value will depend on t and
the duration of the particular step element (Fig. 3).
Kinetic parameters can be estimated in the frequency
domain or in the temporal domain (auto- and cross-
correlation). An advantage of the PRBS forcing over the
sinusoid is that a wider spectrum of stimulus frequencies
can be injected in a given time interval. Controller inter-
rogation has been undertaken with WR PRBS-forcings
(42,43), with the expedient of low-pass input filtering to

reduce the predisposition to startle responses at the WR
transitions (see above).

3. PLANT DYNAMICS

As has been discussed elsewhere in this volume (EXERCISE

PHYSIOLOGY by B. J. Whipp), both controller and plant
response kinetics depend on the intensity of the exercise.
Thus, the WR range for which there is no sustained
increase in arterial blood [lactate] ([lactate]a) convention-
ally defines the ‘‘moderate-intensity’’ domain, whose upper
limit is defined by the lactate threshold (yL, also termed
‘‘anaerobic threshold’’ by some). It is now generally ac-
knowledged that pHa regulation is the primary controller
outcome in moderate exercise (see below). The absence of
net metabolic acid production in this intensity domain
allows regulation of pHa to be effected through PaCO2

(this also ensures effective stability of PaO2), as dictated
by the Henderson–Hasselbalch relationship):

pHa¼pK 0 þ logð½HCO�3 �a=aPaCO2Þ; ð2Þ

where a is the CO2 solubility coefficient and HCO3
� is the

bicarbonate. Above yL, however, pHa regulation occurs at
the expense of PaCO2 stability (see below).

3.1. Moderate Exercise

The plant law (i.e., the transform of
.
VE into PaCO2)

incorporates the appreciable body-tissue CO2 stores. It
should be noted, also, that ventilatory interrogation tar-
gets the ‘‘arterial’’ stores, in the first instance, i.e., those
tissue stores that are perfused by arterial blood. And as
PaCO2 is stable during moderate exercise, the arterial
stores are affected only in as much as their perfusion
changes with exercise (21–23).

Each stores compartment functions as a CO2 capaci-
tance that can be ‘‘charged’’ when the compartment PCO2

increases and ‘‘discharged’’ when it falls. However, the
component elements of the body CO2 stores are highly
heterogeneous in terms of their particular dynamic fea-
tures, ranging from tissues such as bone that have very
slow exchange characteristics (of the order of days to
weeks) to rapidly exchanging tissues such as blood and
exercising muscle (of the order of a few minutes) (21–24).
It is these latter elements that are influential during the
acute challenge of exercise.

As has been discussed elsewhere in this volume (EX-

ERCISE PHYSIOLOGY by B. J. Whipp) and in Ref. 6, metabolic
CO2 production ð

.
QCO2

Þ in the exercising muscles increases
in proportion to WR, whose magnitude is dictated by the
corresponding metabolic O2 consumption ð

.
QO2
Þ and the

respiratory quotient (RQ¼
.
QCO2

=
.
QO2

, which is a function
of the metabolic substrate mixture undergoing oxidation).
This process, in turn, elicits an increases in muscle-tissue
and muscle-venous CO2 contents (CMCO2, CvMCO2). The
profile of CvMCO2 increase depends on the muscle blood1The hydration product of carbon dioxide.
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flow ð
.
QMÞ increase (through the Fick principle):

CvMCO2¼CaCO2 �
.
QCO2=

.
QM; ð3Þ

where CaCO2 is the arterial CO2 content.
As a result of the exercise-induced increases in CMCO2

and CvMCO2, additional CO2 is taken up into the acces-
sible rapidly exchanging stores in exercising muscle and
its venous effluent (21–23,44); note that these are not,
strictly speaking, necessarily equivalent to the arterial
stores. The stores wash-in occurs to an extent that is
dictated by the local PCO2 through the transform of the
local CO2 dissociation curve, i.e., the relationship between
CO2 content (CO2 carried as dissolved CO2, and in chemi-
cal combination as HCO3

� and as carbamino-CO2 on
hemoglobin in blood and myoglobin in type I muscle fibers)
and PCO2. Thus, not all CO2 produced in exercising
muscle in response to a step increase in WR actually
reaches the lungs for subsequent clearance (2,45). Rather,
a fraction is taken up into the rapidly exchanging stores
(to be released again during the subsequent off-transient);
also contributory is the transient alkaline shift induced by
phosphocreatine breakdown. As a result, the kinetics of
pulmonary CO2 output ð

.
VCO2
Þ will be appreciably slower

than those of
.
QCO2

(Fig. 4). By contrast, as the tissue O2

stores are small, the kinetics of pulmonary O2 uptake
ð
.
VO2
Þ will not manifest such a slowing relative to

.
QO2

(see
the section on Controller Dynamics).

However, there has been little formal investigation of
the plant dynamics in exercise. That is, the arguments
above are based to a considerable extent on assumption
rather than on direct measurement, because of technical
constraints in humans (e.g., with respect to measurement
of

.
QCO2

and the slope of the local CO2 dissociation curve in
the region of interest). The expedient of interrogating the
plant with volitionally controlled profiles of

.
VE has been

employed relatively widely at rest (46), with end-tidal
PCO2 (PETCO2) profiles being used as an indirect mea-
sure of PaCO2 (21–24). This represents a far greater

challenge during exercise, however. Not only does
PETCO2 provide a poor surrogate for PaCO2 (47–49), but
also subjects are challenged for more than at rest in
generating the desired

.
VE profiles (see above). It is of

interest, therefore, that the CO2 stores washout kinetics
have been reported to be faster during moderate exercise
(t¼99 s at 80 W, and t¼ 167 s at 40 W) than at rest (t¼
335 s), this effect being ascribed to an improved stores
perfusion with increasing WR (50).

3.2. Suprathreshold Exercise

Although
.
VCO2

kinetics for moderate exercise conform to
first order, complexities are introduced when WRs exceed
yL, which reflects muscle and venous stores washout as a
result of the lactic acidosis (2,3,45,51) (Fig. 4). First, the
buffering of a portion of the metabolic proton (Hþ ) load by
HCO3

� releases appreciable volumes of CO2 from muscle
and blood stores, which is in addition to the ongoing
metabolic CO2 production (see EXERCISE PHYSIOLOGY by B.
J. Whipp, this volume). At WRs for which the increase in
[lactate]a and associated decrease in [HCO3

� ] can even-
tually stabilize (see EXERCISE PHYSIOLOGY by B. J. Whipp,
this volume and Refs. 3 and 47 [i.e., within the heavy-
intensity WR domain, whose upper limit is set by ‘‘critical
power’’ (CP)], the overall volume of CO2 released by
buffering is proportional to the steady-state decrement
in [HCO3

� ]. Importantly, however, the CO2 release occurs
only when [HCO3

� ] is actually falling, with the instanta-
neous rate of release being proportional to the rate of
[HCO3

� ] decrease (d[HCO3
� ]/dt) (45).

Secondly, recognizing that the buffering process is not
completely effective and that pHa therefore falls above yL,
there is a consequent stimulation of

.
VE to provide ‘‘re-

spiratory compensation’’ for the metabolic acidemia (see
the section on Controller Dynamics). The fall of PaCO2

that constrains the fall in pHa reflects the release of CO2

from the arterial CO2 stores, at a rate that reflects the
time course of the

.
VE increase (45,52) and that proves to

be surprisingly slow (see the section on Controller Dy-
namics) (Fig. 4). Indeed, reflective of these slow

.
VE

kinetics, the volume of released CO2 is far greater for
slow ramp exercise than for fast (45,52).

Finally, it might not be unreasonable to expect an
additional ‘‘metabolic’’ component of

.
VCO2

response to
become evident above yL, consequent to the delayed,
slow, and ‘‘excess’’

.
VO2

component that becomes discern-
ible at supra-threshold WRs (see EXERCISE PHYSIOLOGY by B.
J. Whipp, this volume).

The resulting
.
VCO2

profile is consequently not readily
predictable. An overshooting profile can be evident, which
is reflective of a substantial buffering component early in
the exercise transient (Fig. 4) (4,45,53). In contrast, when
this component is less striking, it can fortuitously result in
a

.
VCO2

profile that appears exponential and with substan-
tially faster kinetics than for moderate exercise (4). It is
important to recognize that an exponential description
under such circumstances is merely an empirical expedi-
ent that obscures the underlying complexities of CO2

stores wash-in and washout, and a single kinetic descrip-
tor is therefore misleading.

V
C

O
2

(H
C

O
3− )

a

3 - hypervent.
1- aerobic 

2 - buffering

Total = 1 + 2 + 3

Time

Figure 4. A schematic depiction of the contributions to the CO2

output response in response to supra-threshold step exercise. See
text for further details.
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4. CONTROLLER DYNAMICS

4.1. Moderate Exercise

In response to the application of a moderate-intensity
step-WR challenge, the associated pulmonary gas ex-
change responses evidence three distinct temporal phases
(see EXERCISE PHYSIOLOGY by B. J. Whipp, this volume).
‘‘Phase 1’’ (f1) represents a short period after exercise
onset (typically 15–20 s) during which events at the lungs
are transiently isolated from the effects of increased
muscle metabolism because of the intervening vascular
transit delay. And, as recognized by Krogh and Lindhard
almost a century ago (10), any increases in

.
VO2

and
.
VCO2

are thus dictated by increases in venous return and
therefore cardiac output ð

.
QÞ. Subsequently, in ‘‘phase 2’’

(f2), the increased muscle metabolic rate becomes evident
in a decreasing mixed-venous O2 concentration and an
increasing mixed-venous CO2 concentration, which
further drives

.
VO2

and
.
VCO2

toward their new steady-
state or ‘‘phase 3’’ (f3) values. It is convenient, therefore,
to consider ventilatory control within this frame of refer-
ence.

4.1.1. Phase One.
.
VE increases abruptly and with no

discernible delay at the onset of step (or constant-load)
exercise imposed from rest in the upright posture, and it is
sustained at a relatively stable level for the entire f1
duration (some 15–20 s (10,27,36) (Fig. 5a). This precludes
an involvement of conventional chemoreception (i.e., in-
volving proportional control via carotid body and/or cen-
tral chemoreflexes) (see the Introduction); support for this

proposal is provided by the lack of effect on the f1
hyperpnea by alterations in chemoreceptor activity (e.g.,
carotid chemoreceptor stimulation by acute hypoxia) (re-
viewed in Refs. 6,27,54 and 55. Rather, investigators have
traditionally argued for an involvement of neural feed-
forward mechanisms, such as (1) a ‘‘central command’’ or
locomotor drive originating in motor regions of the cortex
and hypothalamus; and/or (2) muscle reflexogenic drives
from mechanoreceptors stimulated by local mechanical
distortion, and chemoreceptors stimulated by local eleva-
tions in products of metabolism (e.g., CO2, Hþ , lactate)
and potassium (Kþ ), bradykinin, and arachidonic acid
derivatives (reviewed in Refs. 2,5,27–29,56 and 57).

But although it has been well documented that experi-
mental stimulation of central command mechanisms (e.g.,
in the cortex and hypothalamus) and muscle somatic
afferents in animal preparations can elicit prompt in-
creases in

.
VE (reviewed in Refs. 5,27–29,56 and 57), it is

not at all certain that these are essential for f1
.
VE control

in humans (reviewed in Refs. 58 and 59). Indeed, an
observation that challenges a major role for chemosensi-
tive muscle afferents is the more rapid recovery of

.
VE at

exercise onset when muscle metabolites produced in ex-
ercise are trapped within muscle by experimental vascu-
lar occlusion (60). Furthermore, in subjects with spinal
cord transection, dynamic thigh exercise induced by
rhythmic electrical stimulation of the quadriceps muscles
induces a rapid

.
VE increase at exercise onset, despite the

exercise not being volitional and there being no intact
somatic reflex pathways from the exercising muscles.
Also, the f1

.
VE increase is largely unaffected by increas-

ing the size of the WR step, although this would be
expected to invoke proportional increases in central com-
mand and muscle neurogenic drive to the force-generating
muscle units. In addition, simply changing the initial
condition from rest to mild exercise, or changing the
posture from upright to supine, results in an appreciable
attenuation and slowing of the f1

.
VE response (Fig. 5b),

despite an unchanged amplitude of the WR step (and
presumably of central command and muscle drive)
(36,61). Thus, were such neurogenic drives to serve as
the controller input, then a common proportional control-
ler structure could not account for what are essentially
zero-order kinetics when rest is the initial condition (59)
being ‘‘converted’’ to first-order kinetics (with a t of the
order of 10 s) when mild cycling is the initial condition
(34,42,62–64).

These observations could, however, be reconciled if the
controller input profile was not a simple proxy of WR (e.g.,
central command or muscle reflex drive). This was recog-
nized in 1974 by Wasserman et al. (65), who proposed that
the f1 hyperpnea was initiated and driven by the con-
comitant increase in pulmonary blood flow ð

.
QPÞ, i.e., a

‘‘cardiodynamic’’ hyperpnea. Their assertion was based on
the demonstration that (1) the f1 increases in

.
VO2

and.
VCO2

were of similar magnitude, at a time when the mixed
venous gas contents were unchanged, implying their
cardiogenic mediation (10); and (2) a concomitant stability
of PETO2, PETCO2, and the respiratory exchange ratio
(R) that suggested the f1 responses in

.
QP and

.
VE were

proportional (2,65,66), as was subsequently then demon-
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Figure 5. Ventilatory ð
.
VEÞ, CO2 output ð

.
VCO2
Þ, and O2 uptake

ð
.
VO2
Þ responses to moderate-intensity step (6 min) cycle-erg-

ometer exercise beginning either at rest (left) or from unloaded
pedaling (right). Note the more abrupt changes at the transition
from rest and, in both cases, the slower time course for

.
VE and.

VCO2
towards the steady state than for

.
VO2

. From Ref. 35 (with
permission).
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strated (67–69). This proposition readily accommodated
the apparently discrepant f1

.
VE response profiles asso-

ciated with changes in initial condition (see above), as the
f1

.
QP response has since been shown to be abrupt for rest-

to-work WR steps in the upright posture (67,69–71), while
being slower and smaller both for work-to-work steps in
the upright posture (71) and supine rest-to-work steps
(69,70,72). Furthermore, a neural substrate for such a link
was supported by demonstrations in animals that

.
VE can

respond promptly to stimulation of cardiac afferents (73)
and vascular distension of the heart and adjacent vascu-
lature (74).

Less easy to accommodate, however, are the observa-
tions that the f1 hyperpnea is still evident when the

.
QP

response at exercise onset is attenuated [as in humans
after cardiac transplantation (75–77)] or absent [as in the
calf with an implanted artificial Jarvik-type heart (78)]. In
addition, an abrupt increase in

.
QP at rest in patients with

permanent, demand–type pacemakers was reported not to
elicit an immediate hyperpnea (79). It is of interest,
therefore, that

.
VE has been shown (both in humans and

in animals) to respond in proportion to experimentally
induced increases in exercising-muscle vascular conduc-
tance and/or tissue pressure (reviewed Refs. in 6 and 80);
events that can be sensed by group III and IV muscle
afferents. However, whether this peripheral locus is the
seat of normal f1

.
VE control in humans remains to be

resolved.

4.1.2. Phase Two. In response to a range of classic
dynamic WR forcing functions (e.g., square wave, ramp,
impulse, sinusoidal: Fig. 3), the predominant phase 2 (f2).
VE component responds as a linear first-order process, as
do

.
VO2

and
.
VCO2

(see EXERCISE PHYSIOLOGY by B. J. Whipp,
this volume and Refs. 6,36,45,58,64,81 and 82) (Fig. 5). For
a step WR forcing, this yields

D
.
VEðtÞ ¼D

.
VEðssÞ � ð1� e�ðt�dÞ=tÞ; ð4Þ

where D
.
VEðtÞ is the

.
VE increment at time t, D

.
VEðssÞ is the

steady-state
.
VE response, and d is a delay term that is

reflective (in part, at least) of the limb-to-lung vascular
transit time (reviewed in Refs. 6,58 and 59). t

.
VE is of the

order of 55–60 s, which interestingly, is only marginally
slower than t

.
VCO2

(B50–55 s) and therefore appreciably
slower than t

.
VO2

(B30–40 s). That is, as discussed earlier
(see the section on Plant Dynamics), the intervening
rapidly exchanging CO2 stores serve to slow

.
VCO2

relative
to

.
VO2

.
These temporal relationships prove insightful. The

only slightly slower time course of
.
VE, relative to

.
VCO2

,
suggests that

.
VE may be coupled in some way to the

pulmonary CO2 clearance rate or some close proxy but not
to the muscle metabolic rate (i.e.,

.
QO2

or
.
QCO2

) or to the
pulmonary O2 exchange rate. This proposition is sup-
ported by demonstrations that this dynamic ‘‘coupling’’ is
maintained when

.
VCO2

kinetics are speeded or slowed by
experimental intervention (reviewed in Refs. 2,6 and 58).

Importantly, the slow exponential f2
.
VE response

profile does not readily cohere with the step-like profile

one would predict from simple (zero-order) proportional
neural mediation by central command or muscle reflexo-
genic drives. Also, the off-transient f2

.
VE kinetics for both

step and impulse WR forcings (i.e., when the legs are no
longer moving, and central command and muscle drives
are therefore presumably absent) are indistinguishable
from those during step on-transients (reviewed in Refs. 6
and 58). Furthermore, subjects with spinal cord transec-
tion (see the section on Phase One) manifest f2

.
VE

kinetics during electrically induced quadriceps exercise
that remain closely associated with those of

.
VCO2

, as is the
case for normal subjects (28,58,83).

It has, however, been pointed out slow
.
VE kinetics in f2

do not necessarily preclude slow neurogenesis (5,29).
Thus, the demonstration in animals that

.
VE declined

slowly and exponentially back to baseline over several
minutes, rather than abruptly, after abruptly ceasing
stimulation of limb muscle afferents, central chemosen-
sory sites on the ventral medullary surface, or the carotid
bodies, led to proposals that the slow

.
VE kinetics in f2

represented a ‘‘short-term potentiation’’ phenomenon
within the central nervous system (5,29). Although this
postulate has attractive features, it is not all clear how the
operation of such a mechanism could incorporate informa-
tion relating to pulmonary CO2 clearance kinetics, so as to
dynamically ‘‘couple’’

.
VE to

.
VCO2

(6,58).
So, how might

.
VE be coupled to

.
VCO2

? This is not at all
clear. The available evidence suggests that the carotid
bodies initiate the f2

.
VE response. Thus, when a high-O2

(or hyperoxic) gas mixture is inhaled that is known to
silence the carotid chemoreflex in humans, the f1–f2
transition for

.
VE is delayed relative to normoxic condi-

tions (54,84). One should expect also that the f1–f2
transition for

.
VE will be delayed, relative to that for

.
VO2

and
.
VCO2

, by the lung-to-carotid body vascular transit
time. This delay has not yet been demonstrated, however.

In addition, the carotid bodies exert an appreciable
influence on the f2

.
VE kinetics (reviewed in Refs.

6,55,58,85 and 86). When their activity is suppressed by
procedures such as hyperoxia (Fig. 6), infusion of subcli-
nical doses of dopamine, metabolic alkalemia (induced by
ingestion of sodium bicarbonate), or surgical resection,
t
.
VE is lengthened both in absolute terms and relative to
t
.
VCO2

. In contrast, increasing carotid body activity by
inhalation of an hypoxic gas mixture (Fig. 6) or metabolic
acidemia (induced by ammonium chloride ingestion)
shortens t

.
VE.

The mechanisms underlying this kinetic modulation
are unclear, however. It should be recognized that there is
a modest transient hypoxemia in f2 (87,88), consequent to
the disparity between t

.
VE and t

.
VO2

. Any corresponding
transient increase of PaCO2 is less easily discerned, as the
kinetic dissociation between

.
VE and

.
VCO2

is small (89).
However, the modest degree of the asphyxia, coupled with
a low ventilatory responsiveness to hypoxia in the nor-
moxic to mildly hypoxic region, seems to preclude its
involvement to any significant extent in conventional
proportional chemoreflex control of

.
VE in f2 (reviewed

in Refs. 6,55 and 85). An element of integral control might
not be subject to such constraints, as this would have the
potential to elicit hyperpnea with only a transient hu-
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moral error signal being required (2); this intriguing
notion has yet to be comprehensively pursued, however.
A role has also been suggested for Kþ , a known carotid-
body stimulant (90,91). However, the demonstration that
the f2 [Kþ ] kinetics are appreciably faster than those of.
VE is not suggestive of a close proportional-control linkage
(92); i.e., the excitatory action of Kþ at the carotid
chemoreceptors is prompt.

One scenario that does not depend on there being a
sustained disturbance in arterial blood–gas or acid–base
status was provided in 1960 by Yamamoto (93). This
scenario was based on the recognition that the discontin-
uous nature of pulmonary ventilation relative to pulmon-
ary perfusion created a within-breath oscillation in
alveolar and arterial PCO2 (and therefore pHa), whose
amplitude and rate of change increased in broad propor-
tion to

.
VCO2

(94–96). If an appropriate component of this
humoral oscillation (such as the slope of the falling pH
phase) was transduced by the carotid chemoreceptors with
reasonable fidelity, a ventilatory drive proportional to.
VCO2

could be created independent of any ‘‘steady-state’’
error in PaCO2 (and, therefore, pHa). Furthermore, the
gain of this mechanism has the potential to be modulated
by the ‘‘phase-coupling’’ of the oscillating chemoreceptor
discharge to the ongoing respiratory cycle (54,95–98).
However, despite increases in both the rate of change
and the amplitude of the PaCO2-Hþa oscillation soon after
exercise onset (94), no consistent ‘‘sensitizing’’ alteration
in the phase-coupling characteristic has yet to be demon-
strated either in f2 (99) or in f3 (100).

A natural second line of defense might be expected to
reside at the CO2-sensitive central chemoreceptors. And,
indeed, the prolongation of the f1–f2 transition during
hyperoxia (see the section on Phase One) is compatible
with estimations of the central chemoreflex latency to
experimentally induced PaCO2 increase (55). However,
again, the lack of an overt sustained error in either local
PCO2 or pH is problematic. And, compellingly, the f2

.
VE

kinetics are normal in conditions where central chemore-

flex responsiveness (to inhaled CO2) is attenuated or even
absent, as has been demonstrated in patients with con-
genital central hypoventilation syndrome (101).

4.1.3. Phase Three. The demonstration that
.
VE in f2 is

closely matched to CO2 clearance extends through to the
steady state. For example, when a proportion of the
intrinsic f3 ventilatory drive is ‘‘extrinsically’’ subsumed
by a servo-assisted positive-pressure ventilator,

.
VE initi-

ally increases but then declines back to its earlier control
level consequent to a proportional compensatory reduction
in ‘‘intrinsic’’ drive both for moderate exercise (102) and
for heavy-intensity exercise (103), i.e., with no sustained
hypocapnia. This result is not what would be expected if
central command and/or muscle reflexogenic drives were
the exclusive (or proportionally necessary) controlling
mechanisms, however. That is, as motor drive (and any
linked feedback influence) would be unaffected during the
assistance, the intrinsic ventilatory drive would also be
expected to be unaffected;

.
VE would consequently remain

elevated with sustained hypocapnia.
What is challenging, however, is that—as for the non-

steady-state phases of exercise—
.
VE in f3 seems surpris-

ingly robust in the face of particular sensory ‘‘deficits.’’ For
example, despite the carotid chemoreceptors being argued
to support about 20% of the f3 hyperpnea (6,27,58,85),
when they are absent (i.e., in subjects who have under-
gone bilateral carotid body resection),

.
VE and PaCO2 are

nonetheless within normal limits. Similarly, in patients
with congenital central hypoventilation syndromes, the
f3

.
VE response ensures stability of PaCO2 (although at an

elevated set-point) (101,104). This is also the case in
subjects with spinal cord transection undergoing electri-
cally induced quadriceps exercise (28,58,83). Thus, the
cluster of mechanisms that are essential for the expres-
sion of a normal exercise hyperpnea seems perplexingly
small, certainly for moderate exercise.

This situation might be reconciled, in theory, if the
ventilatory controller possessed elements of redundancy,
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Figure 6.
.
VE responses to moderate-intensity

step cycle-ergometer exercise from a back-
ground of unloaded pedaling, against hypoxic,
normoxic and hyperoxic backgrounds (inspired
[O2]¼0.12, 0.21, and 1.00). Left: on-transient
responses, with the best-fit exponential super-
imposed. Center: off-transient responses, with
the best-fit exponential superimposed. Right:
off-transient responses (reversed) superimposed
on the corresponding on-transient responses
(note ‘‘on-off ’’ symmetry). Modified from Ref.
86 (with permission).
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with reciprocally inhibiting neurogenic and humoral path-
ways, which is a scheme that Barcroft (105) posited as
early as 1934. However, the issue of the identity of the
putative humoral pathway(s) is still not resolved: For
example, the proposal that the within-breath PaCO2-Hþa
oscillation might subserve this function (106,107) has
been called into question (see the section on Phase Two).

An alternative ‘‘optimization’’ strategy has been pro-
posed, through which

.
VE is driven via a criterion function

located within the ponto-medullary respiratory integrat-
ing regions that minimizes the combined ‘‘humoral cost’’ of
regulating PaCO2 (via conventional proportional carotid
and central chemoreception) and the ‘‘mechanical cost’’ of
generating the

.
VE response (via pulmonary-mechanical

afferent drives) (108–111). However, it is unclear to what
extent such schemes participate in the normal control of
the exercise hyperpnea. For example, afferent denervation
of the lungs and chest wall structures in animals (by vagal
afferent blockade or hilar denervation) does not influence.
VE at rest or during exercise (reviewed in Ref. 29). Also, as
discussed above, the exercise hyperpnea is not compro-
mised in the absence of conventional ventilatory CO2-
sensitivity (as in congenital central hypoventilation syn-
dromes) (101,104).

A different line entirely was taken by investigators who
argued that the set-point at which PaCO2 (and pHa) was
regulated during moderate exercise was labile, being
subject to what has been termed ‘‘respiratory memory’’
or ‘‘long-term potentiation’’ (LTP) (97,112). LTP has been
reported with associative conditioning via external dead-
space loading in goats (113,114) and in humans (114,115).
Thus,

.
VE at a given WR was found be influenced by

‘‘hyperpneic history.’’ That is,
.
VE was reported to be

greater (and, therefore, PCO2 lower) after a series of
repeated work bouts during which subjects breathed
through an external dead space than before the loading
intervention. This manifestation of LTP has been ascribed
to plasticity in the ventilatory controller, which possibly
involves central serotonergic mediation (97,114,116), and
is consistent with Somjen’s (117) hypothesis that an error-
free control system may operate through central nervous
system control that ‘‘anticipates present and future needs
on the basis of past experience.’’

As attractive as this postulate might seem at first sight,
however, one should acknowledge that the LTP has not
been universally demonstrable in exercising humans
(115,118–120). Although this may reflect, in part, metho-
dological issues (see Ref. 120 for discussion), when

.
VE is

normalized appropriately (i.e., relative to
.
VCO2

) and a
robust noninvasive index of PaCO2 is used (i.e., mean
alveolar PCO2, rather than PETCO2: see Ref. 49 for
discussion), the hyperpneic response is not different from
control either in f3 or in f2 (120).

Thus, to date, no convincing control substrate can
accommodate the close coupling of

.
VE to

.
VCO2

during
both the non-steady-state and the steady-state of moder-
ate exercise, and the apparent redundancy of key putative
drives.

4.2. Suprathreshold Exercise
.
VE kinetics above yL are far more complex than for
moderate exercise. That is, whatever the identity of the
controller mechanism(s) in moderate exercise, all higher
WRs are challenged by the sequellae of the sustained
metabolic (lactic) acidosis (see EXERCISE PHYSIOLOGY by B.
J. Whipp, this volume). Thus,

.
VE is further challenged by

(1) the increased pulmonary CO2 clearance caused by
intracellular and blood HCO3

� -buffering of Hþ associated
with lactate production; (2) the additional demand to
provide respiratory compensation to constrain the falling
pHa (2,3,45,47), and (3) a slow, delayed

.
QCO2

contribution
consequent to the ‘‘excess’’

.
VO2

component (see the section
on Plant Dynamics). Finally, the primary respiratory
compensation might be expected to be constrained by the
lowering of PaCO2 offsetting the degree of carotid chemor-
eceptor activation (see below) and the consequent respira-
tory alkalosis in the cerebrospinal fluid (4) similarly
offsetting central chemoreceptor discharge (reviewed in
Refs. 2,6 and 58).

These additional nonlinearities present a substantial
analytical challenge to formal characterization of supra-
threshold

.
VE kinetics and may explain why their char-

acterization has received little systematic attention to
date [in contrast to

.
VO2

(see EXERCISE PHYSIOLOGY by B. J.
Whipp, this volume)]. However, it is known that for WR
steps in the ‘‘heavy-intensity’’ domain (i.e., between yL and
CP), not only does [lactate]a eventually stabilize but so do
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Figure 7. Responses of arterial lactate and bicarbonate concen-
trations to moderate, heavy and very-heavy step cycle-ergometer
exercise. Note that the exercise could not be sustained for the full
50-min period at the two higher work rates. From Ref. 47 (with
permission).
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pHa, [HCO3
� ]a and

.
VCO2

(reviewed in Refs. 3,45,47 and
58) (Figs. 4, 7 and 8) (see the section on Plant Dynamics).
Interestingly, as the respiratory compensation develops
surprisingly slowly (see below) and therefore may not be
fully developed unless the work bout is prolonged, it is not
necessarily the case that

.
VE will also stabilize. Early in

the on-transient
.
VE therefore follows

.
VCO2

with no evi-
dence of PETCO2 or PaCO2 starting to fall; rather, as for
moderate exercise (89), there is a transient hypercapnia
(121) (Fig. 8). This behavior is expressed during rapid WR
ramps as a phase of ‘‘isocapnic buffering’’ with stability of
PETCO2 and PaCO2 (i.e., rather than the developing
hypocapnia characteristic of slower ramp forcings) that
emerges at yL; thus, the onset of respiratory compensation
is delayed (122). In the ‘‘very-heavy’’ and ‘‘severe’’ inten-
sity domains, as [HCO3

� ]a and pHa continue to decline
throughout the exercise to the limit of tolerance, and
[lactate]a and

.
VCO2

continue to increase (reviewed in

Refs. 3,45,47 and 58) (see the section on Plant Dynamics)
(Figs. 4 and 7),

.
VE will also continue to increase.

It is now generally agreed that the respiratory com-
pensation for the metabolic acidosis is initiated largely, if
not exclusively, at the carotid bodies via stimuli such as H
þ , Kþ , catecholamines, adenosine, osmolality, and in-
creased temperature (reviewed in Refs. 2–
4,6,55,85,89,121 and 123). That is, not only is respiratory
compensation absent in carotid-body-resected subjects,
but it is also appreciably reduced in normal subjects
when hyperoxic gas mixtures are breathed (Fig. 8).

What is surprising and not easy to explain, however,
are the slow kinetics of the respiratory compensation both
for WR step-forcings (120) (Fig. 8) and for ramp-forcings
(45,52,122,124) (Fig. 3 from EXERCISE PHYSIOLOGY by B. J.
Whipp, this volume). This behavior contrasts with the
brisk response of the carotid chemoreceptors to experi-
mentally induced metabolic acidosis (98,125,126), and has
been suggested to reflect the existence of some time- or
amplitude-related threshold for [Hþ ] above yL (58). It has
been recently suggested that this behavior may reflect, in
part at least, modulation of the activity of the primary ion
channel purported to be involved in carotid chemorecep-
tion—the oxygen-sensitive potassium channel (127).

Whether the carotid chemoreceptors are entirely es-
sential for the expression of respiratory compensation is
not entirely clear, however. During prolonged constant-
load heavy exercise, a slow and restoration of pHa back
toward normal has been demonstrated when carotid che-
mosensitivity was suppressed by hyperoxia (121) (Fig. 8),
which might reflect a slow leakage of protons (and/or some
other related stimulus), the relatively proton-imperme-
able blood-brain barrier from arterial blood into the
cerebrospinal fluid (128), leading to central chemoreceptor
excitation.

And, finally, the early reports that patients with McAr-
dle’s disease (who lack the metabolic capacity for anaero-
bic glycolysis because of myophosphorylase deficiency)
manifest marked hyperventilation and lowering of
PaCO2 at near-maximal WRs is deserving of comment.
This has been thought to undermine any assertion that
respiratory compensation was the result of a metabolic
acidemia per se (129,130). However, it is important to
recognize that when such patients exercise near, or at,
their tolerable limits, there is often an abnormal degree of
pain or anxiety relative to its imminence, with possibly
also an ‘‘unusual’’ afferent drive from the muscle because
of its impaired function (2,58). Furthermore, as such
hyperventilation occurs in the absence of a metabolic
acidemia, it is hardly typical of the normal response
profile for moderate exercise (i.e., increased

.
VE but with

a normal PaCO2). And, indeed, subsequent studies have
failed to demonstrate this frank hyperventilation in such
subjects (131).

5. CONCLUSION

Ventilatory control during exercise thus remains a chal-
lenge. The manner in which what seems to be ‘‘errorless’’
negative feedback control (proportional to pulmonary CO2
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clearance or a close proxy) operates during moderate
exercise is unclear. Furthermore, although there is now
general acceptance that the carotid bodies play an im-
portant, if not exclusive, role in the respiratory compensa-
tion for the metabolic acidemia of high-intensity exercise,
the slowness of its kinetics remains unexplained.
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1. INTRODUCTION

Purposeful increases in muscular activity are essential
components of human cultural expression, whether occu-
pational, recreational, artistic, sporting, or even the activ-
ities of daily living. The ability to sustain physical tasks
such as muscular exercise, however, is dependent on the
body’s ability to transfer oxygen (O2) from the atmosphere
to the skeletal muscle mitochondria at rates sufficient to
meet the increased energy demands. This process requires
the effective functioning and integration of the physiolo-
gical systems that link the ‘‘source’’ and ‘‘sink’’ for O2 and
CO2 transfer—i.e. the atmosphere and the intracellular
sites of gas exchange in muscle, as schematized in Fig. 1.
When the ability to meet the energy requirements of the
chosen or imposed tasks becomes limited, however, ex-
ercise intolerance ensues with its necessary consequences
for what is often termed ‘‘quality of life.’’ We shall there-

fore consider both the muscular demands of exercise and
the functioning of the support systems for O2 and CO2

exchange within a frame of reference that distinguishes
work rate from work intensity.

2. SKELETAL MUSCLE

2.1. Fiber Type Considerations

The performance of physical tasks depends on the func-
tioning of the appropriate skeletal muscles: These may be
regarded as parallel arrays of noninteracting, force-gen-
erating units that may be classified according to their
contractile or histochemical properties (1–7). Numerous
muscle fibers are innervated by a single motor neuron.
The module is termed a motor unit, the individual fibers of
which are distributed throughout the muscle rather than
being spatially contiguous. Each fiber in a motor unit,
however, is of the same fiber type.

The different fiber types (types I, IIa, and IIx) in human
skeletal muscle have different mechanical and metabolic
characteristics (Fig. 2) (1–7). Type I fibers are categorized
as ‘‘slow twitch’’ as they have relatively long times to peak
tension development after stimulation. In contrast, type II
fibers have relatively rapid times to peak tension devel-
opment and hence are categorized as ‘‘fast twitch.’’

Type I fibers typically have relatively a high concentra-
tion of oxidative enzymes and degree of capillarity, which
benefits O2 delivery and utilization. Consequently, they
are relatively resistant to fatigue. They are also relatively
efficient with respect to the phosphate-bond and, hence,
oxygen cost of force generation. The presence of myoglobin
leads the type I fiber also to be characterized as a ‘‘red’’
fiber. This myoglobin not only provides a small local store
of O2 that can be used when the local O2 partial pressure
(PO2) falls to low levels (i.e., the PO2 at which myoglobin is
50% undissociated from O2 (P50) is C3.5 mm Hg), but it
also facilitates cytoplasmic O2 diffusion.

Type II fibers (or ‘‘white’’ fibers because of the absence
of myoglobin) are relatively poor in oxidative enzymes and
capillarity. And although they are typically are larger
than the type I fibers and hence generate more force per
unit contraction, they are less efficient as they have a high
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energy cost of force production. Type II fibers may be
subdivided into subgroups: type IIa (fast oxidative glyco-
lytic) and IIx (fast glycolytic).

The fiber-type profile of the recruited muscles naturally
plays an important role in the potential for successful
muscular performance (2,4,5,8). Sprinters, for example,
have a high density of type II fibers and relatively few type
I fibers in their leg muscles; this is not surprising for a
task requiring high muscle-fiber shortening velocities.
Similarly, the high density of oxidative enzymes and
capillarity of type I fibers confers considerable advantages
with respect to fatigue resistance (Fig. 2) and task sus-
tainability for endurance activity. Consequently, success-
ful distance runners have relatively few type II fibers in
the muscles that provide the propulsive force for their
activity. There is, therefore, a strong genetic component to
success in athletic events on the basis of the intrinsic fiber-
type profile (2–10). Although the concentration of oxida-
tive enzymes, the number of mitochondria, and the capil-
lary density can all be increased by endurance training in
both fiber types, these changes are more prominent in type
I fibers. The signal for these phenotypic changes is
thought to involve local tissue hypoxia, whereas the signal
for any ‘‘fast-to-slow’’ fiber type shift is considered to be
related to mechanical strain or deformation (6,7,9,10).
Inactivity can reverse in the direction of these changes,
which leads to a greater propensity for fatigue.

The fiber-type recruitment profile plays an important
role in the effectiveness of the energy transformations for
tasks requiring progressive increases in force production
(1,2,4). As the motor nerves innervating type I fibers have
smaller diameters than those of type II fibers (Fig. 2), they
are recruited first. The more efficient and more aerobic
type I fibers are predominantly recruited during the
moderate-intensity phase of an incremental exercise test
on a treadmill or cycle ergometer, for example (i.e., for
which work rate is increased at a fixed rate with respect to
time). The higher demands for muscular force generation
at higher work rates require the less efficient and more
glycolytic (‘‘anaerobic’’) fibers to be added to the pool of
contracting fibers (Fig. 2).

2.2. Energetics

Skeletal muscle transforms the chemical energy of in-
gested food into the mechanical energy of force generation
for (1) shortening; (2) maintaining tension at constant
length, or (3) constraining the rate at which the muscle is
being lengthened (all by the convention termed ‘‘contrac-
tion’’—concentric, isometric, and eccentric, respectively).
This transformation is accomplished by means of a series
of ‘‘make-and-break’’ myofibrillar interactions between
the muscle actin and the myosin molecules that ‘‘ratchet’’
the muscle to a shorter length and/or increased force
generation (1,2,11). These molecular interactions use,
and in fact require, the high free energy of hydrolysis
(DG) of the terminal phosphate bond(s) of adenosine
triphosphate (ATP): This may therefore be considered
the energy exchange currency of skeletal muscle:

ATP! ADPþPiþDG; ð1Þ

where ADP and Pi are adenosine diphosphate and inor-
ganic phosphate, respectively; and DGC10–12 Kcal/mol.

Although the available store of ATP in skeletal muscle
is extremely small (B5 mM/kg), its concentration does not
decrease during exercise until extremely high work rates.
It is maintained by aerobic (oxidative phosphorylation)
and anaerobic (phosphocreatine breakdown and lactate
production) metabolic reactions (3,12–15).

2.3. Phosphocreatine

Breakdown of phosphocreatine (PCr) to creatine (Cr) and
inorganic phosphate is the immediate reaction:

PCr! CrþPiþDG: ð2Þ

This energy (DG) reforms ATP from ADP and Pi. The
phosphocreatine concentration consequently decreases in
proportion to the work rate and contributes to the O2

deficit (see below).

2.4. Oxidative Phosphorylation

The subsequent and major energy source for ATP resynth-
esis, however, is oxidative phosphorylation. This process
occurs in the mitochondrial electron transport chain,
which has three sites that provide sufficient free energy
for ATP synthesis: a process requiring initial pumping of
the proton component of the hydrogen atoms (previously
stripped out of the nutrient substrates) across the inner
mitochondrial membrane, and the subsequent use of the
newly established transmembrane proton gradient to
synthesize the ATP. Consequently, three ATPs are nor-
mally formed per oxygenation (i.e., the P : O ratio¼ 3)
when O2 is available to serve as the terminal oxidant:

3ADPþ 3PiþðNADHþHþ Þþ 1
2O2

! 3ATPþ3NADþ þH2O; ð3Þ

where NAD is nicotinamide adenine dinucleotide.
However, if the substrate transfers its pairs of hydro-

gen to the flavin adenine dinucleotide (FAD) site of the
electron transport chain rather than to NAD, then one
ATP formation site will be ‘‘bypassed’’ and the P : O ratio
will be reduced to two. The O2 required to sustain the ATP
production rate will therefore be proportionally more.

The substrate mixture being oxidized also plays an
important role in the O2 cost of the task, i.e., more O2

being required for a given rate of ATP production with
fatty acid oxidation than for carbohydrates (Table 1). But
although carbohydrate is the more efficient fuel in terms of
O2 utilization, fats produce appreciably less CO2 per unit
ATP yield than do carbohydrates (Table 1). A high fraction
of carbohydrate in the substrate mixture being metabo-
lized therefore minimizes the cardiovascular demands of
the task, whereas a high fraction of fatty acids tends to
reduce the ventilatory demands.
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2.5. Anaerobic Glycolysis

Under conditions in which O2 is not delivered to the
electron transport chain at appropriate rates, ATP can
then only be formed through the low-yield anaerobic-
glycolytic pathway (i.e., fatty acids cannot contribute to
anaerobic ATP production):

C6H12O6ðglucoseÞ ! 2ðlactateþ 2Hþ Þ: ð4Þ

This increase in cellular proton load associated with the
production of lactate ions provides greater stress to acid-
base regulation, and it requires increased levels of alveo-
lar ventilation to compensate for the metabolic acidosis
(see below). The benefit to the organism, however, is that
the ATP supply can be maintained, with one ATP per
lactate molecule formed from glucose or 1.5 ATP per unit
lactate from glycogen. Lactate production is therefore a
vitally important cellular process that allows exercise to
continue at high work rates. However, this process occurs
at a cost to the muscle contractile properties and to the
ventilatory control mechanisms that regulate tissue and
blood acid-base status.

As previously mentioned, this anaerobic process yields
lactate ions and protons rather than lactic acid, because
the dissociation reaction has a pK of approximately 3.8.
Consequently, the ratio of lactate ([L� ]) plus proton ([Hþ

]) to lactic acid ([LA]) will be approximately 1000 : 1 at the
pH of muscle during exercise (e.g., 6.8):

pH¼pKþ logð½L��þ ½Hþ �=½LA�Þ;

therefore,

ð½L��þ ½Hþ �=½LA�Þ ¼ antilog ð6:8� 3:8Þ ’ 1000 : 1: ð5Þ

As a result, there is virtually no lactic acid production
during exercise, even at high work rates.

Well over 90% of the buffering of the protons associated
with the lactate production is provided by the bicarbonate
(HCO3

� ) system in muscle and blood (16,17). However, it
has been demonstrated that arterial blood (and presum-
ably muscle) [L� ] begins to increase marginally sooner
than muscle pH begins to fall, because intracellular
buffers with pKs close to the intracellular pH, such as
the histidine residues of intracellular proteins and the
relatively small pool of intracellular phosphates, subserve
the initial buffering of the acid load. However, the HCO3

�

system, although it has a less optimum pK of approxi-
mately 6.1, is quantitatively the most important contri-
butor to acid-base regulation during exercise.

Every proton that does combine with a bicarbonate ion
(as sodium bicarbonate in the blood, and potassium bicar-
bonate in the muscle) produces one additional molecule of
CO2 that can be vented into the atmosphere:

CH3:CHOH:COO�Hþ

latic acid
þ NaHCO3

sodium bicarbonate

! CH3:CHOH:COONa
sodium lactate

þ H2CO3
carbonic acid

and

H2CO3 ! H2OþCO2: ð6Þ

As this CO2 is in addition to the continuing component
of aerobic CO2 production, it provides an additional load
for pulmonary clearance, in fact, a considerable additional
load (16). For example, consider two muscle fibers (A, B)
that each have an ATP production requirement of 37 units
per minute. Furthermore, assume that (1) fiber A pro-
duces ATP aerobically, whereas fiber B produces ATP
anaerobically, and (for simplicity) (2) both fibers use only
glycogen. Fiber A will therefore produce six units of CO2 at
a cost of six units of O2 per glucosyl unit (i.e., a six-carbon
subunit of glycogen). In contrast, as fiber B uses no O2, it
will produce no CO2 aerobically. However, for fiber B to
produce 37 units of ATP anaerobically, it must form
approximately 24 lactates from 12 glucosyl units; i.e.,
anaerobiosis provides a considerable drain on the avail-
able glycogen stores (as inexperienced marathon runners
learn at great cost). If 90% of the 24 lactate-linked protons
are buffered by HCO3

� , then this will result in approxi-
mately 22 units of CO2 being produced:

DCO2¼D½HCO�3 � ’ 0:9�D½Hþ �¼ 0:9� 24¼ 22: ð7Þ

That is, the CO2 production rate increases by three- to
four-fold over the aerobic rate for those fibers that contract
anaerobically.

This increase in CO2 production rate, which is asso-
ciated with the lactate production, provides the basis for
the noninvasive gas-exchange techniques that estimate
the onset of increased lactic acidemia (or the ‘‘lactate
threshold,’’ yL) during incremental exercise (18–20). The
lactate threshold thus coincides with the point at which
the onset of the fall in [HCO3

� ] results in a discernible
increase in the pulmonary CO2 output ð

.
Vco2Þ (Fig. 3). It is

important, however, to rule out nonspecific hyperventila-
tion as the cause of the increased CO2 output, which is
confirmed by the lack of a simultaneous decrease in
arterial PCO2 (PaCO2); in practice, the stability of
PaCO2 is assessed noninvasively from the stability of

Table 1. Oxygen and Carbon Dioxide Demands of Substrate Oxidation
.
Vo2 (L/min)

.
Vco2 (L/min) RQ BP : O2 BP : CO2

Glycogen 1.0 1.0 1.0 6.00 6.00
Palmitic acid 1.0 0.7 0.7 5.65 8.13
Glycogen/palmitic acid 1.0 1.43 1.43 1.06 0.74

Values relate to an O2 uptake ð
.
VO2Þ of 1 L/min.

.
VCO2 is CO2 output; RQ is respiratory quotient; BP is high-energy phosphate.
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alveolar (end-tidal) PCO2. The
.
Vco2 profile, which is

expressed relative to that of pulmonary O2 uptake ð
.
Vo2Þ,

during incremental exercise is therefore a common non-
invasive index of the onset of arterial [L� ] ([L� ]a) in-
crease, any changes in pyruvic and other glycolytic acids
being small in comparison.

To sustain muscular activity, therefore, aerobic energy
transfer should predominate, which requires interaction
of the cardio-circulatory and pulmonary systems both to
supply O2 to the contracting units and to allow it to be
used at rates commensurate with the increased energy
demands of the task. This interaction also serves to ‘‘clear’’
the consequent CO2, Hþ , and heat from the tissues, which
thus allow the physical–chemical milieu of the force gen-
eration to be maintained in a state compatible with
efficient energy transfer. These system transport functions
should, ideally, be subserved at minimum operating cost;
i.e., they should be efficient.

2.6. Efficiency

The ‘‘efficiency’’ with which the chemical energy of the
metabolic substrate is transformed into the mechanical
energy of the task performance may be calculated from the
relationship among the work rate being performed, the

steady-state
.
Vo2, and the substrate mixture being oxi-

dized.
For example, in the steady state of dynamic muscular

exercise, the steady-state increment in
.
Vo2 ðD

.
Vo2ssÞ

matches that of muscle O2 consumption. The magnitude
of the steady-state increase in

.
Vo2 as a function of the

work-rate increment (i.e., D
.
Vo2ss=D

.
W) is considered to be

the functional system ‘‘gain’’ (16): The term functional is
used here, as purists insist that gain has no units. This
gain and work efficiency are inversely related. The differ-
ence is that, in the efficiency computation, D

.
Vo2ss is

transformed into its energy equivalent by taking into
account the substrate mixture undergoing oxidation; i.e.,
the gain is higher for fatty acid oxidation than for carbo-
hydrate (Table 1).

For moderate-intensity cycle-ergometry at constant
pedaling frequency, the increment in

.
Vo2ss increases as

a relatively linear function of increasing work rate. The
slope of this relationship is B10-mL O2/min/Watt (16,21).
Thus, the

.
Vo2ss response of the ‘‘standard’’ 70-kg adult

pedaling a well-designed ergometer at 60–70 rpm with no
braking force applied to the flywheel (i.e., unloaded cy-
cling or ‘‘0’’ W) comprises:

* The resting
.
Vo2 (B250 mL/min)
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Figure 3. Responses to an incremental exercise
test (15 W/min) to the limit of tolerance. Left
panel: CO2 output ð

.
Vco2Þ; ventilatory equiva-

lents for CO2 and O2 ð
.
VE=

.
Vco2;

.
VE=

.
Vo2Þ; and

end-tidal PCO2 and PO2 (PETCO2, PETO2) as a
function of O2 uptake ð

.
Vo2Þ; solid vertical line is

the lactate threshold. Right panel:
.
Vo2 vs. work

rate;
.
VE vs.

.
Vco2; and heart rate (HR) and O2-

pulse ð
.
Vo2=HRÞ vs.

.
Vo2.
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* The ‘‘unmeasured’’ additional
.
Vo2 required to move

the mass of the legs at ‘‘0’’ W (B250 mL/min)

From this
.
Vo2 baseline response of B500 mL/min, an

applied work rate of 100 W would result in an increase in.
Vo2ss of B1000 mL/min, which yields an absolute

.
Vo2ss of

B1500 mL/min. Obesity will, therefore, cause an increase
in

.
Vo2ss for unloaded cycling because of an increase in the

unmeasured work, but the D
.
Vo2ss=D

.
W slope will be the

same as for the non-obese subject (16), which results in an
‘‘efficiency’’ of B30%, if properly quantified (16,22):

a work-rate increment of 100 W requires a
.
Vo2ss incre-

ment of B1 L/min,

i:e:; 100 W=1 L=min
.
Vo2

1 W¼ 1 Joule=sec; i:e:;100 W¼ 6 KJoules=min

For a typical substrate mixture,

a
.
Vo2 of 1 L=min yields � 20 KJoules=min

Therefore, work efficiency ¼ 6/20¼ 30%

The work efficiency is relatively constant for a given
person within the moderate-intensity domain, but it var-
ies from B26% to 32% in persons with different predomi-
nant fiber types in the force-generating muscles. As
discussed below, efficiency becomes systematically lower
at work rates that generate a metabolic (chiefly lactic)
acidosis.

For incremental exercise tests of the ramp type, a
constant rate of change of work rate replaces the constant
absolute work rate that is the challenge for the step.
Consequently, the ramp yields a constant rate of change
of

.
Vo2 (i.e., linear with respect to time and therefore work

rate) after a small lag-phase that reflects the system
response kinetics, with a subsequent

.
Vo2 gain that has

been shown (at least in healthy subjects) not to differ from
that of the steady-state response (normally 9–11 mL/min/
W) (16). That is,

.
Vo2 at time t lags the steady-state

.
Vo2

requirement for a particular work rate by the system time
constant (t):

D
.
Vo2 ðtÞ¼D

.
Vo2ss ðt� tÞ: ð8Þ

This behavior is expected for a system whose gain and
time constant are effectively constant over the region of
interest. Naturally, the time displacement of the linear.
Vo2 response to the ramp with respect to that of the
steady-state relationship is greater in subjects with poor
aerobic function (i.e., as t

.
Vo2 is longer). Consequently, the

actual value of
.
Vo2 at any work rate on a ramp test is

lower than that for the steady state at that work rate,

although its rate of change is normally the same. The
incremental gain is therefore often used as an index of the
work efficiency.

2.7. Fatigue

Although a wholly satisfying definition of muscular fati-
gue continues to be elusive, the most widely accepted view
is that it reflects a decrement in a relevant index of muscle
function, such as force or power generation, for a given
degree of stimulation. However, the processes linking the
cerebral-cortical component of ‘‘muscular command’’ the
myofibrillar mechanism of force generation are complex.
Fatigue could therefore be associated with any one (or
more) site in the pathway: the nerves that transmit the
information; the neuromuscular junction; and the fiber,
with the perception (involving the sensory cortex) of the
effort or some metabolic consequence of the contraction
also playing a role.

The muscle, however, is considered to be a major locus
for fatigue during athletic events, with an increase in
fatigue-inducing metabolites and/or depletion of energy
resources being contributory (2,4,23–26). Intramuscular
[ATP] remains relatively high even with fatiguing exercise
in all but high-intensity, short-duration activity, such as
sprinting (14,15). And even then it does not fall to suffi-
ciently low levels that cross-bridge cycling would be
appreciably impaired, even though there are marked falls
in creatine phosphate levels in the contracting units
(14,15). Substrate supply in the form of glycogen and fatty
acids does not seem to play an appreciable role in the
fatigue process during such high-intensity short-duration
events.

During prolonged exercise, however, such as marathon
and ultra-marathon events, substrate stores, especially
glycogen, can play a decisive role in limiting exercise
tolerance. The ability to sustain intramuscular energy
exchange in events lasting hours or more has been shown
to correlate highly with the muscle glycogen concentration
before the event. Techniques for boosting the intramus-
cular [glycogen] before the event (glycogen ‘‘super-com-
pensation’’) now play an important role in the preparation
strategies for competition, as are carbohydrate, fluid, and
electrolyte replacement during the event.

The decrease in intramuscular pH associated with
high-intensity exercise has been proposed as the mediator
of intramuscular fatigue through its influence on cross-
bridge activity (23–26). However, intramuscular acidosis
is unlikely to be the sole mediator of fatigue, as fatigue
develops even more rapidly when glycolysis is prevented
either experimentally or in patients with McArdle’s syn-
drome (myophosphorylase B deficiency). Under these con-
ditions, intramuscular pH is actually increased as the
fatigue develops, as a result of the high rate of PCr
hydrolysis (i.e., the PCr breakdown reaction is pH-depen-
dent).

Increased levels of inorganic phosphate have been
shown to reduce force generation in skinned skeletal
muscle preparations, with the increase in monobasic
phosphate thought to be more influential than the total
inorganic phosphate (25,26). But intramuscular pH is also
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important in determining the proportion of the total
inorganic phosphate (HPO4) in the mono- and dibasic
forms:

HPO2�
4 þHþ $ H2PO�4 : ð9Þ

That is, as intramuscular pH falls, more inorganic
phosphate will be in the monobasic form (H2PO4

� ). Com-
plicating this issue is the demonstration that the increase
in monobasic phosphate is actually less in muscle where
glycolysis is absent, as a consequence of the lack in
decrease of pH, despite the fatigue being more prominent.
Another consequence of the increase in inorganic phos-
phate is that it has been shown to reduce the calcium
sensitivity of skeletal muscle and consequently the ability
to generate force. Also, as the fatigue actually becomes
manifest, calcium release from the sarcoplasmic reticulum
seems to be impaired, with this component of the reduced
force production being capable of being acutely obviated
by an intracellular injection of caffeine.

The exercise-induced increase in free radicals and their
related redox-active derivatives are also thought to influ-
ence the fatigue process (27). The production rate of
reactive oxygen intermediates has been shown to correlate
well with decrements of endurance performance. Benefi-
cial effects of antioxidant supplementation, however, have
proved difficult to demonstrate during whole-body endur-
ance exercise.

It has been argued, also, that substrate utilization
profiles during prolonged exercise may induce fatigue
via central neural mediation rather than (or in addition
to) via intramuscular mechanisms (28–31). For example, if
the transport into the brain of the amino acid tryptophan
was to be increased, it could raise the brain levels of
serotonin (or 5-hydroxytryptamine, 5-HT) and depress
that of dopamine; both are neurotransmitters that are
implicated in the genesis of tiredness, sleep, and ‘‘fatigue.’’
As the carrier mechanism for the transport of tryptophan
into the brain is the same as that of branched-chain amino
acids, competition for tryptophan transfer could occur
either (1) when branched-chain amino acid concentrations
are reduced or (2) when the concentration of free trypto-
phan is elevated. This has been proposed to lead to an
increased rate of cerebral serotonin formation, a reduced
rate of dopamine formation, and consequently central
fatigue.

During prolonged exercise, both the increased metabo-
lism of branched-chain fatty acids and the increase in
plasma-free fatty acids predisposes to increased trypto-
phan transport into the brain, because increased plasma
fatty acids are known to promote a prolonged increase in
the ratio of free to bound (to albumin) plasma tryptophan.
Also, a lower than normal level of 5-HT receptor activity
has been described in endurance athletes (32), whereas an
elevated level is evident in patients with chronic fatigue
syndrome (33). However, as for other means of ergogenic
supplementation such as antioxidants, bicarbonate, or
creatine, the role of branched-chain amino acids in the
fatigue process remains controversial and is a focus of
continuing research.

3. CARDIOVASCULAR SYSTEM

3.1. Cardiac Output

Cardiac output increases ð
.
QTÞ during exercise to increase

the perfusion, and hence O2 delivery, to the exercising
muscles ð

.
QMÞ. It is instructive to consider the blood flow

demands that would be needed for muscle-venous O2

content (CvMO2) not to decrease as work rate increases.
That is,

.
QM would need to increase in precise proportion to

the increase in muscle O2 consumption ð
.
Qo2Þ, if no addi-

tional O2 was to be drawn from vascular and tissue stores.
This is illustrated by the ‘‘Fick’’ equation (Fig. 1):

.
Qo2¼

.
QMðCaO2 � CvMO2Þ: ð10Þ

And, similarly, for CO2 production ð
.
Qco2Þ,

.
Qco2¼

.
QMðCvMCO2 � CaCO2Þ; ð11Þ

where CaO2 and CaCO2 are the O2 and CO2 contents in
arterial blood.

As the arterial blood is almost completely saturated
with O2 at rest at sea level (i.e., 97–98%), it cannot
therefore undergo any appreciable increase during exer-
cise. The magnitude of the

.
QM response therefore depends

on (1) the magnitude of the
.
QT increase and (2) the degree

to which it is preferentially distributed to the working
muscles.

The extent to which the muscle-venous and mixed-
venous O2 concentrations fall during exercise will, natu-
rally, depend on the extent to which

.
QM and

.
QT actually

increase with respect to the metabolic rate; i.e.,

C �vO2¼CaO2 �
.
Vo2=

.
QT; ð12Þ

where CaO2 and C �vO2 are the O2 contents of arterial and
mixed venous blood, respectively.

The steady-state
.
QT response increases as a linear

function of
.
Vo2 from resting values of about 5 L/min to

the region of 20 L/min or so for maximum dynamic ex-
ercise in healthy young persons to values in excess of 40 L/
min in elite endurance athletes (Fig. 4) (34–38). The slope
(m) of this relationship is B5 with a

.
QT-intercept (c) of

B5 L/min (Fig. 5). This relationship is largely indepen-
dent of gender or fitness level, although in fitter subjects,
it extends to higher maximal values for both

.
QT and

.
Vo2

(Fig. 4).

3.2. Arterio-Venous Oxygen Content

As the
.
QT–

.
Vo2 relationship is linear with a positive

intercept on the
.
QT axis, the increase of the arterio-venous

O2 content difference (CaO2�C �vO2) consequently
changes as a hyperbolic function of

.
Vo2 (Fig. 5). That is, if

.
QT¼ 5ð

.
Vo2þ 1Þ; ð13Þ

then the (CaO2�C �vO2) for this type of exercise can be
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estimated by the useful ‘‘rule of thumb’’ as

20 �
.
Vo2=ð1þ

.
Vo2Þ; ð14Þ

where the (CaO2�C �vO2) difference is expressed in units
of milliliter/deciliter of blood, and

.
Vo2 is expressed in

liters/minute.
The (a� �v)O2 difference increases from a resting value

of B50 mL/L to about 160 mL/L at maximum exercise (Fig.
4) (34,37). The greater maximum

.
Vo2 in highly fit subjects

will therefore be associated with an additional (although
relatively small) increase in the (a� �v)O2 difference; i.e.,
the hyperbolic relationship between (a� �v)O2 difference
and VO2 ‘‘flattens out’’ at high work rates (Figs. 4 and 5).
Therefore, the higher maximum

.
Vo2 achieved by such

subjects depends far more on their ability to attain a
higher maximum

.
QT (Fig. 4).

3.3. Oxygen Pulse

Additional inferences for cardiovascular function may be
drawn from a slight modification of the ‘‘Fick’’ equation:
dividing both sides by heart rate (HR) yields

.
Vo2=HR¼SV� ðCaO2 � C �vO2Þ: ð15Þ

The variable
.
Vo2=HR, termed the ‘‘oxygen pulse’’ (O2-P), is

therefore determined by the product of the stroke volume
(SV) and (CaO2�C �vO2) (Fig. 5). O2-P is higher in fit

subjects at a given
.
Vo2 as a result of the higher SV; at

maximum exercise, it is higher in fit subjects because both
SV and (CaO2�C �vO2) are greater than in the unfit subject
(Fig. 4). If one is therefore prepared to make the assump-
tion that one or the other variable is constant, then the
change in O2-P will be a simple function of the other. For
example, as SV becomes relatively constant in the higher
work-rate range, the corresponding O2-P profile may
provide a functional index of the proportional change in
tissue O2 extraction. Also, if (CaO2�CvO2) is assumed to
remain relatively constant for a short phase (15–20 s) after
the onset of constant-load exercise (i.e., until C �vO2

changes as a result of increased tissue O2 utilization),
then O2-P will directly reflect the change in SV.

3.4. Heart Rate

The increased cardiac output during exercise depends
crucially on HR increasing (i.e. tachycardia). Normally,
HR increases linearly with

.
Vo2, although as maximum.

Vo2 is approached, it may start to plateau (Figs. 4 and 5)
(34–39). For small increases in work rate, HR increases
almost entirely as a result of a withdrawal of inhibitory
parasympathetic (vagal cholinergic) tone to the sino-atrial
node. However, complete suppression of this parasympa-
thetic tone can only increase HR to B100 beats/min or so.
The associated HR increment that results from complete
suppression will be larger the lower the resting HR. This
is typically B20–30 beats/min in healthy young persons
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Figure 4. Responses of cardiac output ð
.
QTÞ, heart rate, stroke volume, and the arterio-venous O2

difference (CaO2�C �vO2) for progressive cycle-ergometer exercise, as a function of O2 uptake ð
.
Vo2Þ

in elite endurance athletes (ATH), normal active subjects (NA), and patients with cardiac disease
(mitral stenosis, MS). The horizontal dashed line on the heart rate display (at a heart rate of 100
beats/min) separates the lower range of parasympathetic withdrawal from the upper range of
sympathetic activation. See text for additional details. From Ref. 37 (with permission).
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having a resting HR of 70–80 beats/min, but it can easily
be doubled in endurance athletes; i.e. those whose resting
HRs may be 40 beats/min or less as a result of a greater
basal vagal tone.

Additional increases in HR depend on activation of the
more-slowly developing excitatory sympathetic drive. This
is also mediated at the sino-atrial node but involves (1)
stimulation of b1-adrenergic receptors via the sympathetic
neurotransmitter norepinephrine and at higher work
rates and (2) circulating catecholamines released from
the adrenal medulla (34,39). The ‘‘chronotropic’’ drive
can elicit heart rates of 200 beats/min or more at maximal
exercise in healthy young adults. The maximal heart rate,
however, decreases progressively with age (B10 beats/min
per decade, on average). At a given

.
Vo2, SV is higher the

more fit the subject, whereas
.
QT is largely independent of

fitness; as a result, HR is lower (Fig. 4). Consequently, as
maximum HR does not change with fitness at a given age,
then a higher range of work rates (and hence

.
Vo2) can be

attained before the maximum being achieved (Fig. 4).

3.5. Stroke Volume

The contribution of SV to the
.
QT response depends very

much on the posture adopted for the exercise. In the

supine posture, the resting SV is already close to that
normally attained during exercise, i.e., B90–120 mL in
healthy young persons (34–38). Under these conditions,
therefore, the

.
QT response is virtually dictated by the

tachycardia (Fig. 4). In the more usual upright posture,
however, resting SV is less than when a person is supine
as a result of the gravitationally induced pooling of blood
in the lower limbs. The SV can therefore increase during
exercise (‘‘restoring’’ it to the resting supine value). This
increase is largely confined to the lower 30–40% of the

.
Vo2

range (Fig. 4).
Increased venous return is a major contributor to the

stroke volume response to exercise, which reflects (1) the
rhythmic contraction of the limb muscles propelling blood
away from the dependent regions toward the heart (‘‘mus-
cle pump’’); (2) mean arterial blood pressure increasing
systematically with increasing work rate, which increases
the pressure gradient for venous return; and (3) sym-
pathetically mediated constriction of veins and venules
that reduces the venous compliance in vascular beds
throughout the body. The result is an increased ventricu-
lar end-diastolic volume that increases ejection via the
‘‘Frank–Starling’’ mechanism (34,39).

The other major influence on SV comes from the reflex
actions of the sympathetic ‘‘inotropic’’ drive to the myo-
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Figure 5. Schematic representation to illus-
trate the influence of a positive or negative
intercept of the linear relationships between
physiological functions of interest. Left panel:
primary functions over their linear domains
(solid lines), with slopes Sa through Sd. Right
panels: secondary functions as a function of
work rate, derived from the ratios of the
absolute primary values (also depicted as
dashed lines in left panel); note that the
asymptotic values of these ratios equal the
slope of the corresponding primary function
(i.e. Sa, Sb, Sc, Sd).
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cardium, which are mediated by norepinephrine acting on
a-adrenergic receptors. This, and circulating catechola-
mines at higher work rates, causes an increased ventri-
cular ‘‘contractility’’ that augments ventricular ejection by
encroaching on the end-systolic ‘‘reserve (34,39).’’

3.6. Muscle Blood Flow

At rest, total skeletal muscle blood flow ð
.
QMÞ in adult

humans is in the region of 1 L/min, i.e., 3–4 mL/100 g/min,
which represents some 15–20% of

.
QT (34,37,39,40). It

increases linearly with respect to muscle O2 consumption
ð

.
Qo2Þ and

.
Vo2 during progressive exercise. For maximum

leg exercise,
.
QM may attain values of about 20 L/min or so,

i.e., as much as 85% of
.
QT; in elite endurance athletes,

.
QM

can approach 40 L/min.
.
QM attains a new steady state

within about 2-3 minutes and along a curvilinear trajec-
tory that can be well described by an exponential process
(39,41,42).

It has been suggested that muscles have a greater
potential to accommodate blood flow than is actually
achieved at maximum exercise (43). Indeed, this is one
reason put forward in support of the contention that the
cardiac output is normally the most likely source of
cardiovascular limitation to exercise. However, others
dispute this view, based on comparisons of vascular con-
ductance and blood flow responses during maximal con-
tractions in isolated muscles compared with exercise in
the intact, freely moving animal or human (37,39,40).

For the increase in
.
QM to be effective during exercise,

the change must be directed to the contracting muscle
units. This process is, to a large extent, achieved. That is,
the average flow to the remainder of the body does not
change appreciably, although some regions do have in-
creased flow (e.g., skin), whereas others have decreased
flow (e.g., kidney and splanchnic bed).

Although some initial vasodilatation may result from
increased sympathetic-cholinergic stimulation, the in-
creased muscle perfusion during exercise reflects several
influences (40,44,46):

* The increased QT (Fig. 4) and increased mean arterial
blood pressure

* The preferential redistribution of
.
QT to the exercising

musculature, which results from (1) a generalized
increase in reflex sympathetic vasoconstrictor drive
and (2) a locally mediated vasodilatation within the
exercising musculature

* The muscle pump

Reflex vasoconstriction is accomplished by the diffuse
adrenergic sympathetic efferent discharge that is induced
by exercise. A significant contribution to the

.
QM increase

comes from vasoconstriction in the splanchnic vascular
bed: Not only does it receive a large fraction of the resting
cardiac output, but it also becomes significantly and
progressively constricted with increasing work rate. Inter-
estingly, the arterioles of the working muscle also receive
a sympathetic vasoconstrictor drive during exercise, but
this is offset by local vasodilating influences of largely
metabolic origin. As a consequence, the increased blood

flow is preferentially distributed toward the lower resis-
tance vascular beds of the working muscles (34,39).

The vasodilation results from the intramuscular accu-
mulation of locally released metabolites. Although numer-
ous mediators have been proposed, including Kþ ,
osmolarity, hypoxia, Hþ , adenosine, vasoactive peptides,
and prostaglandins, more recent attention has focused on
nitric oxide, which was released as a result of elevated
shear stress at the endothelial cell surface as blood flow
velocity increases (40,44–46). These agents are thought to
impair the ability of norepinephrine to stimulate smooth
muscle a-adrenoceptors and/or inhibit the release of nor-
epinephrine from prejunctional nerve varicosities. Vaso-
dilation induced by activation of local neurogenic
mechanisms has also been considered. Nonadrenergic
neurons (thought to release peptidergic vasodilator trans-
mitters) have been located within the walls of small
arteries in skeletal muscle.

4. VENTILATORY SYSTEM

The appropriateness of the ventilatory ð
.
VEÞ response to

dynamic muscular exercise is best considered, not with
respect to the actual level of ventilation, but with respect
to the degree of blood-gas and acid-base homeostasis for
moderate exercise, and to the degree of compensatory
hyperventilation at work rates resulting in a metabolic
acidosis (16,17,47).

For moderate-intensity exercise, arterial [HCO3
� ] is

not, by definition, decreased as a result of a lactic acidosis.
Arterial pH (pHa) will therefore be regulated at its set
point level only if PaCO2 is maintained, as evident from
the Henderson–Hasselbalch equation (for these particular
acid-base variables):

pHa¼pK0 þ logð½HCO�3 �a=aPaCO2Þ; ð16Þ

where a is the CO2 solubility coefficient that relates PaCO2

in millimeter of mercury to CO2 content in millimolar/
liter.

This process, in turn, depends on the appropriate
matching of alveolar ventilation ð

.
VAÞ to the rate of CO2

exchange at the lung ð
.
Vco2Þ during exercise transients;

not, it is important to point out, the tissue metabolic rate
for CO2 ð

.
Qco2Þ:

.
VA ðBTPSÞ¼ 863

.
Vco2 ðSTPDÞ=PaCO2: ð17Þ

In other terms,
.
VA is a linear function of

.
Vco2 at a constant

level of PaCO2 with a slope of 863/PaCO2 (millimeter of
mercury).1

However, as a proportion of the respired gas is required
to ventilate the physiologic dead space (VD), the relation-

1863 is the constant that expresses
.
Vo2, and

.
Vco2 at standard

temperature and pressure dry (STPD) expresses ventilation at
body temperature and pressure saturated (BTPS), and it trans-
forms fractional concentration to partial pressure.
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ship for total ventilation ð
.
VEÞ is given by

.
VE¼863

.
Vco2=PaCO2ð1� VD=VTÞ; ð18Þ

where VD/VT is the physiologic dead space fraction of the
breath. This equation only reflects the well-characterized
straight-line relationship between

.
VE and

.
Vco2 (Fig. 5) if

VD/VT remains constant or if it decreases as a hyperbolic
function of metabolic rate: The latter proves to be the case
(Fig. 5).

Different investigators use different aspects of these
relationships to characterize the CO2-linked ventilatory
response to exercise (Fig. 5):

1. The ventilatory equivalent for CO2 ð
.
VE=

.
Vco2Þ

.
VE=

.
Vco2¼ 863=fPaCO2ð1� VD=VTÞg: ð19Þ

2. The slope (D
.
VE=D

.
Vco2 or ‘‘m’’) of the widely demon-

strated linear relationship between
.
VE and

.
Vco2:

.
VE¼m

.
Vco2þ c: ð20Þ

High values of
.
VE=

.
Vco2 reflect either a low PaCO2, high

VD/VT, or both. Naturally, if one is known or may be
plausibly assumed, then the high

.
VE=

.
Vco2 may be inter-

preted in terms of the other. It should be noted, however,
that a high VD/VT does not necessarily reflect abnormal
pulmonary function, as it is highly dependent on the
pattern of breathing. Rapid, shallow breathing, for exam-
ple, yields a high VD/VT even in subjects with normal
pulmonary function.

Consequently, both the slope D
.
VE=D

.
Vco2 and the abso-

lute value of
.
VE=

.
Vco2 during the test (usually determined

as its minimal value or at yL) will be increased under
conditions that impair pulmonary gas exchange. And
although the two values will naturally be highly corre-
lated, is one ‘‘better’’ than the other? A reformulation of
the Henderson–Hasselbalch equation helps resolve the
issue, at least from an acid-base regulatory perspective:

pHa¼

pK 0 þ logfð½HCO�3 �a=25:6Þ� ð
.
VE=

.
Vco2Þð1� VD=VTÞg:

ð21Þ

This equation shows that, with respect to acid-base reg-
ulation, the actual value of the

.
VE=

.
Vco2 better reflects the

influence of VD/VT.
For rapid-incremental tests, interestingly, the linearity

of the
.
VE–

.
Vco2 relationship is maintained beyond yL; i.e.,

the
.
VE change remains in proportion to the total CO2 load

(termed ‘‘isocapnic buffering’’), with no evidence of PaCO2

being reduced to provide respiratory compensation (Fig.
3). The respiratory compensation begins at higher work
rates, when both

.
VE=

.
Vco2 and the value of m over this

region begin to increase.

As
.
VE is so closely linked to

.
Vco2 and as

.
Vco2 varies

markedly with the work-rate incrementation rate,
.
VE does

not change in a usefully constant relationship to
.
Vo2, and

hence, it is rarely used in this context. The ratio
.
VE=

.
Vo2,

however, is an index of the additional ventilatory drive
that attends the accelerated

.
Vco2 at above yL. Having

declined throughout the moderate work-rate range,.
VE=

.
Vo2 begins to increase reflective of the increasing.

Vco2 (Fig. 3). When this increase occurs in conjunction
with

.
VE=

.
Vco2 not increasing (i.e., isocapnic buffering),

good support is provided for the increased ventilatory
drive not being consequent to nonspecific hyperventila-
tion; in the latter case, both

.
VE=

.
Vo2 and

.
VE=

.
Vco2 would

increase. The point at which
.
VE=

.
Vco2 starts to increase

signals the onset of the respiratory compensation.
The mechanisms underlying the control of ventilation

in exercise are discussed elsewhere in this volume.

5. EXERCISE INTENSITY DOMAINS

The usual concern for exercise tolerance is how long can a
subject sustain a particular activity—the laboratory
equivalent of which is typically a constant-load test.
Although the tolerable duration of a given work rate is
known to depend on the intensity of the exercise being
performed, there is to date no generally agreed scheme for
characterizing work intensity. The widely used procedure
for assigning work intensity as a ‘‘percentage’’ of the
maximal

.
Vo2 (

.
Vo2 max) fails to meet the demands of

critical scrutiny in this regard. Although the onset of the
metabolic (lactic) acidemia of exercise (i.e., yL) occurs at
approximately 50% of

.
Vo2 max on average, the distribu-

tion is very large, with the normal range extending from
35% to at least 80%. Consequently, an assigned work
intensity of 70%

.
Vo2 max could result in one athlete

exercising at a sub-yL work rate and being ‘‘comfortable,’’
whereas another would exhaust at

.
Vo2 max.

The best noninvasive indicator of the sustainability of a
particular task is the probably the profile of

.
Vo2 in

response to an applied step of work rate (Fig. 6). If
.
Vo2

attains a steady state within approximately 3 min (for
healthy young subjects; longer is required for less fit, older
persons or for patients with impaired cardiopulmonary
function), then the subject is characteristically below yL

and the work rate is therefore sustainable until glycogen
depletion, dehydration, boredom, or some nonspecific lim-
iting factor, such as crural pain during cycle ergometry. If
acquisition of a

.
Vo2 steady state is delayed, then the

subject is likely to be exercising above yL. However, as.
Vo2 does eventually reach a steady state, the subject will,
by definition, be below his/her maximum sustainable

.
Vo2

although with the additional stress from the sustained
metabolic acidemia. If, however,

.
Vo2 continues to climb

throughout the exercise with no evidence of a plateau or
steady state, then the work rate is clearly beyond the
subject’s capacity for sustained performance. The magni-
tude and time course of

.
Vo2 at high work rates should

therefore be considered a major index of exercise toler-
ance, in both health and disease. The profiles of arterial
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[L� ] and pH may also provide a logical basis for assigning
domains of exercise intensity (Fig. 6).

As depicted in Fig. 6, work rates up to yL may reason-
ably be described as ‘‘moderate,’’ as the exercise may be
prolonged with no additional stress from a metabolic
acidemia. Work rates between yL and the ‘‘maximum
sustainable lactate’’ may be considered to be ‘‘heavy’’;
i.e., although a steady state can eventually be attained
in

.
Vo2, [L� ]a, and pHa, the additional stress from the

acidemia and related stimuli provides additional, and
usually discernible, ventilatory drive, reduces the pH in
both muscle and blood, and requires accelerated glycolysis
to support the increased lactate production. The term
‘‘severe’’ should refer to those work rates that lead to.
Vo2 max being attained with its consequent high levels
of metabolic-acidemic stress to

.
VE, pulmonary gas ex-

change, and the perception of the work rate.
One might, therefore, consider the general demands of

exercise performance relative to four intensity domains:
moderate, heavy, very heavy, and severe. As

.
Vo2 is deter-

mined both by pulmonary blood flow (functionally equal to
the cardiac output

.
QT in normal subjects) and the arterial-

to-mixed venous O2 content difference (CaO2 � C �vO2), its
response kinetics reflect the temporal response profiles of
these two determining variables.

5.1. Moderate Intensity Exercise

It is convenient to consider the
.
Vo2 kinetics during

moderate-intensity exercise as a frame of reference for
considering the more complex

.
Vo2 kinetics of higher

exercise intensities. These ‘‘fundamental’’
.
Vo2 kinetics

are most commonly considered in the context of step (or
square-wave) exercise. Three components can be recog-
nized: (1) an initial, usually rapid, increase (phase 1, f1);
(2) a later, and slower, exponential increase (phase 2, f2);
and (3) the eventual steady state (phase 3, f3) (49–52).

In f3, the increment in
.
Vo2 ðD

.
Vo2ssÞ equals that of the

mean rate of muscle
.
Qo2 (i.e., C10 mL/min/W for cycle

ergometry), as there is no more depletion of the O2 stores.
Thus, the absolute increments in arterial blood [L� ] and
[Hþ ] above baseline (D[L� ]a and D[Hþ ]a), and their rates
of change (D[L� ]a/Dt and D[Hþ ]a/Dt) equal zero (Fig. 6,
right panel)..

Qo2 increases to its new steady-state level with a mono-
exponential time course (53). Although some investigators
suggest a prominent role for O2 delivery to the muscle as a
determinant of the kinetic control (48), most investigators
consider the

.
Qo2 time constant ðt

.
Qo2Þ to reflect control by

the turnover dynamics of the intramuscular high-energy
phosphate pool involving mechanisms such as (1) the local
creatine concentration (creatine ‘‘trigger’’), (2) the phos-
phorylation potential (ln {[ATP]/[ADP] � [Pi]}), or (3) the
free energy (DG) of ATP (54–57).

Unlike the steady state, however,
.
Vo2 is not equal to.

Qo2 throughout f2. Thus, the pulmonary expression of
this

.
Qo2 response profile is delayed because of the vascu-

lar transit delay between the exercising muscles and the
pulmonary capillaries. This delay (B15–20 sec) reflects
that period after exercise onset (i.e., f1) during which
alterations of muscle venous composition do not yet influ-
ence O2 exchange at the lung (52). The subsequent mono-

WR

Time Time Time
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� L � L
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L−VO2

VO2
max

Figure 6. Schematic representation of the kinetics of O2 uptake ð
.
Vo2Þ and arterial [lactate] ([L� ])

to constant-load exercise. Moderate exercise: below the lactate threshold (yL). Heavy exercise: above
yL and below critical power (CP), with evidence of with ‘‘excess’’

.
Vo2. Very heavy exercise: above CP,

and with excess
.
Vo2 of a magnitude that leads

.
Vo2 to attain the maximum

.
Vo2 ð

.
Vo2 maxÞ. Severe

exercise: a supra-maximal work rate where fatigue occurs so rapidly that the excess
.
Vo2 component

has not had time to develop discernibly. See text for details. From Ref. 48 (with permission).

EXERCISE PHYSIOLOGY 11



exponential
.
Vo2 response during f2 may, with high

resolution, be characterized as

D
.
Vo2 ðtÞ¼D

.
Vo2ss ð1� e�ðt�dÞ=tÞ; ð22Þ

where t is the
.
Vo2 time constant and d is a transit time

delay term (Fig. 6, center panel). In young healthy adults,
t
.
Vo2 is of the order of 30–40 s, with a steady state being

attained within about 3 min (i.e., four time constants of
response). t tends to be shorter in trained subjects and
appreciably longer in elderly sedentary subjects and in
patients with cardiorespiratory disease.

Another influence on the dissociation of
.
Vo2 from

.
Qo2 is

that the value of the muscle-venous O2 content estab-
lished at the muscle level at a particular time will be
associated with a higher

.
QT by the time it ‘‘reaches’’ the

lungs; i.e., the blood flow will have increased during the
transit delay (52,57).

There is, however, a
.
Vo2 response within the vascular

transit time from the contracting muscles (i.e., in f1). This
response is reflected by the mean O2 content in the venous
effluent from the contracting muscle (CvMO2) being deter-
mined by the mean ratio between

.
Qo2 and

.
QM:

CvMO2¼CaO2 � ð
.
Qo2=

.
QMÞ: ð23Þ

But the exercise-induced increase in
.
QM will be reflected

virtually instantaneously in an increased
.
QT. The propor-

tional change of
.
QT will differ from that of

.
QM only

because of changes in (1) the mean blood flow in the
remaining vascular beds (the ‘‘distributive’’ effect), which
is regarded as being small at moderate work rates; and (2)
the volume of the intervening venous vascular pool (the
‘‘capacitative’’ effect) (52,57). The consequence is that the
simple mono-exponential increase in

.
Qo2 is transformed

into a more complex two-component increase in
.
Vo2, but

with a time constant for the f2 component that is likely to
be less than 10% different from that of muscle

.
Qo2 (51–

53,58).
Although D

.
Vo2ss in the moderate-intensity domain is

not appreciably different between ‘‘fit’’ and ‘‘unfit’’ sub-
jects, t

.
Vo2 is not only faster in ‘‘fit’’ subjects, but it can be

speeded by endurance training, which results in a smaller
O2 deficit (i.e., O2df ¼D

.
Vo2ss � t) and hence a reduced

reliance on stored energy resources (i.e., local phospho-
creatine and O2 stores) and on lactate production. In a
given subject, t

.
Vo2 does not differ appreciably for moder-

ate work rates of different amplitudes (51,53). That is, the
early transient rise in [L� ]a that is not uncommon at
these work rates (Fig. 6, right panel) does not seem to
influence the f2

.
Vo2 kinetics discernibly.

5.2. Heavy Intensity Exercise

In contrast to moderate exercise, the
.
Vo2 steady state can

be appreciably delayed in the ‘‘heavy’’ intensity domain, by
as much as 10–15 min (Fig. 6, center panel)
(49,51,52,59,60). Interestingly, when

.
Vo2 does eventually

stabilize, D
.
Vo2ss=D

.
W is found to be increased (reflecting a

reduced work efficiency) by an amount that is a function of
both the supra-yL work rate and time: Values of 13 mL/

min/W are not uncommon during tests of 10–15 min dura-
tion (c.f. B10 mL/min/W below yL).

This result reflects an additional increment in
.
Vo2 that

is superimposed on the early f2 mono-exponential compo-
nent of the

.
Vo2 response, and it has been termed ‘‘excess’’.

Vo2. This component has slow kinetics and seems to be of
delayed onset, beginning some 2–3 min into the test—or,
at least, discernibly emerging from the background ex-
ponential at that time. The early component of the ki-
netics, however, remains mono-exponential and projects to
a steady-state value (Fig. 6, center panel, dashed line) that
gives the same gain (i.e., D

.
Vo2=D

.
W) as for sub-yL exercise.

Although the mechanism(s) of the
.
Vo2 slow component

remains a topic of considerable debate, it is a preponder-
ant (480%) phenomenon of the contracting muscles, with
an altered profile of recruited fiber types being a likely
contributor as some fibers begin to fatigue (51,52,60).

Arterial lactate and acidity are increased but even-
tually stabilize or even decline back somewhat to their
initial baseline values. Thus, D[L� ]a and D[Hþ ]a are
positive, but their rates of change (D[L� ]/Dt and D[Hþ ]/
Dt) eventually decline back to zero or even become nega-
tive (Fig. 6, right panel).

The highest work rate at which a sustainable percen-
tage of

.
Vo2 max can be attained (i.e., with a steady state of.

Vo2) has been termed the ‘‘critical power’’ (CP). CP has
been also shown to coincide with the highest work rate at
which the arterial blood [L� ] and [Hþ ] evidence sus-
tained increases but do not continue to rise throughout
the test (51,52,60).

5.3. Very Heavy Intensity Exercise

For work rates above CP,
.
Vo2 cannot stabilize but con-

tinues to increase throughout the test until a maximum.
Vo2 is attained (Fig. 6, center panel). In this domain,
therefore, it is not possible for a subject to perform a
constant work rate that provides a

.
Vo2 equivalent to a

particular percentage of the
.
Vo2 max. In other words,.

Vo2 max is not associated with a unique ‘‘maximal’’ work
rate. Rather, it is established over a range of work rates,
many of which would be predicted to be submaximal if the
frame of reference was the ramp test. The higher the work
rate above CP, the shorter its tolerable duration, which
gives rise to the hyperbolic power-duration relationship
(Fig. 6, left panel). This result reflects the slow component
projecting toward

.
Vo2 max more rapidly with increasing

work rate.
In this domain, both [L� ]a and D[Hþ ]a continue to

increase throughout the entire duration of a test. Thus,
D[L� ]a and D[Hþ ]a are positive, as are D[L� ]a/Dt and
D[Hþ ]a/Dt (Fig. 6, right panel).

5.4. Severe Intensity Exercise

A consequence of the ‘‘excess’’ component of the supra-yL.
Vo2 kinetics being both slow and of delayed onset is that
its influence is virtually undetectable in the ‘‘severe’’
intensity domain. That is, the maximum

.
Vo2 is reached

in only a few minutes (Fig. 6, center panel). D[L� ]a and
D[Hþ ]a and D[L� ]a/Dt and D[Hþ ]a/Dt continue to be
positive (Fig. 6, right panel).
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6. CONCLUSION

Physiological systems, as for other systems, tend to fail
under stress. Exercise testing provides a means of opti-
mizing the stress profile such that measurements of
ventilation, pulmonary gas exchange, and related cardio-
vascular indices allow the investigator to distinguish
among the potential physiological mechanisms that con-
tribute to the exercise intolerance and curtailment of the
task. An appropriate understanding of the processes limit-
ing exercise tolerance seems to demand that the response
profile to a particular task is considered within the context
of its intensity domain. A common exercise intensity
should yield a common general pattern of physiological
response, regardless of the subject’s state of ‘‘fitness’’ or of
training state. For this reason, work rate must be distin-
guished from work intensity. Work rate is an absolute
physical construct and is measured in units of power,
whereas work intensity is a relative construct reflecting
the actual impact of the work rate on the subject with
respect to the degree of overall stress or to the physiolo-
gical systems of interest. This distinction was recognized
by Virgil in the first century B.C.:

‘hoc opus hic labor est’ (‘‘there is the task and there is the toil’’)!
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1. INTRODUCTION

1.1. Basic Concepts of the Extracellular Matrix and Its
Functional Properties

The extracellular matrix (ECM) has three major func-
tions: (1) provision of structural support, tensile strength,
and elasticity to tissues; (2) provision of a substrate for cell
adhesion and cell migration; and (3) regulation of cellular
differentiation and metabolism. The ECM is assembled
from four major classes of biomolecules: (1) structural
proteins (e.g., fibrillar collagens and elastin macroaggre-
gates, which form supportive networks); (2) specialized
adhesive molecules [e.g., fibronectin, laminin, and hyalur-
onan (HA), which provide cellular attachment surfaces or
scaffolds and also compartmentalize or regulate the move-
ment of cells within tissues]; (3) proteoglycans, which
display a diverse range of biophysical attributes or biolo-
gical properties based on their particular subdomain
structures and relative abundances within connective
tissues (1–11); and (4) ECM glycoproteins such as the
thrombospondin and matrilin protein families (12–14),
which are secreted multidomain macromolecules that
are responsible for molecular interactions at the cell sur-
face and within the ECM; such interactions are distinct
from those involving adhesive proteins. Some members of
the thrompospondins and matrilins have anti-adhesive
properties and have been classified as members of the
matricellular protein family because they modulate cell
function but do not appear to contribute directly to the
organization or physical properties of fibrils or laminae
within tissues (15–18).

Another important ECMmolecule is HA, a large hydro-
philic glycosaminoglycan (GAG) polyanion, formerly
known as hyaluronic acid. Hyaluronan was previously
thought of as a passive space-filling component of the
ECM. Research over the last decade, however, now shows
that HA is one of the more complex ECM components in
terms of the cellular signaling pathways and biological
processes it influences (19–21). HA is synthesized as a
high-molecular-weight mega Dalton (1–20 � 106Da) poly-
anion with extensive water regain properties, which also
equip it with important space-filling and viscoelastic
properties. When entrapped within the ECM, HA exhibits
different properties to those it exhibits in free solution.
Entrapment of HA within the ECM through interaction
with matrix proteoglycans and cellular hyaladherins
forms an HA network that can resist rapid short duration
fluid flow and it exhibits elastic properties that help to
distribute load or shear forces within this network. In
contrast, with low fluid flows of longer duration, the HA

network acts more like a viscous fluid and distorts in an
attempt to accommodate the change in fluid flow. The
biophysical properties of HA, therefore, have important
consequences for tissue function. Small molecules such as
water, electrolytes, and nutrients can freely diffuse
through the solvent phase within the HA network; how-
ever, larger molecules such as proteins are partially
excluded depending on their hydrodynamic sizes in solu-
tion, which leads to slow diffusion of macromolecules from
the HA network within tissues and to a lower concentra-
tion of such metabolites within the HA network compared
with adjacent HA free tissue compartments.

If one were to compare an equivalent weight of fibrillar
collagen with HA, on a volume for volume basis, the HA
would occupy a space B10,000 fold the volume of the
collagen. HA also interacts with several ECM proteogly-
cans and glycoproteins and cell surface receptors, and
through such interactions can influence a diverse range
of biological processes (19–21). It is therefore hardly
surprising that HA has a major influence on ECM archi-
tecture and organization; however, it achieves this orga-
nization despite it being one of the less abundant (on a
molar basis) ECM components (21). The functional proper-
ties of HA are all the more remarkable when one considers
its structural simplicity as a nonmodified glycosaminogly-
can (GAG) homopolymer composed of linear arrays of the
repeating disaccharide [�b1,3-GlcNAc-b1,4-GlcA-]n. Un-
like matrix proteoglycans, which are also substituted with
GAGs and thus a contributor to the hydration properties
of the ECM, HA has no core protein to anchor it in the
ECM. The interaction of HA with matrix proteoglycans
(ECM hyaladherins) and cell surface HA receptors (cellu-
lar hyaladherins) is therefore essential to localize HA in
ECMs where it can act at a physical or cellular level (19–
21).

1.2. The ECM and the Control of Cellular Phenotype/Tissue
Homeostasis

The ECM has traditionally been viewed as a relatively
stable substrate for cell attachment and a determinant of
tissue architecture, form, and function. Recent evidence,
however, now shows that the ECM also has an instructive
role to play by providing structural information or cues to
integrins and other cell surface molecules, which in turn
allow the cell to perceive mechanosensation or alterations
in it’s biomechanical microenvironment (18,22). Thus,
subtle alterations in the biomechanical forces experienced
by cells within ECMs can modulate cellular phenotypic
expression, which in turn orchestrates the assembly of the
ECM laid down by cells in response to such intrinsic
biomechanical forces (23). Such events are clearly impor-
tant not only in development but also in the healing
responses displayed by connective tissues (24). With a
greater understanding of these processes, it may be pos-
sible to formulate therapeutic strategies to improve tissue
repair, which is an important research objective of many
laboratories. Furthermore, growth factors and cytokines
also interact with collagenous and elastic macroaggre-
gates in the ECM; these cannot therefore be simply
considered purely as inert structural scaffolding elements
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(9). Emerging evidence indicates that collagen and elastin
networks serve as reservoirs for growth factors and cyto-
kines and are critically involved in tissue homeostasis
during growth, development, and tissue remodeling (22).

2. COLLAGENS

Collagens are the most abundant protein of the ECM and
constitute 30% of the protein mass of the human body.
Twenty six collagen types have so far been identified
(Table 1). All collagen molecules by definition consist of
three polypeptide chains (a-chains) that may or may not be
identical (25). At least one domain in each of these a-
chains is composed of repeating Glycine-X-Y sequences,
where X is commonly Proline and Y commonly 4-Hydro-
xyproline, but not exclusively so. The a-chains of collagen
are assembled into characteristic triple helical rope-like
structures, which in turn are assembled into fibrils. The
collagens are critical to the correct assembly of the ECM;
however, they also have roles to play in cell adhesion,
chemotaxis, and migration, and the dynamic interplay
between cells and collagens regulates tissue remodeling
during growth, differentiation, morphogenesis, wound
healing, and in many pathologic states.

The collagens (Table 1) form various assemblages in the
ECM, including fibrils (type I, II, III, V, XI, XXIV, XXVII)
and lattice and sheet-like networks (type IV, VI, VIII, X)
while transmembrane cell-associated collagens have also
been described (XIII, XVII, XXIII, XXV). Furthermore,
Type IX, XII, XIV, and XVIII collagen can also contain a

small number of GAG side chains and are thus also
considered part-time proteoglycans. The collagens, there-
fore, make a major contribution to the structural diversity
evident in the ECM. Several collagen-like proteins have
also been identified with a diverse range of biological
properties (Table 1).

Although most of the collagens have important roles as
structural scaffolding or anchoring type molecules, a few
also contain subdomains that have unique biological
properties in their own right. Such domains can often be
released from the native molecule by proteolytic proces-
sing during matrix remodeling events in pathologic states
(e.g., the tumstatin, restin, and endostatin peptide do-
mains of type IV, XV, and XVIII collagen) (25,26), which
are potent anti-angiogenic peptides that can significantly
influence the penetration of blood vessels into remodeling
connective tissues and thus significantly influence healing
responses. Similarly, the cysteine-rich chordin-like do-
mains in the amino propeptide regions of type IIA collagen
can also be released by proteolytic processing in situ and
are implicated in the control of bone morphogenetic
protein (BMP) and transforming growth factor (TGF)-b
activity in developing tissues (27,28). Furthermore, con-
nective tissue growth factor (CTGF) also contains a cy-
steine-rich domain similar to chordin and has also been
suggested to modulate BMP and TGF-b signaling by a
similar mechanism with important consequences on ma-
trix remodeling and tissue repair (29).

Table 1. Collagens and Their Structural Attributes

Collagen Type Members Structural Forms in ECM

Fibrillar collagens I, II, III, V, XI, XXIV, XXVII Form triple helices, some also coassociate
to form hybrid collagen fibrils (e.g., type
I/III)

FACIT and related collagens IX, XII, XIV, XVI, XIX, XX, XXI, XXII,
XXVI

Fibril-associated collagens with
interrupted triple helices

Collagens with transmembrane domains XIII, XVII, XXIII, XXV Form connections between cell and
extracellular matrix, possible role in
signal transduction/mechanosensation

Collagens forming hexagonal networks VIII, X Form characteristic hexagonal networks

Miscellaneous collagens IV Forms lattices/sheets in basal lamina
VI Forms beaded filaments, chondron basket
VII Forms anchoring fibrils in basement

membranes
XV and XVIII Contain biologically active carboxyl

terminal anti-angiogenic peptides (e.g.,
restin, endostatin)

‘‘Collagen-like’’ molecules C1q
Adiponectin
Collectin surfactant protein
Ficolin
Acetyl cholinesterase
Macrophage receptor
Ectodysplasin

Miscellaneous proteins with a range of
biological activities, containing triple
helical collagenous domains, but they
are not by definition classified as
collagens
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2.1. Alternatively Spliced Forms of Type II Collagen and the
Control of Tissue Morphogenesis

Alternatively spliced forms of type II collagen (IIA/IIB)
have important intrinsic ECM modifying properties dis-
tinct from other members of the collagen family (27,28).
One isoform (type IIB) is synthesized by chondrocytes in
developing and mature cartilage. The second isoform (type
IIA) contains an additional cysteine-rich domain in its
amino terminal propeptide, and it is produced by prechon-
drogenic mesenchyme at specific epithelial-mesenchymal
boundaries and in neuroepithelial tissues in the develop-
ing embryo. The unique procollagen IIA amino terminal
sequence is structurally related to the cysteine-rich re-
peats of chordin, a protein known to complex and inhibit
TGF-b superfamily members (28). Recombinant type IIA
collagen propeptide also binds to BMP-2, 4, and TFG-b1 in
vitro. Unprocessed forms of type IIA procollagen incorpo-
rated into assembled collagen fibrils may also bind growth
factors in situ. The binding of chordin to BMPs is respon-
sible for the establishment of growth factor gradients in
tissues, which may influence patterning events in embryo-
nic growth and development and is also likely to be
important in adult tissues. Thus, type IIA procollagen
may exert an anti-BMP/TGF-b activity by sequestering
and controlling their bioavailability. An intriguing possi-
bility is that these cysteine-rich repeat domains embedded
within the matrix may act as a second line of defense.
Thus, in the event of massive tissue injury, proteolysis-
driven release of growth factors from these chordin-like
domains would speed up the healing response locally,
which would also provide a regulatory mechanism for
maintaining a homeostatic balance between ECM remo-
deling and effector molecule release not only during
morphogenesis and matrix remodeling but also during
normal tissue turnover and in disease.

3. PROTEOGLYCANS

3.1. The HA-Binding Proteoglycans

Aggrecan is the most abundant proteoglycan of the carti-
lage ECM, but also has a widespread distribution in
musculoskeletal tissues and in noncartilaginous tissues
such as the heart and brain where additional members of
the aggrecan proteoglycan family are also present
(Table 2) (2,6,19,20). The maintenance of a normal bio-
chemical composition and three-dimensional organization
in cartilage is critical for the near frictionless weight-
bearing properties required for joint articulation. Immo-
bilization of the large hydrophilic aggrecan molecules
within the composite type II/IX/XI collagen fibrillar net-
work in cartilage equips this tissue with its ability to
resist compressive deformation. Aggrecan is extensively
substituted with sulphated GAGs and, along with their
associated counterions, is responsible for the imbibition of
water into cartilage through the Gibbs–Donnan effect,
which conveys unique viscoelastic and hydrodynamic
properties to cartilage and its ability to act as a weight-
bearing structure. The interaction of cartilage aggrecan
with HA facilitates the assembly of massive extracellular

macromolecular aggrecan arrays, which effectively in-
creases the negative fixed-charge density in cartilage
because of the localization of sulphate ester and uronic
acid carboxyl groups of the aggrecan GAG side chains.
These space-filling arrays are physically entrapped within
the collagen network in cartilage. Furthermore, mutual
electrostatic repulsion between the GAG side chains of
aggrecan, which are anchored on its core protein, and thus
unable to disperse, further helps to generate hydrostatic
pressure within cartilage, which allows it to counteract
load stresses and act as a weight-bearing structure.

The interaction of aggrecan with HA is mediated via its
amino-terminal globular domain, the G1 domain or HA-
binding region. This domain shares sequence homology
with a small archetypal matrix glycoprotein termed link-
protein, which displays affinity for HA and for the G1
domain of aggrecan. This interaction facilitates the for-
mation of HA-link-aggrecan ternary complexes in the
cartilage ECM. Link-protein also stabilizes the formation
of ternary complexes with other ECM proteoglycans of the
aggrecan link-module hyaladherin superfamily including
versican, brevican, and neurocan (6); however, the func-
tional attributes of such extracellular associations in their
respective tissues have yet to be fully determined. Versi-
can has a widespread distribution in fibrocartilaginous
tissues such as the annulus fibrosus of the intervertebral
disc, knee joint meniscus, ligament, and tendon whereas
brevican and neurocan are confined to brain and nervous
tissues (1,6,30).

Matrix proteins that are not members of the link-
module hyaladherin superfamily but still display an affi-
nity for HA have also been described. These proteins
include proteoglycan and glycoprotein forms of ‘‘sialopro-
teins associated with cones and rods’’ (SPACRCAN,
SPACR), which are distributed between the interphotor-
eceptor ECM and retinal epithelium where they also have
roles in matrix assembly and stabilization (19,20). The
carboxyl terminal G3 domain of aggrecan and versican
have also been shown to display interactive properties
with a number of structural matrix glycoproteins asso-
ciated with elastin microfibrillar networks and may also
be important for ECM stabilization in a number of tissues
(30,31).

3.2. Cell-Associated Transmembrane and Pericellular HS/CS
Proteoglycans

A number of transmembrane (syndecan, glypican) and
pericellular (perlecan) heparan sulphate (HS) proteogly-
cans have also been identified in cartilage (1–11). Four
part-time HS proteoglycans have also been described,
including type XVIII collagen, betaglycan, testican, and
epican. Type XVIII collagen substituted with HS/CS
(chondroitin sulphate) chains has been identified in the
ECM of costal cartilage. Betaglycan is expressed by hu-
man chondrocytes and may have a role in TGF-b signaling
(32). Evidence exists that testican-1 (SPOCK) is present in
musculoskeletal elements such as the vertebral body
rudiment, limb buds, and digits during mouse develop-
ment but has yet to be identified as a component of mature
human cartilage (33). Epican is a CD44 variant that is
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substituted with HS (34). Although CD44 is the major HA
receptor expressed by chondrocytes, epican has so far only
been shown to be expressed by keratinocytes.

3.3. The Importance of Cell-Associated Proteoglycans in
Cell-Cell and Cell-ECM Signaling and in Tissue
Morphogenesis and Homeostasis

The syndecans and glypicans form connections between
the chondrocyte and ECM that may facilitate cell-ECM as
well as cell-cell communication (8,10,11,35). Four mem-
bers of the syndecan family have so far been described;

however, syndecan-3 is the main isoform expressed by
chondrocytes (36–38). Syndecan-3 has a B45kDa core
protein and 1–3 HS or CS side chains. The syndecan
family are transmembrane proteoglycans with relatively
small cytoplasmic domains; the GAG chains on the syn-
decans are attached to the core protein through serine
residues located distal to the plasma membrane. Six
members of the glypican HS proteoglycan family have
been described, of which glypican-3 and glypican-5 are
found in cartilage (39). The glypican core proteins are
disulphide stabilized globular proteins that are attached

Table 2. Hyaluronan-Binding ECM Proteoglycans and Cell Receptors

Name Molecular Weight Tissue/Cellular Distribution/Proposed Function

Aggrecan 2,500kDa, (B250kDa core B120 CS & KS
chains)

Widespread distribution-hyaline, elastic & fibrocartilages, space-
filling molecule, conveys weight-bearing properties.

Versican Z1,000kDa (B400kDa core with B20 CS
chains). Alternate splice isoforms V0, V1,
V2, V3

Ubiquitous vascular, nervous, brain, vitreous humour, primordial
cartilage and fibrocartilage PG. Expressed by SMCs, fibroblasts,
intervertebral disc cells, de-differentiated chondrocytes, glial cells,
astrocytes. Interacts with a host of cell and ECM molecules
affecting cell adhesion, migration, and proliferation.

Neurocan Native mw 300kDa (also 245kDa core with
B7 CS chains)

Specifically expressed in CNS, developmentally regulated, 245kDa
core protein form predominates, in adult tissue 150kDa
proteolytically processed form also found. Organizational/space-
filling role.

Brevican 100–250kDa; (also145kDa/80kDa core
proteins with B3 CS chains)

Specifically expressed in CNS and brain, developmentally regulated,
undergoes proteolytic processing in situ. Organizational or space-
filling role to play in the brain.

SPACRCAN 400kDa proteoglycan SPACRCAN synthesized by the photoreceptors & pinealocytes. Major
CS-PG of the photoreceptor and retinal epithelium. Organizes
other ECM components and acts as a ‘‘glue’’ for retinal matrix
adhesion. SPACR is major glycoprotein of the interphotoreceptor
retinal matrix.

SPACR 147–150kDa glycoprotein

CD-44 85kDa; alternately spliced isoforms exist,
CD44v 1–10 of 110–250kDa

Ubiquitous cell surface HA receptor, not expressed by platelets,
hepatocytes, cardiac muscle, kidney tubular epithelium, testis,
mediates leukocyte attachment, and rolling and homing to
peripheral lymphoid organs and sites of inflammation. Some
CD44 isoforms are implicated in invasion, metastasis, cell motility.

LYVE-1 60kDa Lymphatic endothelium homologue of CD-44.

RHAMM Many Mw forms 50–1000kDa Expressed by fibroblasts, SMCs, chondrocytes, macrophages,
lymphocytes, thymocytes, astrocytes, sperm. Nuclear-, cytosolic-
,and membrane-bound localizations. Involved in cell motility and
signal transduction via Src tyrosine kinases.

Cdc-37 29.3kDa Nuclear HA receptor, role in cell cycle regulation through its
interaction with p34 cdc-2 kinase, binds to HA, CS, heparin,
heparin inhibits the action of Fos and Jun in the cell cycle, thus
Cdc-37 may regulate these processes.

P32 (IHABP-1) 68kDa homo-dimer of 34kDa sub-units Expressed in transformed fibroblasts, keratinocytes, cytoplasmic,
nuclear and cell surface locations, translocated to the nucleus if
cells stimulated with PMA

Abbreviations used: CNS, central nervous system; CS, chondroitin sulphate; KS, keratan sulphate; PG, proteoglycan; SPACRCAN, sialoprotein associated

with cones and rods; SPACR, sialoprotein associated with cones and rods; SMC, smooth muscle cell; PMA, phorbol myristate acetate.
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to the plasma membrane by an extended region of the
carboxyl terminal, which culminates in a glyco-phospha-
tidyl-inositol anchor. The glypican core proteins (B60–
70kDa) contain 2–5 consensus regions for GAG (HS or CS)
attachment through serine residues in the extended C-
terminal region of the core protein adjacent to the plasma
membrane. Glypican-3, glypican-5, and syndecan-3 have
important roles to play in the proliferation and differentia-
tion of chondrocytes in developing cartilage through their
ability to interact with growth factors and other morpho-
gens, but also have cell signaling roles to play in mature
cartilage (8,40).

Perlecan is a ubiquitous HS proteoglycan of basement
membrane-rich and vascularized tissues. It also displays a
pericellular localization pattern in cartilage, chondrosar-
coma, and a number of other musculoskeletal tissues
(intervertebral disc, meniscus) that are predominantly
avascular and devoid of basement membranes (4,5,8,41–
43). Perlecan can interact with a diverse range of ECM
molecules including collagen types IV, XIII, and XVIII;
nidogen/entactin; fibrillin-1 and 2; fibulin-2; PRELP; la-
minin-1; and fibronectin. Thus perlecan has important
organizational roles in the pericellular ECM of chondro-
cytes. Perlecan also acts as a low-affinity coreceptor for
fibroblast growth factor (FGF) � 1, 2, 7, 9, and CTGF
through interactions with perlecan’s HS side chains in
domain I and the low-density repeats in domain-II, re-
spectively. The FGFs have important cell proliferative
properties and significantly affect chondrocyte differentia-
tion and ECM production. CTGF modulates BMP and
TGF-b signaling and coordinates chondrogenesis and
angiogenesis during skeletal development (29,43–45). Per-
lecan is the major HS proteoglycan in mature articular
cartilage.

3.4. The Small Leucine-Rich Repeat Proteoglycans (SLRPs)

In addition to collagen and aggrecan, the ECM of cartilage
also contains members of the small leucine-rich repeat
proteoglycan (SLRP) family (3,46). Although SLRPs are
significantly less abundant in cartilage on a mass basis,
they nevertheless are present in similar molar levels
compared with aggrecan and have significant contribu-
tions to make to the assembly and function of the cartilage
ECM. The SLRPs include decorin, biglycan, fibromodulin,
lumican, keratocan, and PRELP (Table 3), which have
been cloned and sequenced, facilitating their categoriza-
tion into three families on the basis of amino acid sequence
homology, general structural organization, and gene
structure (3). The core proteins of the SLRPs are char-
acterized by a series of central leucine-rich repeat (LRR)
domains containing a variable number of repeats of the
consensus sequence L-X-X-L-X-L-X-X-N-X-L/I (single-let-
ter amino acid code, where L¼ leucine) flanked by N- and
C-terminal disulphide-bonded domains. The LRR region
can constitute up to 80% of the protein core in class I and
II SLRPs, which contain 10 LRRs, whereas class III
SLRPs have 6 LRRs. The SLRPs can be synthesized as
glycoproteins containing N-linked oligosaccharides or as
proteoglycans containing dermatan sulphate (DS) or CS in
the case of decorin, biglycan, mimecan and epiphycan, and

keratan sulphate (KS) and polylactosamine (essentially
an unsulphated KS) in fibromodulin, lumican, and kera-
tocan, which also contain sulphated tyrosine residues that
contribute to their anionic nature (3,46). Molecular mod-
eling has demonstrated that the SLRPs display distinct
horseshoe-shaped configurations with exposed b sheet
structures that facilitate protein-protein interactions and
provide several favorable contact points with biological
ligands such as the triple helix of collagen, epidermal
growth factor receptor, or cytokines, such as TGF-b or
tumor necrosis factor (TNF)-a, which equips the SLRPs
with an ability to influence a number of biological pro-
cesses in the ECM.

3.5. Miscellaneous Other Cartilage Proteoglycans

A further transmembrane CS proteoglycan (NG2 proteo-
glycan) has been described in fetal and adult chondro-
cytes. This proteoglycan is expressed by a number of
incompletely differentiated precursor cell types such as
oligodendrocyte progenitors in the central nervous system
(CNS) and pericytes in developing vascular tissues; how-
ever, its precise role in cartilage has yet to be defined
(47,48). A particularly intriguing cartilage proteoglycan
that has recently been identified is superficial zone pro-
tein, also known as proteoglycan-4 (PRG-4) or lubricin
(7,49). In contrast to other proteoglycans in cartilage,
PRG-4 is not tightly bound in the ECM, it is predomi-
nantly located in the superficial regions of cartilage where
it is specifically expressed by the flattened chondrocytes of
the surface lamina. PRG-4 has anti-adhesive properties
and thus may prevent adhesion of cells or plaque-type
adhesions on the surface of articular cartilage such as
those found in rheumatoid arthritis (RA). PRG-4 may also
aid in the lubrication of the joint surface along with the
synovial fluid.

3.6. Importance of the SLRPs for the Functional Properties of
the Cartilage ECM

Direct evidence for the importance of the SLRPs in
articular cartilage (AC) has been demonstrated in knock-
out mice (50–55). A major phenotype of biglycan, decorin,
fibromodulin, and lumican single or double knockout mice
is age-dependent arthritis. The SLRPs have diverse func-
tions in musculoskeletal tissues as modulators of tissue
organization, cellular proliferation, and matrix adhesion
and cellular responses to growth factors and cytokines
(3,46). Decorin, fibromodulin, biglycan, and lumican all
bind to fibrillar collagens I or II (56–58), and, in the case of
decorin, fibromodulin, and lumican, this interaction mod-
ulates the rate and ultimate diameter of collagen fibrils
formed in vitro (59–63). Incorporation of decorin increases
the ultimate tensile strength of uncross-linked collagen
fibrils. Biglycan can also compete with decorin for binding
to type VI collagen and regulate deposition of a normal
type VI collagen network (64). Decorin and biglycan bind
to fibronectin and thrombospondin and inhibit subsequent
cell attachment to these substrates (15,65–67). The iduro-
nic acid-containing GAG chains of biglycan and decorin
can inhibit proliferation of fibroblasts (68–70). Interfering
with decorin/fibronectin binding using a competing
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NKISK peptide (single-letter amino acid code) can result
in collagen fibril elongation in situ demonstrating the
importance of decorin-fibronectin-collagen fibril interac-
tions for interfibrillar stabilization (71–73).

The SLRPs can also form complexes with TGF-b and
modulate the action of this growth factor (74–78). Biglycan
and decorin also bind TNF-a and may sequester this
catabolic cytokine in tissues. Importantly, the simple
physical presence of the SLRPs and the minor type IX
and XI collagens on the surface of type I and II collagen
fibrils have been proposed to play a vital role in tissue
homeostasis by sterically restricting the access of matrix
metalloproteases (MMPs) to sites of attack on the collagen
fibrils (79). Complexes of matrilin-1 and decorin or bigly-
can have been reported to connect type VI collagen to
aggrecan and type II collagen (80).

3.7. Cell Adhesion Molecules and Cell-Cell and Cell-ECM
Communication

Several cell adhesive glycoproteins (fibronectin, laminin)
are present in the cartilage ECM and are important for
cell attachment during growth development, maturation,
and healing responses in this tissue (81–84). Fibronectin is
a large multidomain ECM glycoprotein with specific bind-
ing sites for collagen, heparin, and cell surface integrins.
It was the first well-characterized adhesive protein (85).
The laminins are a family of large modular ECM mole-
cules composed of three homologous but distinct polypep-
tide chains (a, b, g), which are arranged into 12 different
trimeric isoforms (86,87). Variation in each of the laminin
polypeptide chains may also occur because of alternative
splicing or proteolytic processing. Furthermore, each of

the laminin isoforms are differentially expressed in a
spatial and temporal manner resulting in considerable
structural diversity in tissues. The laminins are major
components of basement membranes; however, they are
also expressed by cells in tissues that do not contain
basement membranes such as glial cells (88) and chon-
drocytes (81,82). Although the exact role of the laminins in
such tissues have yet to be fully determined, it is to be
expected that they will also play important roles in
cellular attachment in cartilage as in other tissues. Cells
attach to laminin and other ECM molecules via integrin
receptors (89).

The integrin family of cell receptors are the main way
that cells bind to and respond to the ECM in a variety of
processes such as wound healing, cell differentiation, and
mechanosensation (84,90). The integrins consist of two
noncovalently attached glycoprotein transmembrane al-
pha and beta subunits. Sixteen a and eight b integrin
subunits have been identified so far. These subunits are
assembled into various heterodimeric combinations to
form 23 functional integrins that allow cells to attach to
a number of structural ECM glycoproteins. The integrins
not only mediate cell-ECM interactions but also cell-cell
communication via counter receptors on adjacent cells and
may also regulate growth factor receptors on these cells
(91). The integrins have cytoplasmic domains that func-
tion in cellular signaling via their ability to associate with
and activate signal transduction pathways and interact
with the cytoskeleton to regulate cell shape and migra-
tion. See the chapter in this volume entitled Adhesion of
Cells to Biomaterials byWhitelock andMelrose for further

Table 3. The Small Leucine-Rich Repeat Proteoglycans (SLRPs)

SLRP Class Name SLRP Family # of LRRs GAG Substitution Comments

Decorin Decorin shares 57%
sequence homology with
biglycan

I 1 10 CS/DS
Biglycan

Fibromodulin 1 KS polylactose-amine Fibromodulin and
Lumican share B48%
sequence homology

Lumican 1 &

II Keratocan 2 Tyrosine sulphate Keratocan and PRELP
share B55% sequence
homology

10
PRELP 2 PRELP 42% sequence

homology with other class
II SLRPs

Osteoadherin 3

Epiphycan/PG-Lb 1 6 CS/DS Epiphycan & Mimecan
share B40% sequence
homology

III
Mimecan/Osteoglycin 2 6 KS

6 EXTRACELLULAR MATRIX



information on integrin-ECM interactions as well as the
reading list at the end of the chapter.

3.8. HA, Cell Attachment and Migration in the ECM

Hyaluronan also has roles to play in cellular attachment
and migration in the ECM. Electrostatic repulsion within
and between adjacent HA chains in the ECM provides it
with extensive water regain properties, which confers gel-
like properties to solutions of HA that, in the context of the
tissue, results in the expansion of tissue volume and the
maintenance of a loose ECM through which cells can
readily migrate (21). These traits are desirable in devel-
opmental tissues or in tissues designed to cushion vital
organs where high-molecular-weight HA affords protec-
tion against physical damage. Small effector molecules,
such as growth factors and cytokines, may also bind
directly to components within such matrices or become
locally concentrated because of their diminished diffusive
properties through such HA-rich matrices influencing
biological processes in situ.

The matrix and cell regulatory properties of HA are
attributable to its association with ECM components, such
as the matrix hyaladherins aggrecan, versican, brevican,
neurocan, link protein, and tumor necrosis factor stimu-
lated gene-6 protein (TSG-6), and its participation in
signal transduction events through cell surface and in-
tracellular HA receptors such as CD44, receptor for HA-
mediated motility (RHAMM), lymphatic vessel endothe-
lial cell HA receptor (LYVE)-1, Cdc-37, and P-32 (19–21).
HA has important roles to play in ECM assembly and cell
proliferation and influences the migratory properties of
many cells. It is also required as a scaffolding material for
many developmental processes and for cellular attach-
ment during wound healing. HA, however, is secreted by
cells as a free GAG, thus its retention within ECMs is
dependent on its interaction with endogenous matrix and
cellular hyaladherins (Table 2).

3.9. Miscellaneous Matrix or Cell Interactive
Noncollagenous, Nonproteoglycan Cartilage Extracellular
Matrix Proteins that have Important Roles in Tissue
Homeostasis

Cartilage contains a number of noncollagenous proteins
that have important functional roles to play in matrix
organization (matrilins, thrombospondins) and in interac-
tions with chondrocytes that may be important in their
regulation. These proteins are presented in Table 4 with
some salient comments on their distribution in the matrix
and known functional roles.

Chondromodulin-I and II are two unrelated small (16–
24kDa) glycoproteins that are particularly abundant in
fetal cartilage. Chondromodulin-I potentiates the action of
FGF-2 on chondrocytes, increasing proteoglycan synthesis
and cellular proliferation; it also promotes the prolifera-
tion of osteoblasts but inhibits the proliferation of vascular
endothelial cells (92). In contrast, chondromodulin-II does
not inhibit endothelial cell proliferation but still promotes
the proliferation and matrix production by osteoblasts and
chondrocytes (93). Chondrocalcin is the C-propeptide of
type II collagen (94) and, as its name indicates, has an

affinity for calcium; it also binds to anchorin C-II on the
chondrocyte membrane. Chondrocalcin is primarily lo-
cated in regions of the growth plate that are beginning
to calcify and has a major role to play in this process
(95,96). Osteopontin (secreted phosphoprotein-1, OPN) is
an ECM protein containing the Arg-Gly-Asp (RGD) cell
attachment sequence, which interacts with the aVb3 in-
tegrin to promote cell attachment and migration (97).
OPN is overexpressed in synovial cells and chondrocytes
in RA and osteoarthritis (OA) and in hypertrophic chon-
drocytes; however, OPN mRNA and protein are not de-
tectable in normal chondrocytes (98). OPN promotes
osteoclast binding to resorptive sites through the aVb3
integrin and stimulates osteoclastic resorption of the
calcified cartilage ECM during growth-related functional
remodeling of the condyle (99). OPN has been classified as
a matricellular protein emphasizing its cell regulatory
properties (17). OPN has anti-inflammatory properties;
it acts as an innate inhibitor of IL-1, NO, and PGE2
production in OA cartilage (100). OPN deficiency also
protects cartilage from damage in an LPS/collagen-II-
induced inflammatory arthritis model. OPN plays a cri-
tical role in the destruction of joint cartilage in inflamma-
tory arthritis via promotion of angiogenesis and induction
of chondrocyte apoptosis (101).

Human cartilage glycoprotein 39 (HC-gp39), also
known as YKL-40, is a chitinase-3-like glycoprotein se-
creted by articular chondrocytes, synoviocytes, and macro-
phages; a related protein YKL-39 has also been identified
(102). Increased levels of HC-gp39 have been demon-
strated in synovial fluids of patients with RA or OA. HC-
gp39 stimulates the proliferation of connective tissue cells
and suppresses the cytokine-induced secretion of the
matrix metalloproteases MMP-1, MMP-3 and MMP-13,
and IL-8 suggesting that it has a physiological role in
limiting the catabolic effects of inflammatory cytokines
(103). YKL-39 and 40 are abundantly produced by chon-
drocytes in culture and have been demonstrated to ac-
count for 4% and 33%, respectively, of the total protein of
chondrocyte conditioned medium on day two. YKL-40 is
not present in newborn or adult articular cartilage but can
be found in the cartilage of RA patients (104,105).

Proline- and arginine-rich protein (PARP) is the N-
propeptide of the COL XI a2 chain and is very abundant in
fetal epiphyseal cartilage but less abundant in adult
cartilage. No role has yet been assigned for this protein
in cartilage. Chondroadherin is a leucine-rich protein that
promotes the attachment of chondrocytes to plastic via the
a2b1 integrin (106). Chondroadherin is associated with
the inter-territorial matrix and is initially found in the
growth plate and later in the proliferating zone and the
articular cartilage (107). Chondroadherin bears some
resemblance to the SLRPs; however, it contains no GAG
side chains or polylactosamine N-linked oligosaccharides
that can be converted to KS such as in lumican or
fibromodulin, although it does have an O-linked oligosac-
charide.

Cartilage-derived retinoic acid responsive protein (CD-
RAP) was originally identified by differential display
analysis of mRNA from chondrocytes stimulated with
retinoic acid; it is also known as melanoma-inhibiting
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activity (MIA). CD-RAP is mainly produced in young and
proliferating chondrocytes and is detected physiologically
only in cartilage tissue and pathologically in malignant
melanoma (108). During development, CD-RAP expres-
sion starts at the beginning of chondrogenesis and con-
tinues throughout cartilage maturation. CD-RAP appears
to be required for the formation of the highly ordered

ultrastructural fiber architecture of cartilage and may
have a role in regulating chondrocyte matrix interactions
(109).

Cartilage-derived morphogenetic proteins (CDMP)-1, 2
are members of the TGF-b superfamily of growth and
differentiation factors and the cartilage counterparts to
BMP-5, 6. CDMP-1 is found mainly in precartilage me-

Table 4. Miscellaneous Matrix or Cell Interactive Noncollagenous, Nonproteoglycan Cartilage Extracellular Matrix
Proteins

Protein
Mw
(kDa) Tissue Distribution/Function

Chondromodulin I 18–24 Abundant in fetal cartilage. Potentiates effects of FGF-2 on chondrocytes,
increasing cell proliferation and proteoglycan synthesis. Inhibits vascular
endothelial cell proliferation.

Chondromodulin II (leucocyte cell-
derived chemotaxin-2)

16 Abundant in fetal cartilage. Bears no similarity to chondromodulin-I. Does not
inhibit vascular endothelial cell growth. Promotes osteoclast differentiation.

Chondrocalcin (collagen II C-
propeptide)

35 Abundant in fetal cartilage, has an affinity for calcium, primarily located in
calcifying cartilage. Binds to anchorin CII on the plasma membrane of
chondrocytes.

Osteopontin (OPN) (bone
sialoprotein, secreted
phosphoprotein-1)

44 Contains Arg-Gly-Asp sequence, which interacts with avb3 integrins. Promotes
osteoclast binding resorption of calcified matrix. Overexpressed in synovial cells,
hypertrophic chondrocytes, and chondrocytes in RA and OA but not normal
chondrocytes.

HC-gp39/YKL-40 (human cartilage
glycoprotein 39)

39 HC-gp39 is a chitinase-like glycoprotein secreted by articular chondrocytes,
synoviocytes, and macrophages. Increased levels of HC-gp39 have been
demonstrated in synovial fluids of patients with RA or OA.

PARP (Proline- and Arginine-rich
protein) (N-propeptide of COL
XI a2)

24 Very abundant component in epiphyseal cartilage, but less so in adult cartilage.
Exact role in cartilage is not known.

Chondroadherin 36 Leucine-rich protein. Promotes chondrocyte attachment to plastic through
interaction with a2b1 integrin. Bears some resemblance to the SLRPs, however,
has no GAG attachment site, contains O- but no N-linked oligosaccharides.

CD-RAP (cartilage-derived retinoic
acid responsive protein)

12 CD-RAP cDNA detected by differential mRNA display of chondrocytes stimulated
with retinoic acid. Transcription of CD-RAP mRNA is downregulated by retinoic
acid treatment.

CDMP-1, 2 (cartilage-derived
morphogenetic proteins-1, 2)

13.5 Members of the TGF-b superfamily. Closest relatives BMP-5, 6. Mouse CDMP-1
(growth and differentiation factor-5, GDF-5) is found mainly in the precartilage
mesenchymal condensations. CDMP-2 is found in hypertrophic chondrocytes
postnatally. CDMPs stimulate cellular proliferation and production of
proteoglycans.

Anchorin CII (annexin V) 31 Interacts with type II and X collagen, phospholipids, chondrocalcin, acts as a
substrate for tyrosine kinases, however, unlike other annexin members Annexin
V is present on the outer plasma membrane surface, also localized in the ECM of
calcifying cartilage in fetal human growth plate but is restricted to the
chondrocyte surface in proliferating and resting cartilage. Has a critical role in
the initiation of the mineralization process in calcifying cartilage.

CILP (cartilage intermediate layer
protein)

91.5 Glycoprotein found in inter-territorial matrix of the midlayers of cartilage, more
prevalent in older tissues, largely absent in the superficial layer and chondro-
osseus junction. Synthesized as a proform, the C-terminal of which is a 51.8kDa
nucleotide pyrophosphorylase.

CMP/matrilin-1 (cartilage matrix
protein)

148 Trimeric molecule. Can form heterocomplexes with matrilin-3 in epiphyseal
cartilage and with decorin, biglycan, type VI collagen to link aggrecan and type
II collagen in ECM. Present early in skeletal development; in later life it is
absent from IVD and surface zones of articular cartilage, however, present in
nasal, tracheal, and auricular cartilage. May be covalently linked to aggrecan in
ECM, also binds to type II collagen in territorial and inter-territorial matrix.

COMP /thrombospondin-5
(cartilage oligomeric protein)

82.7 Pentameric molecule bonded together via their C-termini by a disulphide stabilized
interaction. Monomer contains 4 EGF type repeats and 8 calmodulin repeats, C-
terminal domain has 4 collagen-binding sites. In adult cartilage, COMP is mainly
localized in the inter-territorial matrix and in fetal cartilage in the territorial
matrix. Thrombospondin-1, 2, 3 have also been identified in developing cartilage.
All members of the thrombospondin family bind large numbers of Ca2þ ions via
their calmodulin repeat domains.
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senchymal condensations where it promotes chondrogen-
esis (110); CDMP-2 stimulates hypertrophic growth plate
chondrocytes in postnatal cartilage to proliferate and
increase matrix production (111).

Anchorin CII (annexin V) functions as a collagen
receptor and also has a key role in the anchorage of the
chondrocyte in the ECM (112,113). It is a major constitu-
ent of cartilage-derived matrix vesicles (MVs) and binds to
native type II and X collagen and chondrocalcin (114). The
annexins are highly conserved proteins that are charac-
terized by their ability to interact with phospholipids in a
calcium-dependent manner. They display considerable
sequence homology with calpactin, lipocortin, and endo-
nexin, which are members of a family of Ca2þ - and
phospholipid-binding proteins, as well as major substrates
of tyrosine kinases (115). Whereas the annexins have been
located at the inner side of the plasma membrane of
fibroblasts and epithelial cells, anchorin CII is present
on the outer surface in chondrocytes. Anchorin CII is
localized in the ECM of calcifying cartilage in the fetal
human growth plate but restricted to the chondrocyte
surface in proliferating and resting cartilage. Several
other members of the annexin family have also been
identified in cartilage, including annexin, II, VI, and
VIII. They display high functional and structural simila-
rities (116,117). Annexin VI is predominately found in the
hypertrophic and mineralizing zones of fetal growth plate
cartilage; however, the number of annexin VI-expressing
cells in the upper cartilage zones is also significantly
increased during the progression of OA, and therefore
may represent a late differentiation marker for activated
chondrocytes in OA. Annexins II, V, and VI are major
components of MVs, where they have critical roles in the
initiation of the mineralization process (118). Human OA
chondrocytes undergo terminal differentiation similar to
the hypertrophic growth plate chondrocytes; release an-
nexin II- and annexin V-containing MVs, which initiates
mineral formation; and the cells eventually die by apop-
tosis (119). Types II and X collagen are also associated
with MVs, and their interaction with annexin V stimu-
lates Ca2þ uptake and mineralization. Annexin II and V
and type X collagen are typically expressed in hyper-
trophic and calcifying growth plate cartilage. However,
these proteins are also present in the upper zone of early-
stage and late-stage human OA, but are not detectable in
the upper, middle, and deep zones of healthy human
articular cartilage. Thus, OA chondrocytes undergo phe-
notypic changes similar to the terminal differentiation of
chondrocytes in growth plate cartilage culminating in the
destruction of cartilage in OA.

Cartilage intermediate layer protein (CILP) is a
91.5 kDa glycoprotein with an interesting distribution in
the inter-territorial matrix of the midlayer of cartilage and
is more prevalent in older tissue (120–123). CILP, how-
ever, is largely absent in the superficial cartilage layers
and in the chondro-osseus junction. Cartilage matrix
protein (CMP) is a trimeric 148-kDa molecule. The mono-
mers are attached together through the C-terminus via a
disulphide-bonded interaction. CMP is also known as
matrilin-1 (13,14). Other members of the matrilin family
have been characterized; matrilin-3 also occurs in epiphy-

seal cartilage where it can form a heterocomplex with
CMP. CMP is present early in skeletal development; in
later life, it is absent from the IVD but present in tracheal,
nasal, and auricular cartilages (124,125). CMP is found in
both the territorial matrix and the inter-territorial matrix.
It is highly localized between the hypertrophic and pro-
liferating chondrocytes of the growth plate. CMP is cap-
able of mediating interactions between a variety of matrix
components and may even be covalently attached to
aggrecan in the ECM. Furthermore, because CMP can
also bind to type II collagen, it can effectively immobilize
aggrecan in the cartilage ECM by an alternative mechan-
ism to the HA network in this tissue. Chondrocytes in
culture form a network of fine matrilin-1 filaments even in
the absence of ascorbate when type II collagen fibers do
not form. However, in the presence of ascorbate, matrilin–
1 coassociates with type II collagen to form large fibers.
Complexes of matrilin-1 and decorin or biglycan are
reported to connect type VI collagen with aggrecan and
type II collagen, further reinforcing the organizational
roles of matrilin-1 in the ECM (80).

Cartilage oligomeric protein (COMP) is a pentameric
molecule composed of 82.7 kDa monomers that are at-
tached together via their carboxyl termini by disulphide-
stabilized interactions. COMP (thrombospondin-5) is a
member of the thrombospondin family of matricellular
proteins, which have important cell regulatory properties
(12,16–18). Besides cartilage, COMP is also present in
ligament, tendon, and meniscus (126–128). COMP con-
tains several structural modules, each with their own
distinct interactive properties for a number of ECM
molecules including laminin, fibronectin, matrilin-2, and
collagens I and II; thus COMP has important roles to play
in ECM organization. COMP is found mainly in the inter-
territorial matrix in adult cartilages, whereas in fetal
cartilage, it is found in the territorial matrix adjacent to
chondrocytes. Other members of the thrombospondin
family have also been identified in developing cartilage
(12,93).

4. FUTURE DIRECTIONS: NOVEL THERAPEUTICS BASED
ON ECM INTERACTIVE PROCESSES

4.1. HA-ECM Interactions

The matrix and cell regulatory properties of HA are
attributable to its association with ECM and cellular
components (matrix and cellular hyaladherins) and their
participation in signal transduction events through inter-
action with the cell’s cytoskeleton. Such interactions can
inhibit or stimulate cellular proliferation, cellular migra-
tion, angiogenesis (and consequently tumourogenesis),
and chondrogenesis. Many of the cellular effects produced
by HA are molecular-weight-dependent, and small-mole-
cular-weight HA or HA oligosaccharides can act in an
antagonistic manner to block or counteract the effects of
high-molecular-weight HA (129,130). Some truncated so-
luble forms of HA receptors have also been shown to act
antagonistically, blocking cell signaling events initiated
through interaction of HAwith cell-bound HA receptors. A
soluble recombinant CD44 variant has been shown to
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disrupt the interaction of cellular CD44 with HA and
inhibit tumor formation and metastasis (131,132). A so-
luble form of RHAMM also blocks the ability of tumor cells
to form lung metastases (133), which is consistent with the
high level of soluble CD44 associated with a favorable
clinical outcome in selected ovarian cancer patients and
the poor prognosis of patients displaying low serum levels
of soluble CD44v6 in pancreatic cancer. These findings
suggest that soluble HA receptors might trigger a signal-
ing pathway to block tumor cell growth. Some of the ECM
members of the hyaladherins listed in Table 2 also have
subdomains that exhibit antitumor and anti-angiogenic
activity Neovastat is one such agent that has been isolated
from shark cartilage and undergone phase I/II clinical
trials in plaque psoriasis (134), phase II/III trials in renal
carcinoma (135), and phase III clinical trials in nonsmall-
cell lung carcinoma (136). An anti-angiogenic/antitumor
agent (metstatin) has also been isolated from bovine
cartilage (137) and a recombinant 42-mer amino acid
peptide (BH-P) has been engineered based on BH-P’s
HA-binding motif (138). BH-P potently inhibits the pro-
liferation and colony-forming capability of MDA-435, B16
melanoma, and TSU bladder tumor cells and blocks the
growth of tumors on the chorioallantoic membrane of 10-
day-old chicken embryos. This activity is attributable to
the ability of BH-P to activate caspase-3 and caspase-8
pathways selectively triggering apoptosis in tumor cells. A
related HA-binding motif peptide (Pep-1), based on BRAL-
1, a brain specific variant link-protein, a glycoprotein
displaying affinity for HA, and the G1 domains of the
ECM hyaladherins, has also recently been developed with
phage-display technology (139). Pep-1 binds specifically to
soluble, immobilized, and cell-associated forms of HA and
almost completely inhibits the binding of leucocytes to HA
substrates. This agent is currently being evaluated for its
ability to prevent leucocyte trafficking in inflammatory
disorders.

4.2. SLRP-ECM Interactions

Negligible information exists on the physiological conse-
quences of SLRP catabolism and the presence of SLRP
core protein fragments in the ECM; however, given the
diverse functions of the SLRPs, their catabolism could
result in altered tissue responses to growth factors and
cytokines, abnormal collagen fibril formation, cell adhe-
sion, and cell growth (50–78). Digestion of decorin/TGF-b
and collagen-decorin-TGF-b complexes with MMPs in
vitro results in the release of biologically active growth
factor (74,76). Some recombinant decorin fragments re-
tain their ability to interact with TGF-b but not collagen;
such catabolites, if generated within tissues, could com-
pete for TGF-b binding but would no longer sequester the
growth factor providing some degree of selectivity in
potential therapeutic applications. The interaction of
SLRPs with ECM molecules such as collagen or fibronec-
tin is core protein-dependent; however, the influence of
bound decorin and biglycan on cell adhesion and prolif-
eration and collagen interfibrillar stabilization is a func-
tion of their GAG side chains (65–70). Removal of GAG by
limited N-terminal processing of decorin and biglycan core

protein may therefore enhance the ability of cells to bind
and proliferate and stimulate endogenous cell populations
in musculoskeletal tissues promoting repair processes.
Such therapeutic strategies, however, will have to be
carefully evaluated because inflammatory cells can also
bind to ECM components by a similar mechanism. A
number of decorin and fibromodulin catabolites bind to
collagen, and modulate fibrillogenesis, competing with
intact collagen fibril-bound SLRPs to adversely modulate
the diameter, organization, and strength of newly formed
collagen fibrils (67,71–73). This property of the SLRPs
could possibly be applied to processes such as scar forma-
tion or glomerulonephritis thus with a better understand-
ing of how the SLRPs regulate the bioavailability of TFG-b
(74–78) and the assembly of collagen fibrils in situ,
possible therapeutic interventions aimed at controlling
tissue fibrosis may become available. Similarly, under-
standing how members of the SLRPs regulate cell prolif-
eration may be exploitable as an antitumor agent.

4.3. Influence of Technolological Advances on Identification
of Therapeutic Targets

Significant recent advances have been made in separation
and detection methodologies including coupled one- and
two-dimensional electrophoresis, fast protein liquid chro-
matography/high-performance liquid chromatography
(FPLC/HPLC), ultrasensitive tandem mass spectroscopy
(MS-MS), matrix-assisted laser desorption ionization
time-of-flight mass spectroscopy (MALDI-TOF MS), and
electrospray ionization (EI)- and liquid chromatography
quadrupole (LQ)- ion-trap mass spectrometry methodolo-
gies, which are now being applied to the analysis of SLRPs
in particular tissues in specific disease states (140,141)
and even to examine the positions of sulphated tyrosine
residues in some of the SLRPs (142). Further improve-
ments in surface plasmon resonance, molecular modeling,
integrative proteomics and genomics, and in the produc-
tion of recombinant proteins will undoubtedly facilitate
multidisciplinary approaches to the identification, char-
acterization, and production of candidate therapeutic
ECM molecules. Coupled with a better understanding of
the biology of ECM interactive processes in normal tissue
homeostasis and in models of disease states, novel im-
proved therapeutic interventions will undoubtedly be
developed in the near future.

With the overlap in disciplines required to ensure the
success of such scientific endeavors, an integrated ap-
proach to therapeutics development will become essential.
Furthermore, the grant review process responsible for the
funding of such projects will also become an increasingly
more complex task and will necessitate a new blend of
multidisciplinary expert assessment. It is imperative that
government and private granting agencies keep pace with
appropriate means to review such exciting innovative
approaches to ECM research. A danger exists that multi-
disciplinary projects will fall outside established grant
authority guidelines or overlap with more than one grant-
ing agency and thus not be properly assessed using
existing review criteria.
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4.4. Cartilage Structure and Function from an Engineering
Perspective

4.4.1. Introductory Comments. The structure, composi-
tion, and mechanical properties of cartilage varies not
only with the depth of the sample zone from the articulat-
ing surface but also with joint site location and the
distance from the cell within the ECM (pericellular,
territorial, or inter-territorial matrix), which is reflected
in the nonlinear tensile and depth-dependent compressive
properties of cartilage (143–146). Superimposed on these
subtle spatial variations in structure are temporal
changes in the organization of the cartilage ECM depend-
ing on its stage of development or maturation; aging and
degeneration are also significant determinants of cartilage
structure. The present chapter has, of necessity, not
concentrated on such temporal and spatial biological
complexities but has attempted to provide an overview
from which prospective strategies for the engineering of
cartilage might be better formulated. As a result of its
relatively simple structural organization, hyaline carti-
lage is an attractive candidate tissue from an engineering
perspective. Furthermore, in the fetus, the cartilage rudi-
ment acts as a developmental scaffold, which is subse-
quently modified to form components of the axial skeleton
including the permanent cartilages of the diarthrodial
joints and bone. Thus, once the specific developmental
cues have been deciphered, this tissue may be amenable
as a transient matrix for engineering into prospective
tissues of interest.

Although the peri-cellular matrix (matrix that is in
contact with the plasma membrane of the chondrocyte),
territorial matrix (matrix just outside the pericellular
matrix but still associated with a single chondrocyte),
and inter-territorial matrix (matrix furthest from the
chondrocyte cell surface that links the territorial matrices
of individual chondrocytes) have been identified in carti-
lage, it should be kept in mind that no distinct demarca-
tions exist between each of these zones. Furthermore,
these zones share many common components and their
biomechanical properties are largely interdependent. It is
therefore difficult to look at the pericellular matrix in
isolation in a functional sense. We will therefore look at all
zones collectively and point out definitive features relating
specifically to the pericellular matrix where these have
been identified.

4.4.2. Cartilage Structure-Function. The main function
of cartilage is to provide a weight-bearing surface and
dissipate force generated during movement of the articu-
lating joints, and it does so with the provision of a near
frictionless, self-lubricating surface to the diarthrodial
joints. Collagens provide the structural framework of
cartilage and are responsible for its shape and biomecha-
nical properties, which equip it with the ability to resist
pressure, torsion, or tension. The GAG side chains and
associated counter-ions of cartilage aggrecan entrapped
within the type II/XI/IX collagen network of cartilage
imbibe water and literally ‘‘pump-up’’ this tissue and exert
a hydrostatic pressure within it that is essential for the
unique visco-elastic and hydrodynamic weight-bearing

properties of cartilage. Under compression, the collage-
nous networks in cartilage are weak and the hydrostatic
pressure provided by the cartilage proteoglycans (which
also resist compression of the tissue) is essential in main-
taining such networks in appropriate orientations for
them to provide tensile strength to the composite cartilage
structure.

Collagen fibril organization is not uniform throughout
the full depth of articular cartilage. In the deepest zones of
cartilage adjacent to the calcified cartilage zone, collagen
fibers are assembled into large bundles arranged perpen-
dicular to the articulating surface. They insert into the
subchondral bone and firmly anchor the articular carti-
lage. Some of these collagen fibers become calcified (Shar-
peys fibers) where they insert into the calcified cartilage
and subchondral bone. In contrast, the collagen fibrils in
the intermediate zone of cartilage are assembled into finer
arrays and are randomly oriented with respect to the
articular surface, whereas the collagen fibrils in the
superficial zone are arranged parallel to the articulating
surface. The collagen fibers in each of these depths of
cartilage stain differentially with histochemical dyes such
as picrosirius red and also reflect polarized light to differ-
ing extents, which permits the visualization of their
macromolecular organization in each respective cartilage
zone, which is readily evident in Fig. 1 (147,148).

4.4.3. Clues on Cartilage Structure and Function Provided
by Modern Imaging Techniques. From a simplistic view-
point, the key components that provide cartilage with its
unique biomechanical properties are collagen and proteo-
glycan. The former provides cartilage with the ability to
withstand tensile stresses, whereas the latter provides an
ability to withstand tissue deformation on compressive
loading. It should not be forgotten, however, that it is the
interplay of the collagenous and proteoglycan components
in the biocomposite cartilage structure that facilitates the
dynamic entrapment of water in the cartilage ECM, and,
in fact, it is this component that provides these biomecha-
nical properties; any engineered cartilage must also re-
produce this property (149). The dynamic movement of
water in and out of the cartilage ECM because of the
cyclical loading it experiences with normal day-to-day
movements is also critical for the provision of nutrients
to the chondrocyte and removal of its metabolic waste
products such as lactic acid.

Polarized light microscopy has already been shown to
be a very useful method of visualizing the collagenous
organization in normal and structurally damaged carti-
lage; however, a number of modern imaging techniques
have also been developed to visualize the other major
functional component of cartilage, the proteoglycans (and
associated water of their hydrodynamic domains). Thus,
the entrapment of water in articular cartilage has been
correlated with cartilage biomechanics in order to estab-
lish important structure-function inter-relationships be-
tween the structural components of cartilage in health
and disease. This include methods that have visualized
cartilage and associated musculoskeletal tissue hydration
(or cartilage GAG/proteoglycans) using dGEMRIC (150–
154), MRI alone or microscopic MRI in combination with
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Figure 1. Assessment of normal ovine tibial plateau (a, b), femoral condyle (c, e) and mechanically
damaged femoral condyle (d, f) articular cartilage depicting proteoglycan localisation by histolo-
gical staining with toluidine blue-fast green (a, c, d) and collagenous organization (b, e, f) by
staining with picrosirius red viewed under polarised light. Toluidine blue staining depicts a
uniform proteoglycan distribution in the normal cartilage specimens (a, c) and delineates the
tidemark and calcified cartilage whereas a focal loss of staining (and proteoglycan) is evident in the
surface fibrillated regions of the mechanically damaged specimen (d). Picrosirius red staining of
equivalent joint regions demonstrates differences in collagenous organization at different cartilage
depths and within the trabeculae of the subchondral bone (b, e, f). Particularly prominent in the
normal cartilage is a highly refractile surface lamina at the articulating joint surface and a dark
poorly refractile region underlying this (b, e). The surface lamina contains tangentially arranged
collagen fibres whereas in the intermediate to deep and calcified cartilage zones the collagen fibres
are thicker and arranged parallel to the plane of the polarised light. In the mechanically damaged
cartilage the loss in collagenous organization (f) correlates with the focal surface fibrillations and
loss of proteoglycans (d). Chondrocytes appear as blackish dots with picrosirius red staining. Low
power views original magnification x 16.
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polarized light microscopy to assess collagen network
organization (155,156), quantitative MRI (157–161), as-
sessment of collagen fiber orientation using 2H double
quantum-filtered MRI (162,163), peripheral MRI (164),
MRI T2 relaxation time mapping (165,166), high-resolu-
tion MRI (167), computer-aided quantitative MRI (168),
ultra-short TE pulse sequence MRI (169), weight-bearing
MRI (170), whole organ MRI of the knee (171), and
histochemical correlation of swelling cartilage with MRI
(172). Alternative mechano-electrochemical methods have
also been developed to quantify cartilage GAGs based on
fixed-charge density measurements to correlate with car-
tilage proteoglycan content and biomechanical indices for
the assessment of cartilage functionality (145,173–176).
Atomic force microscopy in combination with micro-inden-
tation is another powerful methodology that has been
developed to assess the biomechanical properties of carti-
lage and offers particularly high resolution (177,178).
Optical coherence tomography (179) and quantitative
athroscopic ultrasound of living human cartilage
(180,181) have also been developed; however, the full
utility of such methodologies is still under evaluation.
The contributions of individual type II collagen and

hyaluronan molecules to cartilage function have even
been addressed using optical tweezers (182).

5. CELL-ASSOCIATED NETWORKS IN CARTILAGE:
IMPLICATIONS FOR MECHANOTRANSDUCTION EVENTS
AND TISSUE HOMEOSTASIS

The major components of the chondrocyte peri-, territor-
ial, and interterritorial matrices have been listed in Table
5 with their known interactive partners and their func-
tional properties in cartilage. Many of these components
have been covered earlier in this chapter. Unfortunately,
space constraints prevent us from covering these interest-
ing matrix molecules more fully; however, the interested
reader is directed to the excellent interactive IHOP and
cartilage matrix websites provided in the reading list at
the end of this chapter for further information.

Perlecan is a prominent HS substituted proteoglycan of
the chondrocyte pericellular matrix (41,42,183,184).
Other chondrocyte-associated transmembrane HS proteo-
glycans also exist (syndecan-3, glypican-3, glypican-5);
however, perlecan is quantitatively the major HS proteo-
glycan (35,38). The HS chains of perlecan (syndecan,

Table 5. Interactive Components of the Pericellular (P), Territorial (T), and Interterritorial (IT) Matrix of Chondrocytes
and their Known Functions in the Cartilage ECM

Component Localization (P, T, IT) Function and Interactive Partners

Chondroadherin P Attaches to cells and collagen via a2b1 integrin
Anchorin CII P Attaches cells to Type II collagen
CD-44 P HA receptor, assembly of HA-aggrecan networks
HS-PGs (perlecan, syndecan, glypican) P Interactive with growth factors, PRELP, Type IV, laminin,

fibronectin, nidogen, fibulin
PRELP P Anchorage to type II collagen, HS-PGs
Fibulin P, T Forms cross bridges on aggrecan aggregate networks and also

links to perlecan- ECM stabilization?
Integrins P Cell surface receptors interactive with many ECM molecules–

signal transduction, ECM stabilization?
HA P, T, IT Cell-associated HA-immobilizes aggrecan networks- ECM

stabilization, cell attachment, cell motility
Aggrecan/link protein P, T, IT Forms cell-associated link stabilized HA-aggrecan networks-

ECM stabilization, protection of chondrocytes from excessive
compression

Collagen VI P, T, IT Forms basket-like structures around chondrocyte pericellular
matrix (chondron)- protects chondrocyte

Biglycan T, IT Interacts with type VI and fibrillar collagens modulates
collagen fibrillogenesis, may control bioavailability of TGF-b.

COMP (P), T, IT Prominent pericellular component in growth plate cartilage, IT
matrix distribution in AC. Has roles to play in cell
proliferation/matrix stabilization. Binds to type I/II collagen
in presence of Zn2þ

CILP T, IT Distributed in middle/deeper layers of AC in IT matrix. CILP
contents increased in early cartilage lesions- possible role in
early matrix repair.

Collagen II/XI P, T, IT Hybrid collagen fibril, provision of tensile properties to
cartilage-traps aggrecan HA networks in cartilage

Collagen IX IT Member FACIT collagen family, Type II collagen fibril
crossbridge, stabilizes collagen fibrils/ECM

Fibromodulin IT Modulates collagen fibrillogenesis and organization, binds and
controls bioavailability of TGF-b

Decorin IT Modulates collagen fibrillogenesis interacts with type I, II, III,
V, VI collagen, binds and controls bioavailability of TGF-b.
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glypican) bind a number of growth factors including FGF
1, 2, 7, 9; hepatocyte growth factor; and PDGF-AA and
PDGF-BB (40). The low-density lipoprotein (LDL) repeats
in perlecan domain II also bind CTGF. The HS proteogly-
cans, therefore, can localize a number of important growth
factors in the chondrocyte pericellular matrix and,
through signal transduction events initiated by these
growth factors, can influence chondrocyte proliferation,
matrix production, and differentiation (35,40).

Perlecan (and other transmembrane HS proteoglycans
to a lesser extent) also interact with a diverse range of
ECM molecules, some of which form lattice-like or anchor-
ing ECM structures (PRELP, type IV, XIII, XVIII collagen)
or cell attachment surfaces (laminin, fibronectin, nido-
gen). Such structures may be important for cellular re-
cruitment during ECM growth and remodeling. Perlecan
also interacts with fibril-forming ECM components (fibril-
lin-1,2; fibulin-1, 2), which convey mechanical strength to
cartilage. The chondrocyte hyaluronan receptor CD44 also
facilitates the assembly of pericellular hyaluronan and
link-protein-stabilized aggrecan networks in cartilage,
which penetrate from the pericellular matrix through
the territorial and interterritorial matrices (185). The
tyrosine kinase cytoplasmic tails of CD44 also provide a
potential means of initiating cell signaling transduction
pathways. Thus, if perturbations in the biomechanical
microenvironment around the chondrocyte result in al-
terations in the pericellular perlecan-integrin or aggre-
can-HA networks, it may provide a mechanism whereby
the chondrocyte can perceive mechanosensation and could
result in signal transduction events that regulate the
synthesis of cartilage matrix components and thus the
homeostasis of this tissue. Such connections (mechanor-
eceptor complexes) between the cell and ECM provide a
means whereby the cell and its immediate ECM can
communicate and a mechanism for the modulation of
signal transduction events in response to alterations in
the biomechanical microenvironment around a chondro-
cyte (186–189). Thus, dynamic ‘‘in-out’’ as well as ‘‘out-in’’
signaling between the cell and its ECM may facilitate
tissue homeostasis (186–191).

The primary cilium, which is present on all cells
including chondrocytes (192–194), may also have a sen-
sory role to play in cartilage. Such roles have already been
ascribed to the primary cilium in human kidney cells
(195–197). In this case, the mechanoreceptor complex is
assembled from polycystin-1 and 2 and accessory proteins
and the primary cilium communicates with the cell via it’s
cytoskeleton and nucleus to affect cell signaling, thus
facilitating out-in communication. In cartilage, other ac-
cessory molecules are involved in the assembly of the
mechanoreceptor complex such as b1-integrin (198),
which is found associated with primary cilia (199,200)
and also binds perlecan and a number of other ECM
molecules (201). A recent confocal study has demonstrated
chondrocyte primary cilia in contact with collagen fibers
and proteoglycans suggesting that mechanical forces
could be transmitted through these matrix macromole-
cules to the primary cilium (192). If so, attendant down-
line signaling events through the cytoskeleton identify the
primary cilium as a potential mechanosensor in cartilage.

Such a proposal is appealing in view of the known respon-
siveness of chondrocytes to changes in their biomechanical
microenvironment and the variable dynamic loading ex-
perienced by chondrocytes in normal day-to-day move-
ments.

6. SPECIALIZATION IN COLLAGEN FIBRIL ASSEMBLY AND
ORGANIZATION IN CONNECTIVE TISSUES WITH SPECIAL
REFERENCE TO THE CHONDROCYTE CHONDRON
ASSEMBLAGE IN CARTILAGE

Collagen heterofibrils consisting of types II and XI col-
lagen constitute the main fibrillar network in the chon-
drocyte interterritorial matrix. The type II/XI fibril is also
decorated with the FACIT collagen type IX, which further
stabilizes these fibrils and also affords some measure of
steric protection from proteolytic attack. In the territorial
matrix, type VI collagen also forms a network of beaded
filaments close to the cell, which forms a basket-like
functional unit known as the chondron and also involves
type II and IX collagen and aggrecan (202–211). A number
of studies have examined the chondron as a functional
unit in cartilage and emphasized the importance of peri-
cellular matrix integrity for optimal chondrocyte function
(203,212–217). Methods have even been developed to
assess the biomechanical properties of the chondrocyte
pericellular matrix in isolation. Mathematical models
have been developed (143,178,217) and finite element
computational methods have been determined to formu-
late fibril-reinforced poroelastic models to describe the
chondron in relation to the biomechanical properties of
intact cartilage (218–224).

The fibrillar organization of collagen II varies in differ-
ent compartments in cartilage. A number of proteins
regulate the assembly of individual collagen fibrils and
the organization of the collagen network in situ, including
the LRR-PGs fibromodulin, lumican, decorin, biglycan,
and chondroadherin (http://www.pdg.cnb.uam.es/Uni-
Pub/iHOP/; http://www.cmb.lu.se/ctb/html/Cartila-
ge.htm), which decorate the surface of the collagen fibers
at specific sites along the fibril and influence the rate of
fibril formation as well as the interactions between adja-
cent collagen fibrils, which can modulate the tensile
properties of tissues. The LRR-PGs have been termed
‘‘shape modules’’ because of these tissue-organizing prop-
erties (225). Molecular modeling and electron histochem-
istry has shown that the LRR-PGs (decorin, fibromodulin,
lumican) have a horseshoe shape and bind to several
defined sites within the D-period (B65nm) of a single
collagen fibril at the so-called a, c, d, and e bands within
the D-period. Furthermore, the GAG side chain of the
collagen-fibril-bound LRR-PGs has been shown to stretch
across to a neigbhoring collagen fibril duplexing head to
tail (antiparallel) with a GAG chain of another LRR-PG
forming a stabilizing interfibrillar bridge. These LRR-PG
arrangements have been compared with springs because
their deformation provides some elastic properties to
collagen fibrillar assemblies, which are in themselves
essentially inextensible. As the LRR-PGs attach to iden-
tical locations within the D-period of adjacent collagen

14 EXTRACELLULAR MATRIX



fibrils, they hold packages offibrils in precise spacings and
striking parallel alignments. This precise arrangement of
collagen fibrils is important in tissues that provide high
tensile strength (tendons) and also critical for the optical
clarity of the cornea, as abnormal spacing of collagen
fibrils is evident in cataract formation. The large number
of collagen interactive ECM proteins in cartilage provides
variability in structural form and flexibility in how struc-
tural elements may be modulated in the cartilage ECM.
By understanding the precise functional inter-relation-
ships between these components in a relatively simple
tissue such as cartilage, a fiber-reinforced-poroelastic
biocomposite, it should be possible to systematically as-
certain the most critical aspects of such inter-relation-
ships, which determine tissue form and function
(226,227). Such information will be invaluable when de-
signing artificial matrices or developing approaches to
engineer replacement tissues in repair biology.
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The C-terminal domain V of perlecan promotes b1 integrin-
mediated cell adhesion, binds heparin, nidogen and fibulin-2
and can be modified by glycosaminoglycans. Eur. J. Biochem.
1997; 250:39–46.

202. O. Horikawa, H. Nakajima, T. Kikuchi, S. Ichimura, H.
Yamada, K. Fujikawa, and Y. Toyama, Distribution of type
VI collagen in chondrocyte microenvironment: study of
chondrons isolated from human normal and degenerative
articular cartilage and cultured chondrocytes. J. Orthop. Sci.
2004; 9:29–36.

203. G. M. Lee, C. A. Poole, S. S. Kelley, J. Chang, and B.
Caterson, Isolated chondrons: a viable alternative for stu-
dies of chondrocyte metabolism in vitro. Osteoarthritis Car-

tilage 1997; 5:261–274.

204. C. A. Poole, M. H. Flint, and B. W. Beaumont, Chondrons in
cartilage: ultrastructural analysis of the pericellular micro-
environment in adult human articular cartilages. J. Orthop.

Res. 1987; 5:509–522.

205. C. A. Poole, T. T. Glant, and J. R. Schofield, Chondrons from
articular cartilage. (IV). Immunolocalization of proteoglycan
epitopes in isolated canine tibial chondrons. J. Histochem.

Cytochem. 1991; 39:1175–1187.

206. C. A. Poole, S. Ayad, and R. T. Gilbert, Chondrons from
articular cartilage. V. Immunohistochemical evaluation of
type VI collagen organisation in isolated chondrons by light,
confocal and electron microscopy. J. Cell Sci. 1992;
103:1101–1110.

207. C. A. Poole, Articular cartilage chondrons: form, function
and failure. J. Anat. 1997; 191:1–13.

208. C. A. Poole, R. T. Gilbert, D. Herbage, and D. J. Hartmann,
Immunolocalization of type IX collagen in normal and
spontaneously osteoarthritic canine tibial cartilage and iso-
lated chondrons. Osteoarthritis Cartilage 1997; 5:191–204.

209. C. A. Poole, S. F. Wotton, and V. C. Duance, Localization of
type IX collagen in chondrons isolated from porcine articular
cartilage and rat chondrosarcoma. Histochem. J. 1988;
20:567–574.

210. C. A. Poole, S. Ayad, and J. R. Schofield, Chondrons from
articular cartilage: I. Immunolocalization of type VI collagen
in the pericellular capsule of isolated canine tibial chon-
drons. J. Cell Sci. 90:635–643.

211. J. Chang and C. A. Poole, Sequestration of type VI collagen
in the pericellular microenvironment of adult chrondrocytes
cultured in agarose. Osteoarthritis Cartilage 1996; 4:275–
285.

212. M. M. Knight, J. M. Ross, A. F. Sherwin, D. A. Lee, D. L.
Bader, and C. A. Poole, Chondrocyte deformation within
mechanically and enzymatically extracted chondrons com-
pressed in agarose. Biochim. Biophys. Acta. 2001; 1526:141–
146.

213. W. A. Hing, A. F. Sherwin, and C. A. Poole, The influence of
the pericellular microenvironment on the chondrocyte re-
sponse to osmotic challenge. Osteoarthritis Cartilage 2002;
10:297–307.

214. R. D. Graff, S. S. Kelley, and G. M. Lee, Role of pericellular
matrix in development of a mechanically functional neocar-
tilage. Biotechnol. Bioeng. 2003; 82:457–464.

215. C. M. Larson, S. S. Kelley, A. D. Blackwood, A. J. Banes, and
G. M. Lee, Retention of the native chondrocyte pericellular
matrix results in significantly improved matrix production.
Matrix Biol. 2002; 21:349–359.

216. T. M. Quinn, P. Schmid, E. B. Hunziker, and A. J. Grod-
zinsky, Proteoglycan deposition around chondrocytes in
agarose culture: construction of a physical and biological
interface for mechanotransduction in cartilage. Biorheology
2002; 39:27–37.

217. L. G. Alexopoulos, G. M. Williams, M. L. Upton, L. A. Setton,
and F. Guilak, Osteoarthritic changes in the biphasic me-
chanical properties of the chondrocyte pericellular matrix in
articular cartilage. J. Biomech. 2005; 38:509–517.

218. R. K. Korhonen, M. S. Laasanen, J. Toyras, R. Lappalainen,
H. J. Helminen, and J. S. Jurvelin, Fibril reinforced poroe-
lastic model predicts specifically mechanical behavior of
normal, proteoglycan depleted and collagen degraded articu-
lar cartilage. J. Biomech. 2003; 36:1373–1379.

219. L. Li, M. D. Buschmann, and A. Shirazi-Adl, The role offibril
reinforcement in the mechanical behavior of cartilage. Bior-
heology 2002; 39:89–96.

220. L. Li, A. Shirazi-Adl, and M. D. Buschmann, Investigation of
mechanical behavior of articular cartilage by fibril rein-
forced poroelastic models. Biorheology 2003; 40:227–233.

EXTRACELLULAR MATRIX 21



221. L. P. Li, A. Shirazi-Adl, and M. D. Buschmann, Alterations
in mechanical behaviour of articular cartilage due to
changes in depth varying material properties—a nonhomo-
geneous poroelastic model study. Comput. Methods Biomech.

Biomed. Eng. 2002; 5:45–52.

222. E. G. Loboa, T. A. Wren, G. S. Beaupre, and D. R. Carter,
Mechanobiology of soft skeletal tissue differentiation—a
computational approach of a fiber-reinforced poroelastic
model based on homogeneous and isotropic simplifications.
Biomech. Model Mechanobiol. 2003; 2:83–96.

223. W. Wilson, C. C. van Donkelaar, B. van Rietbergen, K. Ito,
and R. Huiskes, Stresses in the local collagen network of
articular cartilage: a poroviscoelastic fibril-reinforced finite
element study. J. Biomech. 2004; 37:357–366.

224. S. Olsen, A. Oloyede, and C. Adam, A finite element for-
mulation and program to study transient swelling and load-
carriage in healthy and degenerate articular cartilage.
Comput. Methods Biomech. Biomed. Eng. 2004; 7:111–120.

225. J. E. Scott, Elasticity in extracellular matrix shape modules
of tendon, cartilage etc. A sliding proteoglycan-filament
model. J. Physiol. 2003; 553.2:335–343.

226. A. K. Williamson, A. C. Chen, K. Masuda, E. J. Thonar, and
R. L. Sah, Tensile mechanical properties of bovine articular
cartilage: variations with growth and relationships to col-
lagen network components. J. Orthop. Res. 2003; 21:872–
880.

227. J. H. Lee, J. Kisiday, and A. J. Grodzinsky, Tissue-engi-
neered versus native cartilage: linkage between cellular
mechano-transduction and biomechanical properties. No-

vartis Found Symp. 2003; 249:52–64; discussion 64-9, 170-
4, 239-41.

READING LIST

Extracellular matrix
T. Kreis and R. Vale, eds., Guidebook to the Extracellular Matrix

and Adhesion Proteins. New York: Oxford University Press,
1993. A collection of short informative reviews on ECM mole-
cules and adhesive proteins.

The IHOP (information hyperlinked over proteins) web-
site. Available: http://www.pdg.cnb.uam.es/UniPub/iHOP/.

This very useful website provides extensive information
on a network of genes and proteins with the search engine
hyperlinking data by physiology–interaction-pathology-
phenotypic categories and rapid access to millions of
abstracts.
Extracellular matrix of cartilage website. Available: http://

www.cmb.lu.se/ctb/html/Cartilage.htm.

Interactive website with clear, precise, definitive and up-
to-date information on components of the pericellular
territorial and interterritorial matrix of cartilage and
their functional structural roles in cartilage.
Cell-ECM interactions
The following review has some excellent information on cell-ECM

interactions. J. C. Adams (2002). Molecular organisation of
cell-matrix contacts: essential multiprotein assemblies in cell
and tissue function. Exp. Rev. Mol. Med. Available: http://

www-ermm.cbcu.cam.ac.uk/02004039h.htm.

The integrin page website. Available: http://integrins.hyper-
mart.net/.

The role of integrins in linking the plasma membrane to
the extracellular matrix.
Mechanisms of Signal Transduction websites. Available:

http://www-isu.indstate.edu/thcme/mwking/signal-trans-

duction.html.

Clear, illustrated summaries of the various mechanisms of
signal transduction.
The signal transduction knowledge environment website
covers all aspects of signal transduction research. Avail-
able: http://stke.sciencemag.org/.
Cell adhesion to ECM , cytoskeleton, and motility
websites
The WWW Virtual Library of Cell Biology contains links
to websites on cell adhesion, ECM, the cytoskeleton, and
cell motility. Available: http://www.vlib.org/Science/
Cell_Biology/.
Preclinical and Clinical studies on cell-ECM re-
search website. Available: http://www.medscape.com/.
The Medscape Website has information about preclinical
and clinical studies related to various fields including cell-
extracellular matrix research.
Wound healing and cell-ECM website. Available:
http://www.woundheal.org.
The Wound Healing Society website has links to relevant
journals and other links to cell-matrix research related to
wound healing.
Hyaluronan and the ECM website.
Hyaluronan Today. Available: http://www.glycofor-
um.gr.jp/science/hyaluronan/hyaluronanE.html.
The Glycoforum website of The Seikegaku Corporation,
Japan contains useful information and short reviews on
ECM carbohydrates and proteoglycans plus many useful
links.

22 EXTRACELLULAR MATRIX



EXTRACORPOREAL ELECTRODES

ANDREW J. PULLAN

POUL M. F. NIELSEN

DAVID M. BUDGETT

University of Auckland
Auckland, New Zealand

Extracorporeal electrodes are, by definition, those elec-
trodes that are situated outside of the body. The most
common are the electrodes associated with recording the
electrical activity of the heart [electrocardiogram (ECG)]
but include electrodes used for the recording of neural
[electroencephalography (EEG)], skeletal muscle [elect-
romyography (EMG)], and smooth muscle [electrogastro-
graphy (EGG)] activity. Although the same electrode can
often be used to record different signals (for instance, ECG
electrodes can be used to record EGGs), it is the type of
signal acquired rather than the manufacturer’s name or
other identifier that is used to describe the electrode.
Thus, rather than focus on the names of the electrode it-
self, which alter according to application, we focus on the
characteristics of the different electrodes used for extra-
corporeal recordings. The purpose of these electrodes, as
with almost all biological electrodes, is to provide a con-
nection with the biological entity or tissue from which a
current may flow and a voltage may be recorded. This
voltage, and the cause and meaning of it, is the primary
objective of an extracorporeal recording; the use of the
electrodes is a tool to aid in obtaining this voltage record-
ing. However, many aspects of this voltage are affected by
the electrode, which justifies the study of the electrodes
themselves.

One key feature that distinguishes extracorporeal re-
cordings from more invasive electrodes is that they are
remote from the electrical source. For instance, ECG elec-
trodes are placed on the skin of the chest and limbs of a
person but are being used to sample the electrical activity
generated by the heart muscle situated within the chest
cavity. Although using surface electrodes to obtain an in-
direct measure of the source has many advantages (not
the least in that they are quick to obtain and are nonin-
vasive), the fact that the recording site is removed from
the source presents some challenges. One challenge is that
the signal magnitude is decreased by distance and can
become so small that, unless one is careful, the potential
voltage generated by the biological source can become in-
distinguishable from noise and other artifacts present
within the recorded signal. This fact underpins much of
what is discussed here.

In what follows we provide a brief historical overview of
the use of extracorporeal electrodes in the various fields.
We then move on to discuss basic electrode behavior and
the all-important electrode–skin interface. Some problems
inherent in the use of such electrodes are then discussed,
in particular, motion artifact and noisy signals. Some dif-
ferent types of surface electrodes that are currently used
are then described, together with the issues of passive
versus active recording sensors. As the name of this article
suggests, this article focuses solely on extracorporeal elec-

trodes. Topics such as implantable electrodes and elec-
trodes used for other applications (such as stimulation)
are outside the scope of this article. Also outside the scope
of this article is a discussion of the instrumentation re-
quired to obtain a recording from the electrode. These
topics are all covered in other articles of this Encyclopedia,
and the interested reader is referred to them. Further in-
depth information on extracorporeal (and other elec-
trodes) can also be found in Ref. 1.

1. HISTORICAL PERSPECTIVE

It was known in the late 1700s that muscles could be
stimulated by electrical activity. However, at that stage,
no device was sensitive enough to quantitatively record
voltages from extracorporeal electrodes. Galvanometers,
the early tool capable of recording electrical current, were
invented in the early 1800s. In 1834, the term ‘‘electrode’’
was first coined in Micheal Faraday’s (2) paper on electri-
cal decomposition. However, the first use of a surface elec-
trode to record (rather than stimulate) muscle activity was
probably made by Du Bois-Reymond (3) around 1849 in
his study of skeletal muscle activity. Du Bois-Reymond’s
experiment involved placing a blotting cloth on each hand
or forearm of his subject and immersing them in separate
vats of saline solution, while connecting them to the gal-
vanometer. He noted small but consistent deflections
whenever the subject flexed his hand or arm. To improve
the signal magnitude (Du Bois-Reymond correctly postu-
lated that the magnitude of the signal was diminished by
the impedance of the skin), he removed a portion of the
skin of the subject and observed a significant increase in
the magnitude of the signal during wrist flexion.

In 1887, Waller (4) decided to investigate the possibility
of recording potentials from the limbs of animals and from
humans. To achieve this, he dipped his right hand and left
foot into basins of salt solution that were connected to two
poles of an electrometer and ‘‘at once had the pleasure of
seeing the mercury column pulsate with the pulsation of
the heart.’’ He went on to demonstrate this effect to sci-
entific audiences, often getting his dog Jimmie standing in
the buckets of salt solution. Such a demonstration was
witnessed by Einthoven, who went on to extend and refine
the procedure, eventually being awarded a Nobel Prize for
his work in 1924. Both Waller and Einthoven put forward
evidence to support the fact that the potentials measured
on the body surface were the result of cardiac activity, and
Waller was the first to call such recordings electrocardio-
grams or ECGs. Progress in recording techniques and
electrodes allowed the external recording of activity gen-
erated from other organs and tissues—the EEG by Berger
in 1929 (5) and the EGG in 1922 by Alvarez (6).

2. THE BASICS

As noted, the primary function of the electrode is to pro-
vide a connection with the physiological system and the
electrical recording system, thereby enabling voltages
generated by the physiological system and in the vicinity
of the electrode to be measured against a reference loca-
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tion. High-quality recordings are essential to allow one to
make an appropriate interpretation of what has been
sampled.

Electrical activity within tissue is represented by
changes in concentration of ionic solutions. A typical elec-
trode consists of an electrolyte and a metal. The purpose of
the electrolyte solution is to facilitate the easy exchange of
ions to and from the underlying tissue to the electrode.
The metal provides a mechanism for electrons to be de-
tected by electronic circuits. Thus, the role of the electrode
is to transfer charge movements in ionic solutions to elec-
tron movements in electrical conductors.

Electrode performance is also characterized by its abil-
ity to minimize sensitivity to producing an electrical out-
put in response to environmental factors not relating to
ionic charge distributions (such as physical motion artifact
and temperature variation) and by the ability to measure
without altering the ionic charge distribution.

For polarized electrodes, there is no net transfer of
charges across the electrode/electrolyte interface. A
change in ionic distribution in the electrolyte will gener-
ate an electric field that will result in a change in distri-
bution in electrons in the electrode metal. These
electrodes behave like capacitive elements. Most extracor-
poreal electrodes are nonpolarized where transfer of
charges between the electrolyte and metal occurs freely.
In both types of electrodes, ions can freely move between
the biological surface and the electrolyte in the electrode
assembly. In the human body, ions such as sodium, chlo-
ride, and intracellular potassium are mobile and present
in sufficient concentrations that they become the major
carriers for charge transfer. The mobility of the ions is
principally determined by their size. With the tendency of
sodium to hydrate, increasing size and reducing mobility,
chlorine is the most effective charge carrier.

In nonpolarized electrodes, when a metal is introduced
to an electrolyte solution, two chemical reactions will oc-
cur (as illustrated in Fig. 1). These reactions are revers-
ible. Oxidation (loss of electrons) occurs when the metal
forms cations and liberates electrons, and the negatively
charged anion forms the anion substance and liberates
electrons. When oxidation occurs, the extra electrons move
into the electrode metal, and current is determined to be
flowing from metal to electrolyte. Reduction occurs when
the reactions are reversed. The cation substance is formed

from positive cations and absorbing electrons, and the
negative anion is formed from the anion substance com-
bining with electrons. In the reduction process, current
flows from electrolyte to electrode.

The reactions can proceed in either direction and will
be driven by ionic concentrations until equilibrium has
been established. The consequence of the reactions is an
imbalance between the electrical charge at the electrode
metal and the electrical charge in the electrode solution.
This potential difference is known as a half-cell potential.
To measure this potential, it is necessary to introduce a
second electrode into the solution. Using the standard hy-
drogen electrode as the second electrode enables compar-
isons of half-cell potentials for different reactions. The
half-cell potential for a range of reactions measured
against the standard hydrogen electrode at 251C with
1 molar solution concentrations and 1 atmosphere pres-
sure is given in Table 1.

The half-cell potential is not a function of the underly-
ing electrical activity. One goal of electrode design is to
make this potential stable so that it can be detected and
removed from the recorded signal. It is also desirable for
the half-cell potential to be small to reduce problems of
amplifier saturation.

The most common choice of material for stable elec-
trodes is silver/silver chloride. When oxidation occurs, Ag
is oxidized to Agþ releasing one electron. The Agþ com-
bines with Cl� from the electrolyte to deposit AgCl on the
electrode. When reduction occurs, AgCl combines with an
electron to produce Ag and Cl� . The Ag is deposited on
this electrode, and the Cl� ion is released into the elec-
trolyte as shown in Fig. 2. The half-cell potential is stable
because of the abundance of Cl� ions in physiological flu-
ids.

Electrode characteristics can be modeled by an equiv-
alent electrical circuit shown in Fig. 3. The constant half-
cell potential is represented by Ehc, Rs is the series resis-
tance of the electrolyte and lead wires, and Rd and Cd

represent the resistive and reactive components of the
electrode–electrolyte interface. The electrode impedance is

C

C

C

C

← e− ← e−

← e− ← e−

C+ →

C+ →

C+ → C+ →

C+ →

Metal Electrolyte

C ↔ Cn+ + n e−  cation reaction  

Am− ↔ A + m e−  anion reaction

←A−

←A− ←A−

←A−

Figure 1. Reversible cation (Cnþ ) and anion (Am� ) reactions oc-
cur at the metal to electrolyte junction.

Table 1. Standard Half-Cell Potentials Measured With a
Hydrogen Cell at 251C With 1-molar Solution
Concentrations and 1 Atmosphere Pressure (7)

Metal and Reaction
Standard Half-Cell Potential E1

(Volts)

Al-Al3þ þ3e� �1.706
Zn-Zn2þ

þ2e� �0.763
Cr-Cr3þ

þ3e� �0.744
Fe-Fe2þ

þ2e� �0.409
Cd-Cd2þ

þ2e� �0.0401
Ni-Ni2þ þ2e� �0.230
Pb-Pb2þ

þ2e� �0.126
H2-2Hþ þ2e� 0.000 by definition
AgþCl�-AgClþ e� þ0.223
2Hgþ2Cl�-Hg2Cl2þ2e� þ0.268
Cu-Cu2þ

þ2e� þ0.340
Cu-Cuþ þ e� þ0.522
Ag-Agþ þ e� þ0.799
Au-Au3þ

þ3e� þ1.420
Au-Auþ þ e� þ1.680
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frequency dependent. This is predominantly because of
taken for the reactions to reach equilibrium. At low fre-
quencies, the impedance approaches RdþRs.

Consideration of the electrode–electrolyte interface is
needed in all biomedical electrode applications. Unique to
extracorporeal electrodes is the electrode–skin interface.
Skin is the largest organ of the body and consists of three
layers—the epidermis, the dermis, and the fat or subcu-
taneous layer. Each layer of skin performs a specific func-
tion. As far as surface electrodes are concerned, however,
it is the epidermis that is of primary importance. The epi-
dermis is the thin tough top layer of the skin, the outer
portion of which is waterproof. At the outer surface of this
layer are dead cells. Also present within the skin are
sweat ducts and glands as well as hair follicles. The skin
impedance forms a significant component of the total im-
pedance, which as Du Bois-Reymond established in the
1840s, can negatively impact the signal quality. Skin im-
pedance lowers dramatically as outer layers of cells are
removed from the epidermis by stripping or rubbing with
abrasive.

3. PROBLEMS WITH SURFACE ELECTRODES

One major problem with surface electrodes is motion ar-
tifact, which occurs when an electrode moves with respect
to the electrolyte. When movement occurs, the electrolyte
concentration gradient changes and causes a shift in the
half-cell potential. Once movement stops, the steady-state
concentration gradient is reestablished and the electrode
returns to the initial half-cell potential. Manufacturers
attempt to design the electrodes and adhesion systems to
minimize changes in the electrode deformation caused by
patient motion.

Half-cell voltages may be several orders of magnitude
larger than the voltage generated by the physiological ac-
tivity being measured. The electronic circuit recording the
electrode voltages will need to remove offset voltages and
provide high-pass filtering to remove slow variations in
the DC level. Baseline drift problems are improved by
thorough skin preparation.

The adhesion properties of the various electrodes vary
with their designated use. In the most common situations,
the electrodes are left in place for relatively short periods
of time, ranging from a few minutes for a simple ECG re-
cording up to 1–2 hours for many EEG recordings. How-
ever, longer term monitoring is often required (for
instance, critical care patients recovering from cardiac
surgery or patients who have suffered severe head
trauma). In such situations, different adhesives are used
to keep the electrodes in place for these extended time
periods and to help minimize skin irritations that might
otherwise occur. Pediatric use and application of surface
electrodes to those with sensitive skin also require special
adhesives.

4. COMMONLY USED SURFACE ELECTRODES

By far the most common use of a surface electrode is in the
acquisition of an ECG—an estimated 106 ECG recordings
are made per day. Thus, the most common extracorporeal
electrodes are those that can be used in this application.
The basic electrode used in the application consists of a
smallish Ag/AgCl disk attached to a larger pregelled foam
pad encased in a disposable unit that can be quickly fixed
in place (Figs. 4 and 5). Such electrodes are cheap, require
minimum preparation time, and can be found in virtually
any hospital and doctor’s surgery anywhere in the world.
A common alternative Ag/AgCl ECG format is the flat tab

Rd

Rs

Cd

Ehc

Figure 3. Electrical equivalent circuit for a surface electrode.
The constant half-cell potential is represented by Ehc, Rs is the
series resistance of the electrolyte and lead wires, and Rd and Cd

represent the resistive and reactive components of the electrode–
electrolyte interface.

e

K+Cl−

e
I

Ag

Ag+ Cl−

Ag

Cl−

Ag

Ag+ Cl−

Cl−

Ag

Figure 2. Chemical reactions occurring in a pair of silver–silver
chloride electrodes. Oxidation is occurring at the left electrode
and reduction at the right electrode with the current flowing
through the metal contacts from right to left. These reactions are
reversible.

Snap coated with Ag-AgCI

Plastic cup

External snap
Gel-coated sponge

Plastic disk

Foam pad Tack

Capillary loops

Dead cellular material

Germinating layer

Figure 4. Structure of a regular disposable ECG electrode (cour-
tesy of 3 M Corporation).

EXTRACORPOREAL ELECTRODES 3



electrode, where the metal is a foil layer above the elec-
trolyte gel and adhesive layers. These electrodes are low
cost, fast to apply, and suitable for resting ECG measure-
ments.

Most variations from the basic electrode have come
about to meet the practical needs of the different recording
situations. In young children, for instance, smaller elec-
trodes are used. There are also several situations in which
surface electrodes are used while the subject is being ex-
posed to x-rays, for example, monitoring heart activity
during cardiac cauterization procedures (in which fluoros-
copy is widely used to position the catheter). In such sit-
uations, Ag/AgCl electrodes cannot be used because they
interfere with the structural image, and x-ray translucent
electrodes are required. These electrodes are typically
made from carbon. However, carbon electrodes are more
susceptible to noise because of the higher impedance.

Extracorporeal suction electrodes provide an alterna-
tive to adhesive-backed electrodes. Such electrodes have a
suction head that ensures the metal ring of the electrode
cup is held tightly against the skin. Conductive gel is used
within this cup to provide contact with the skin over the
entire surface enclosed by the ring. Suction electrodes can
be applied in situations that are challenging for adhesive-
backed electrodes, for instance, on transpiring and/or
hairy skin.

5. ACTIVE ELECTRODES

Passive electrodes are certainly the most common elec-
trode type. However, so-called active electrodes are used
in several applications. These electrodes contain powered
electronics within the electrode, primarily for the purpose
of acting as an impedance transformer, which enables the
signal present at the electrode to be accurately repre-
sented at the end of a cable running from electrode to re-
cording instrument. This decreases the susceptibility of
the signal-to-noise interference. In general, the amplifica-
tion in these electrodes is of unity gain because this can be
achieved with good accuracy and stability. Many doctors
use such electrodes dry (gel-less) and promote this as one
major advantage. However, others still recommend the
use of gel (8).

Active electrodes reduce noise pickup from cables. The
next step is to remove the cables by using wireless trans-
mission systems. These devices can record a differential
signal from neighboring electrodes. They rely on using
miniature electronics at the electrode site to perform sig-
nal conditioning, digitization, and transmission. Special
issues for these devices include defining a common refer-
ence, synchronization, and range and battery life.

6. RELATED ASPECTS

Many factors can influence the quality of the recorded
signal that are not strictly the property or function of the
electrode. Many of these are associated with the electron-
ics of the recording systems and are covered in the appro-
priate articles on these. However, because some of these
factors are so intimately tied to the electrode, we briefly
mention them here for the sake of completeness.

The use of an appropriate electrical reference is impor-
tant. A good quality (low impedance) reference will min-
imize the common mode signal occurring on a pair of
recording electrodes, which will maximize the signal-to-
noise ratio. Common mode signals are not reflecting elec-
trical activity local to the electrode and can be classified as
noise. A practical step to reduce common mode noise is to
use feedback to cancel this noise. The signal measured
from an electrical silent electrode (e.g., a reference elec-
trode or average of a group of electrodes) is inverted and
driven back to another electrode. For ECG recordings, this
is known as a right leg drive circuit.

When recording unipolar signals, measurements are
made with respect to a single reference voltage. Any prob-
lems associated with the electrodes used to define the ref-
erence will affect all recordings, so particular care should
be given to the application of these electrodes. In general,
mixing different electrode types within the one recording
protocol should be avoided because differences in DC off-
sets can be sufficiently large to saturate amplifier inputs.
Cancellation of unwanted noise (particularly 50–60 Hz in-
terference caused by AC power sources) is aided by the use
of shielded cables. The shield can be grounded or driven.

Another factor that impacts the quality of a signal re-
corded using extracorporeal electrodes is that some bio-
logical processes being monitored generate relatively
small voltages, which is especially true in the recording
of neural activity, where the signal amplitude is typically
only a few microvolts. Even with the best skin preparation
and recording hardware, such small signals can easily be
lost in noise. To help overcome this, recordings are made
with the patient sitting or lying quietly. A patient’s neural
response to any sound or change in lighting can also in-
troduce significant biological noise into the desired signal.
For this reason, special rooms that shield out light and
sound are often used. For evoked EEG potential (where
the neural response to a controlled external stimulus is
recorded), signals can be averaged over many cycles to
enhance the signal-to-noise ratio.

Figure 5. Standard disposable ECG electrode (courtesy of 3M
Corporation).
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7. SUMMARY

We have described the basic properties of an extracorpo-
real electrode. As we stated, the electrode is a tool to aid in
obtaining a recording of the electrical activity generated
by a biological process within the body. Of the many facets
that contribute to the size, shape, and quality of this re-
cording, we have focused here on those of the electrode.
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1. INTRODUCTION

Extracorporeal membrane oxygenation (ECMO) is the
provision of long-term support for severe, potentially re-
versible cardiopulmonary failure through the use of ex-
trathoracic cannulation and an extracorporeal circuit. The
extracorporeal circuit is a modification of the heart-lung
machine used in cardiac bypass surgery, and it consists of
a drainage reservoir, blood pump, membrane lung for ox-
ygen and carbon dioxide exchange, a heat exchanger for
maintenance of body temperature, cannulae for vascular
access, and connecting tubing (Fig. 1). Vascular access is
achieved by surgical cutdown or percutaneous cannulat-
ion of suitable large vessels. The patient must be antico-
agulated, typically with heparin, to prevent thrombus
formation within the circuit. Although ECMO has its roots
in cardiopulmonary bypass used during open-heart sur-
gery, it differs in many respects (Table 1).

Neonates, pediatric, and adult patients with cardiopul-
monary failure can be supported with extracorporeal
membrane oxygenation. Although some differences in

the circuit components exist, the underlying principles of
support are the same regardless of the age and size of the
patient. ECMO is most commonly applied for severe re-
spiratory failure, often with some degree of accompanying
cardiac dysfunction, but is also used to support patients
with primarily cardiac failure, especially following cardiac
surgical procedures.

ECMO is one of a family of related extracorporeal sup-
port techniques that has been termed extracorporeal life
support (ECLS). Other ECLS techniques and their rela-
tionship to ECMO will be discussed in a separate section.

The major resource for centers providing extracorpore-
al support is the Extracorporeal Life Support Organiza-
tion (ELSO), a non-profit organization that seeks to
promote the safe and effective application of extracorpo-
real life support through several avenues. ELSO main-
tains a registry of ECMO cases (1) and distributes
summary data to centers to assist in benchmarking, qual-
ity control, and patient care decisions. With over 25,000
cases, the registry has become an invaluable tool in sup-
port of clinical knowledge, quality assurance, and re-
search.

ELSO publishes a textbook on extracorporeal support
(2); publishes educational materials for training of physi-
cians, coordinators and technicians; and holds an annual
scientific and clinical conference. An extensive bibliogra-
phy of the published literature on ECMO is also main-
tained by ELSO.

2. RATIONALE FOR USE OF EXTRACORPOREAL SUPPORT

Severe cardiopulmonary failure is associated with a mor-
tality rate of 60–80% without extracorporeal support (3–
6). In the neonatal population, widespread application of
several advances during the 1990s (inhaled nitric oxide,
improved surfactants, and high-frequency oscillation)
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pressure monitor

Pump

Fluids
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Heat
exchanger
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Venoarteial ECMO circuit

CO2 O2

O2
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Figure 1. Schematic of a neonatal venoarterial
ECMO circuit. The venous cannula drains blood
from the right atrium into a venous reservoir. A
blood pump sends blood through a membrane lung,
or oxygenator, a heat exchanger, and back into the
patient’s arterial system.
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have decreased the need for extracorporeal support with-
out adversely affecting survival, but failure of these ther-
apies is associated with a substantial mortality (7).
Likewise, severe acute respiratory distress syndrome in
the pediatric and adult population is associated with sig-
nificant mortality.

One of the contributors to mortality in all age groups is
ventilator-associated lung injury (VALI). Severe pulmo-
nary dysfunction requires excessive pressures and high
inspired oxygen concentrations to maintain gas exchange
in lungs that have decreased functional residual capacity,
decreased capacity for tidal expansion, widespread alveo-
lar inflammation, edema and collapse, and intrapulmo-
nary shunting. It has been demonstrated in a large
number of experimental models that these excessive pres-
sures and cyclic stress can cause mechanical injury to the
distal airways and alveolar-capillary structures, and,
through mechanotransduction, result in a superimposed
inflammatory response indistinguishable from other
causes of acute lung injury. Clinical trials in adults tar-
geting a lung-protective ventilation strategy have shown
improved outcomes (8,9). Similar trials have not been con-
ducted in the neonatal or pediatric population, but the
improved outcome with ECMO is indirect evidence of this
mechanism.

Lung protective strategies, although sufficient for de-
creasing VALI, are often not sufficient to maintain gas ex-
change. These strategies may cause alveolar
hypoventilation, hypercapnia, and acidosis and pose a
risk of pulmonary hypertension, increased intracranial
pressure, and organ dysfunction. The role of ECMO in
improving survival is most likely related to the ability to
reduce ventilation support to low enough levels for the
prevention of further lung injury and promotion of heal-
ing, with gas exchange provided by the ECMO circuit.
Trials of ECMO in which a lung-protective strategy was
not or could not be achieved failed to show any benefit of
extracorporeal support (10,11).

3. HISTORICAL REVIEW OF EXTRACORPOREAL
MEMBRANE OXYGENATION

3.1. Neonatal ECMO

ECMO was first successfully applied in newborns with
respiratory failure. Bartlett et al., in 1976 (12,13), re-
ported the first successful use of ECMO in infants with
respiratory failure and conducted a randomized trial in
neonates indicating an improved survival (3). Ten years
later, this group reported a series of 100 cases of ECMO for
neonatal respiratory failure (14).

Two additional randomized trials have helped establish
ECMO as the standard treatment for severe, unresponsive
neonatal respiratory failure. A collaborative trial in the
United Kingdom (15) conducted in 185 subjects reported
an improved survival in the ECMO group (68%) compared
with conventional treatment (41%), without an associated
increase in morbidity. A second randomized trial (16) also
demonstrated an increased survival (97% vs. 60%). This
success has been further substantiated through the global
experience in over 19,000 cases with an overall survival of
85% (1).

3.2. Pediatric ECMO

The application of ECMO in pediatric patients followed
that in neonates. Pediatric patients have a different spec-
trum of disease leading to cardiopulmonary failure than
that of neonates. These patients tend to have more sys-
temic inflammatory syndromes, prolonged mechanical
ventilation with secondary lung injury, and frequently
complicated by distant organ failure such as renal or he-
patic failure. Anderson et al. (17) and Moler et al. (18,19)
reported the University of Michigan experience of pediat-
ric patients supported for severe respiratory failure, with
up to 88% survival for respiratory failure. Green et al. (20)
reported the results of a multicenter study conducted by
the Pediatric Critical Care Study group, and they con-
cluded that ECMO was associated with a significant im-

Table 1. Comparison of Cardiopulmonary Bypass and Different Modes of Extracorporeal Membrane Oxygenation

CPB VA ECMO VV ECMO VAV AVCO2R

Setting Cardiac surgery Prolonged ICU
support

Prolonged ICU
support

Prolonged ICU
support

ER or ICU
support

Support Total cardiac and
pulmonary

Cardiac and
pulmonary

Pulmonary Cardiac and
pulmonary

Pulmonary

Cannulation Intrathoracic
(surgical)

Extrathoracic
(surgical)

Extrathoracic
(percutaneous)

Extrathoracic
(percutaneous)

Extrathoracic

(percutaneous)
Blood pump Roller or centrifugal Roller or centrifugal Roller or centrifugal Roller or centrifugal None (pumpless)
ECMO blood flow

(fraction of
CO)

Total (100%) Subtotal (70–90%) Subtotal Subtotal (1/3
arterial, 2/3
venous)

Low (10–15%)

Pulmonary blood
flow

None Low Unchanged Moderate decrease Unchanged

Length of
support

Hours Days to weeks Days to weeks Days to weeks Days

Anticoagulation ACT 4 400 ACT 180–200 ACT 180–200 ACT 180–200 ACT 200–220
Reservoir Large Small or none* Small or none* Small or none* None

*Reservoir used for roller pump, optional for centrifugal pump.
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provement in mortality (74%) as compared with conven-
tional treatment with conventional or high-frequency ven-
tilation (53%). As a result, ECMO continues to be a
modality of support for pediatric respiratory failure,
with over 2,800 patients reported to the ELSO registry
with an overall survival rate of 64% (1).

Another important application of extracorporeal sup-
port in the pediatric population is for support of primary
cardiac failure both following cardiac surgery (e.g., for
congenital heart disease) and in the nonoperative circum-
stances. No controlled trials in these children exist, but an
extensive experience (over 3,000 cases reported to the
ELSO registry) has accumulated yielding a survival rate
of 54% (1).

3.3. Adult ECMO

The history of adult ECMO is more remarkable, and its
application is less common. The first reported use of
ECMO in an adult with severe respiratory failure was in
1972 by Hill et al. (21). This report was followed by an
adoption of this technology in centers in the United States
and Europe. The reported survival rates were low and no
consensus seemed to exist on the application of ECMO.
The National Heart, Lung and Blood Institute (NHLBI)
funded a multicenter study conducted between 1975 and
1979 to assess the efficacy of venoarterial ECMO in severe
adult respiratory failure as compared with conventional
mechanical ventilation (10). Although the targeted enroll-
ment was 300 patients, the study was stopped early at 90
patients because of lack of efficacy, with 90% mortality in
both groups. Following this study, the use of ECMO in
adults nearly ceased.

However, Gattinoni et al. in Milan re-approached the
problem with a focus on using extracorporeal support to
provide substantial lung rest (22). In contrast, the princi-
ples of lung rest were not applied during the NHLBI, with
high levels of ventilatory support continued in the ECMO
group, perhaps contributing to lack of efficacy. In a clinical
trial, Gattinoni et al. used low-flow venovenous extracor-
poreal circulation with a focus on CO2 removal (a modality
termed extracorporeal CO2 removal, or ECCO2R), thereby
reducing ventilatory requirements (23). Combined with a
protocol for limiting lung expansion, this group reported a
survival of nearly 50% in patients with the same entry
criteria as those of the NHLBI study. Morris et al., at LDS
Hospital in Salt Lake City, aimed to reproduce Gattinoni’s
work with a randomized controlled trial, with the control
(nonECCO2R) group managed according a computer algo-
rithm-driven protocol for pressure-controlled ventilator
management (11). This study did not find any difference
in survival between the ECCO2R and conventionally man-
aged group, although review of the reported data results
suggests that adequate lung rest was not achieved in the
ECCO2R group and that CO2 removal alone was an insuf-
ficient modality in this severely ill population.

Although ECCO2R currently plays a role in managing
patients with CO2 retention states such as severe asthma,
full support with ECMO has replaced ECCO2R for adults
with severe hypoxemic acute respiratory failure. Many
ECMO centers worldwide are active in providing this sup-

port modality to adults, and approximately 100 cases are
reported to the ELSO registry annually, with an overall
survival rate of over 50% (1), and some centers reporting
70% survival.

Currently underway in the United Kingdom is the
CESAR (Conventional ventilation versus ECMO for Se-
vere Adult Respiratory failure) trial. Eligible subjects in-
clude adult patients (18–65 years in the United Kingdom)
with severe, but potentially reversible, respiratory failure
(defined as a Murray score 43.0, or uncompensated hype-
rcapnia with a pH o7.20). Subjects are randomized to
conventional mechanical ventilation or ECMO, and the
primary outcome is death or severe disability at six
months. Completion is anticipated by late 2006.

4. DESCRIPTION

4.1. Circuit Components

The circuit used for ECMO has its origins in the heart-
lung bypass systems used for cardiac surgery, but have
been adapted for use in long-term support.

4.2. Cannulae

Adequate access to the vascular system for blood drainage
and return is one of the critical and sometimes challenging
aspects of extracorporeal support. The cannulae used for
vascular access are not unique to ECMO, having been de-
veloped for cardiovascular surgery. A variety of sizes and
configurations are available, because the vessels to be
cannulated range in size from the carotid artery of a ne-
onate (approximately 8–10Fr) to the femoral vein or in-
ternal jugular of an adult (approximately 30–50Fr). Most
are constructed of polyurethane and may include wire re-
inforcement to prevent kinking.

Single-lumen cannulae are used in all modes of sup-
port. Double-lumen cannulae are available for venovenous
support, enabling a single cannulation in the right inter-
nal jugular. The drainage lumen has two drainage ports,
one distal in the inferior right atrium and one proximal in
the superior right atrium. The reinfusion lumen is situ-
ated midway and ejects blood into the middle of the right
atrium.

4.3. Pump

Two principal pump technologies are currently used for
ECMO and are the same used for cardiopulmonary by-
pass. The most popular is the occlusive roller pump, a ro-
tary positive-displacement pump in which a roller head
squeezes a length of blood tubing against a backing plate
as the roller rotates (Fig. 2). This pump is used with grav-
ity drainage, so an assist reservoir is required at the pump
inlet to maintain a continuous preload, as inlet occlusion
can result in large negative pressures (�500mmHg or
more). Servoregulation with an assist reservoir is used to
prevent this complication. The pump is also insensitive to
outlet occlusion and can generate pressures high enough
to cause tubing rupture, requiring continuous monitoring
of circuit pressures. The degree of occlusion of the tubing
when compressed by the roller head must be carefully cal-
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ibrated to avoid hemolysis (from over-occlusion) and loss
of pumping effectiveness and flow accuracy (from under-
occlusion). When properly used and monitored, this type
of pump has a low incidence of complications.

The centrifugal pump is a nonocclusive pump that gen-
erates flow via a spinning rotor with vanes (Fig. 3). The
device generates an active suction at the pump inlet, elim-

inating the need for gravity drainage and an assist reser-
voir, although these can be used. Occlusion of the inlet or
outlet will result in only modest negative inlet or positive
outlet pressures (Fig. 4) (24) and, thus, is safer from me-
chanical complications, but can lead to rapid hemolysis in
these circumstances. Hemolysis is the most common com-
plication of the use of a centrifugal pump, but can be min-
imized by maintaining a low-pressure-flow ratio across the
pump. Achieving this ratio requires adequate venous
drainage, a low-resistance oxygenator, and a sufficiently
large return cannula to prevent high-circuit pressures.

A third pump type, the nonocclusive roller pump, (also
known as the M pump in the United States and the
Rhone–Poulenc pump in Europe) has had limited use in
ECMO but possesses the desirable characteristics of the
other two pump types. It is a peristaltic pump consisting of
a distensible silicone chamber stretched around a rotor.
Unlike an occlusive roller pump, there is no compression
against a backing plate. The pump passively fills through
distension of the chamber, and the rotor compresses the
chamber against its natural recoil force. If the pump fails
to fill, the chamber collapses and only a minimal negative
pressure is generated. If the outflow is occluded, the cham-
ber does not collapse under the rotor and blood flow ceases
with only a modest build-up of pressure.

Each of these pump types (roller and centrifugal) has
advantages and disadvantages for use in extracorporeal
support that are summarized in Table 2.

4.4. Assist Reservoir

Roller pump systems require a continuous availability of
blood at the inlet to avoid development of large negative
pressures and hemolysis. The most common approach is to
provide gravity drainage from the drainage cannula into a
small assist reservoir, or bladder, situated just before the
pump inlet (Fig. 5). Gravity assist is achieved by placing
the reservoir and pump approximately 100 cm below the
level of the cannula, providing a hydrostatic siphon for
drainage and maintaining a positive pressure at the pump
inlet. The reservoir also buffers against fluctuations in
drainage. If drainage decreases, for example, because of
hypovolemia, the reservoir will begin to empty, signaling
the need for correcting the reason for poor drainage. Most
roller pump systems have the capability of servoregula-
tion. A switch situated in the reservoir holder opens when
the bladder empties, turning off the pump and allowing
time for filling of the reservoir. With the pump off, the
bladder refills and the pump resumes operation.

4.5. Artificial Lung

The artificial lung, commonly called an oxygenator even
though it transports carbon dioxide in addition to oxygen,
must provide the necessary oxygen and carbon dioxide
transfer to support or even fully replace the natural lungs.
The need to provide support for days to weeks places ad-
ditional requirements on oxygenator design. Two designs
have been traditionally used for ECMO, and new designs
are emerging. A comparison of the characteristics of these
devices along with an ideal device is given in Table 3.

Tubing
bushing

Tube
guides

Adjustment
nut

Backing plate

Roller

Figure 2. Schematic of a roller pump (used with permission from
the Australasian Society of Cardio-Vascular Perfusionists, http://
www.perfusion.com.au).

Figure 3. Centrifugal blood pump. The rotating vanes create a
negative inlet pressure at the blood inlet port aligned with the
axis and a positive outflow pressure at the peripheral blood outlet
(used with permission from Medtronic, Inc., http://www.med-
tronic.com).
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4.5.1. Silicone Membrane Devices. The spiral-wound
solid silicone sheet membrane lung (Fig. 6) was developed
by Kolobow and Bowman (25) and has been used in the
majority of ECMO cases since its inception. It consists of
two long sheets of silicone sealed at the edges and wound
on a polycarbonate support. Gas manifolds are attached at
the ends, and a manifold provides blood distribution be-
tween the rolls. Six sizes are commercially available at
present (0.6, 0.8, 1.5, 2.5, 3.5, and 4.5 M2). The three
larger devices have an integrated heat exchanger.

4.5.2. Microporous Hollow Fiber Devices. Microporous
hollow fiber devices, which are most commonly used for
cardiopulmonary bypass, are increasing in popularity for
ECMO because of their improved performance despite
some of the problems with long-term support. Hollow fi-

ber membranes are constructed of hydrophobic polymers
with pores that range in size from 0.2 to 0.7 microns.
These pores remain occupied with gas and present a gas-
liquid interface for gas exchange. When in contact with
water, or in short-term contact with plasma, the stability
of these interfaces is maintained. After 12 or more hours of
contact with plasma, however, leakage of plasma ensues
and gas exchange is impaired, the cause of which is most
likely the adherence of bipolar phospholipids creating a
hydrophilic surface (26).

Polymers used for construction of noncomposite com-
mercial hollow-fiber membranes include polypropylene,
polymethylpentene, and poly-4-methyl-1-pentene (27).
The fibers have an inner diameter ranging from 165 to
240 mm and a wall thickness between 30 and 90 mm.
Skinned asymmetric hollow fibers manufactured from
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Figure 4. Inlet and outlet pressures during inflow and outflow occlusion in three types of blood
pumps [from (24) with permission].

Table 2. Comparison of Different Types of Blood Pumps Used in ECMO

Occlusive Roller Pump Centrifugal Pump Nonocclusive Roller Pump

Flow rates 0–10L/min 0–10L/min (0–5L/min*) 0–8L/min
Hemolysis risk Low Moderate to high Low
Inlet pressure on occlusion o�500mmHg o200mmHg o100mmHg
Outlet pressure on occlusion (circuit rupture) 4 1000mmHg (yes) 100–200mmHg (no) 200–300mmHg (no)
Servoregulation available Yes No Not needed

*under typical ECMO operating conditions.
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polymethylpentene and poly-4-methyl-1-pentene have a
thin layer of nonporous polymer at the blood contacting
surface. Composite membranes consisting of a thin coat-
ing of siloxane (28–30) or 1,3,5,7-tetramethylcyclotetrasi-
loxane over a polypropylene hollow-fiber base eliminate
the air-fluid interface and improve biocompatibility, yet
are thin enough (0.2 mm) such that gas exchange is not
compromised (Fig. 7) (27).

Silicone, used in the coiled sheet membrane lung, has
also been fabricated into hollow fibers (31–35). Structural
stability is maintained with a reverse-phase blood flow
(external to the fibers).

4.5.3. Bubble Oxygenator. The third type of artificial
lung, the bubble oxygenator, was the original artificial
lung developed for cardiopulmonary bypass, but is not
used in prolonged ECMO support. It is a low-resistance
device, but it is associated with activation of blood com-
ponents because of direct contact of air with blood.

4.5.4. Gas Transfer. Permeability for oxygen and car-
bon dioxide differ considerably in artificial lungs, with
carbon dioxide having a 5-fold or greater permeability
than oxygen, which is approximately offset by the differ-
ence in diffusion gradients, with oxygen having a much
higher diffusion gradient (PB � PH2O � P �VO2, approxi-
mately 650mmHg) than carbon dioxide
(P �VCO2 � PoutCO2, approximately 40mmHg). PB is baro-
metric pressure, PH2O is the water vapor pressure in the
artificial lung gas phase, P �VO2 the mixed venous oxygen
partial pressure, P �VCO2 the mixed venous partial pres-

sure of carbon dioxide, and PoutCO2 the partial pressure of
carbon dioxide at the outlet of the artificial lung. However,
the effective diffusion rate is a function of diffusion not
only through the membrane material itself, but also
through the blood boundary layer, which has a much
lower diffusion rate (see Determinants of artificial lung
gas transfer below).

A nonlinear relationship exists between blood flow
through an artificial lung and the oxygen delivery
achieved by the device (Fig. 8). The rated blood flow of a
membrane lung is the blood flow through the device at
which blood entering at 70% saturation achieves 95% sat-
uration at the outlet, simulating the conditions of the nat-
ural lungs between mixed venous saturation and arterial
saturation. Higher flows, while still allowing a higher
overall gas transfer, extend into the nonlinear relation-
ship between blood flow and oxygen transfer (Fig. 8). The
linear portion of the curve represents flow limitation,
whereas the nonlinear portion at higher flows represents
diffusion limitation of gas transfer.

4.6. Monitoring Systems

A typical ECMO circuit has a number of monitoring sys-
tems to ensure safe and effective operations. Pressure
monitors, pre-oxygenator and post-oxygenator, are used
to monitor the development of excessive pressures in the
post-pump limb of the circuit. The pressure differential
across the oxygenator provides information on the devel-
opment of clotting and impairment of blood flow. In-line
monitors in the drainage and post-oxygenator circuit pro-
vide real-time information on venous and arterial satura-
tion, pH, and hemoglobin concentration. Temperature
monitors are used to monitor circuit and patient temper-
atures.

5. SUPPORT MODES

ECMO has evolved from traditional cardiopulmonary by-
pass (venoarterial bypass with intrathoracic vascular can-
nulation) to a variety of forms that possess particular
advantages and disadvantages for different applications
(Table 1).

5.1. Venoarterial (VA)

Venoarterial support involves the drainage of blood from
the central venous system or right atrium, and return of
blood into the arterial system (Fig. 9). Both ventricles and
the intervening pulmonary system are bypassed. In most
cases, support is partial, with some residual pulmonary
blood flow present, but total bypass can often be achieved.

Table 3. Comparison of Features of Membrane Lungs Used in Extracorporeal Membrane Oxygenation

Ideal Membrane Lung CoiledSilicone Sheet Microporous Hollow Fiber Silicone Hollow Fiber

Biocompatibility Excellent Excellent Good Excellent
Duration of support Weeks Days to weeks 1–5 days Days to weeks
Gas transfer efficiency High Moderate High Moderate to high
Plasma leakage None None Predictable None
Blood flow resistance Low High Low Low

To
oxygenator

Roller pump Pump control

110 v AC

Venous
outflow

Off
on

Micro
switch

Figure 5. Schematic of a servoregulating assist reservoir (blad-
der). Normally, venous outflow is sufficient to maintain filling of
the assist reservoir. Inadequate venous outflow results in reduc-
tion in reservoir volume, triggering a microswitch that halts
pump operation until venous outflow resumes.
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Both cardiac and pulmonary support are provided with
this mode. Cannulation is usually performed by surgical
access to the right internal jugular vein for right atrial
drainage and to the right carotid artery for return to the
aortic root.

VA support was the first mode applied in extracorporeal
membrane oxygenation in all age groups (neonatal
through adults). It is now largely reserved for patients
requiring cardiac support alone (especially in children in
whom it is the only support available), or patients with
combined cardiac and pulmonary failure. In most cases, it
requires surgical access to the internal carotid and inter-
nal jugular vessels. Partial support can be applied through
percutaneous cannulation of the right internal jugular
and the femoral artery using the Seldinger technique.
However, because the flow provided to the femoral is di-
rected toward the lower half of the body, the heart and
brain receive blood from the native cardiopulmonary sys-
tem, thus limiting its use to patients without significant

pulmonary failure. The hybrid venovenoarterial mode (see
below) overcomes this limitation.

5.2. Venovenous (VV)

Venovenous ECMO provides prepulmonary oxygenation
by draining blood from the central venous circulation,
sending it through an artificial lung, and returning it
back to the venous circulation (Fig. 10). Mixed venous
saturation is elevated, the effect of intrapulmonary shunt-
ing is diminished, and blood with a higher saturation is
delivered to the left heart and coronary arteries. No car-
diac support exists, and pulmonary blood flow is main-
tained. Cannulation is typically carried out through the
right internal jugular vein and the right common femoral
vein. Recirculation, in which some of the return flow into
the venous system is directed into the drainage cannula, is
present to some degree. Flow can be directed from the in-
ternal jugular to the femoral sites, although the reverse
direction may be associated with lower recirculation (36).

Spool

Membrane
envelore

End cap

Bleed
port Gas inflow port

Blood
outflow

port

Spacer
screen

Gas outflow
tube

Figure 6. Construction of the solid-sheet sili-
cone membrane lung.
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The use of a three cannula approach (37) can be used to
minimize recirculation even further.

Venovenous support is a more recent development than
venoarterial support, having its origins in the work of
Gattinoni et al. (38) on extracorporeal CO2 removal (EC-
CO2R). ECCO2R was conceived as a low-flow venovenous
mode that focused on carbon dioxide removal to support
reduced levels of mechanical ventilation as part of a lung-
protective ventilation strategy. Extension of this concept
to higher blood flows and cannulation to minimize recir-
culation has allowed support for severe oxygenation fail-
ure.

Another attractive aspect of venovenous support is the
ability to cannulate the veins percutaneously, avoiding

surgical vascular access and virtually eliminating bleed-
ing from the vascular access site. The more recent devel-
opment of double lumen cannulae (for neonatal and
pediatric patients up to 10kg at present) has allowed
even simpler access, requiring only a single cannulation
through the internal jugular vein. A semiSeldinger tech-
nique has been described in neonates (39), in which the
internal jugular vein is exposed surgically, with percuta-
neous placement of the cannula via the Seldinger tech-
nique under direct visualization through the incision,
which is then closed. This technique permits optimal siz-
ing of the venous cannula and improved insertion with the
advantages of the percutaneous approach.

5.3. Venovenoarterial (VVA)

The venovenoarterial mode is a hybrid mode that com-
bines venovenous support for pulmonary failure and par-
tial venoarterial support with the advantage of
percutaneous cannulation. The circuit consists of a drain-
age cannula, typically in the right femoral vein, and two
return cannulae connected via a Y-connection, one in the
right internal jugular vein and the second in a femoral
artery. Flow is controlled to achieve approximately 30%
flow into the arterial system by restricting the flow to the
venous cannula, which would otherwise receive all of the
return flow. VVA support is ideally suited for patients re-
quiring partial cardiac support in addition to pulmonary
support.

5.4. Arteriovenous (AV)

The technique for pumpless arteriovenous support of gas
exchange was described in 1990 (40), but did not become
feasible until the recent development of low-resistance
high-efficiency membrane lungs. The arterial-venous pres-
sure gradient drives flow through a membrane lung with-
out the need for a pump. As arterial blood is usually well-
oxygenated, oxygen transfer is limited, but carbon dioxide
is readily removed. The applications of AV carbon dioxide
removal are identical to those of ECCO2R, but without the

Figure 8. The concept of rated flow. At lower
levels of blood flow, oxygen transfer is flow-lim-
ited, and the total oxygen transfer by the de-
vice is determined solely by the blood flow. At
higher levels of flow, oxygen transfer becomes
diffusion-limited. The rated flow is defined as
that flow rate in which blood enters at 70%
saturation and leaves the device at 95% satu-
ration.

Figure 7. Comparison of hollow-fiber construction. Standard-fi-
ber construction provides for a plasma/gas interface for gas ex-
change, but with a propensity for plasma leakage. Composite
fibers use a thin skin of the primary polymer or from a second
polymer to separate the two phases. [Reprinted from (27) with
permission].
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need for an extracorporeal pump (i.e., reduction in me-
chanical ventilatory support and control of hypercapnia).

The feasibility of arteriovenous carbon dioxide removal
(AVCO2R) was established and validated using a mathe-
matical model of gas exchange (41), and validated in large
animal studies (42,43). Clinical trials in the United States
and Europe (44,45) have established its ability to safely
remove CO2 and provide ventilatory support.

6. PATIENT SELECTION FOR EXTRACORPOREAL SUPPORT

The general selection criterion for extracorporeal mem-
brane oxygenation and related methods is the temporary
support of acute, potentially reversible cardiopulmonary
failure when conventional measures have been unsuccess-
ful. The target population consists of those patients with a

Figure 9. Schematic of venoarterial (VA) ex-
tracorporeal support. Blood is drained from the
right atrium and returned to the arterial sys-
tem after oxygenation and carbon dioxide re-
moval.

Figure 10. Schematic of venovenous (VV) ex-
tracorporeal support. Blood is drained from the
inferior vena cava and returned to the superior
vena cava after oxygenation and carbon diox-
ide removal. The reverse direction is also used.
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predicted mortality of at least 80% based on historical
survival rates.

Neonates are considered candidates to receive ECMO
in the presence of severe refractory respiratory failure
that is potentially reversible and has failed conventional
therapy, including surfactant instillation, high-frequency
oscillation, and inhaled nitric oxide as appropriate. The
most common diseases requiring support in the neonatal
age group are meconium aspiration syndrome, persistent
pulmonary hypertension, neonatal sepsis, and congenital
diaphragmatic hernia. Selection criteria are provided in
Table 4. The physiologic severity criteria include oxygen-
ation index (OI) and alveolar-arterial PO2 difference (P(A-
a)O2). The OI is calculated from:

OI¼
MAP � FIO2

PaO2
� 100; ð1Þ

where MAP is mean airway pressure and FIO2 the frac-
tional inspired oxygen concentration. The P(A-a)O2 is cal-
culated from:

PðA�aÞO2¼FIO2ðPB � PH2OÞ �
PaCO2

:8
� PaO2: ð2Þ

Ranges of these two criteria are also provided in Table 4.

Pediatric and adult patients with severe respiratory
failure who require ECMO most commonly have acute re-
spiratory distress syndrome (ARDS), a syndrome of pul-
monary inflammation resulting in parenchymal
inflammation, interstitial and alveolar edema, severe ven-
tilation-perfusion mismatch, and intrapulmonary shunt-
ing (47). ARDS can be caused by intrinsic lung disease,
such as bacterial or viral pneumonia, or to extrinsic sys-
temic inflammatory processes, such as sepsis, pancreati-
tis, major trauma, etc. ECMO is considered when expected
mortality is 70–80% or greater. A summary of predictors of
high mortality from acute respiratory failure in the pedi-
atric age group is given in Table 5 (4,20,48). In adults,
specific criteria vary slightly from center to center, but are
largely derived from the entry criteria used in the NIH
ECMO trial (10) and are given in Table 6.

7. ECMO CIRCUIT PERFORMANCE

As in any hydraulic circuit, blood flow in the ECMO circuit
is subject to pressure differentials and impedances of com-
ponents within the circuit. The impedances of these com-
ponents, however, can vary according to a number of
operating conditions, such as volumetric flow rate and
blood viscosity. The following sections will discuss the per-
formance and flow determinants of the circuit in more de-
tail. An understanding of the principles governing flow are
important for choosing circuit components that are appro-
priate to provide the necessary type of support for a given
size patient, and for troubleshooting flow problems in cir-
cuits.

7.1. Determinants of Circuit Blood Flow

Blood flow through the components of an ECMO circuit
consists of areas of turbulent flow and laminar flow. The
cylindrical portions of the circuit (i.e., the tubing and
straight portions of the cannulae) tend to have laminar
flow except at the upper limits of the cannula flow range.
Turbulent and transitional flow occurs at the inlet/outlet
portions of the cannulae, tubing connectors, transition
zones in the circuit, portions of the membrane lungs,
and near the blood pump.

Laminar blood flow in a straight cylinder is well char-
acterized by the Hagen–Poiseuille equation:

Q¼

Z R

0
2pvzdr¼

pR4

8Z
Dp
L

: ð3Þ

Table 4. Selection Criteria for Neonatal Extracorporeal
Support

Maturity Birthweight Z2kg
Gestational age Z34 weeks

Pre-ECLS support Mechanical ventilation r10 days

Physiologic* Oxygenation index435–60 for 1–6
hours, or

A-aDO2 Z605–620 for 4–12 hours,
or

PaO2 o40mm Hg for Z2 hours, or
pH o7.25 for 42 hours or with

hypotension

Absolute
contraindications

Greater than Grade I intracranial
hemorrhage

Severe irreversible brain injury
Lethal malformations or

congenital anomalies
Significant nontreatable

congenital heart disease
Untreatable nonpulmonary

disease

Relative
contraindications

10–14 days of mechanical
ventilation

4Grade I intracranial
hemorrhage

Overwhelming sepsis with lactate
415

CDH with PaCO2 480–100mmHg

*See text for formulae. From Finer (46).

Table 5. Severity of Illness Criteria for Use of ECMO in
Pediatric Acute Respiratory Failure

Source Criteria

Goodman and Green (48) OI 440
Timmons et al. (4) Qs/Qt 40.5, or

MAP 423, or
P(A-a)O2 4470

Green et al. (20) Mortality¼ eR/(1þ eR) where
R¼0.0491 �OIþ
0.0893 �PRISM – 3.3217
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It is evident that flow (Q) is linear to the pressure dif-
ferential Dp and inverse to the length (L) and viscosity (Z).
This relationship assumes Newtonian blood flow (constant
viscosity) and smooth rigid walls. Blood is nonNewtonian
fluid, although at higher velocities it exhibits a near-con-
stant viscosity and exhibits Newtonian behavior. The
ECMO circuit also has an intrinsic compliance. Despite
these departures, blood flow in the straight cylindrical
portions of the circuit behaves much like Equation 3.

When velocity exceeds a critical value, flow in cylinders
becomes turbulent. The Reynolds number (Re) is a dimen-
sionless quantity defined by:

Re¼
vDr
Z

; ð4Þ

where v is the mean velocity, D is the cylinder diameter, r
is the density, and Z is the dynamic viscosity. When the Re
exceeds a critical value, typically about 2100 to 2300, tur-
bulent flow begins to develop, and above 4000 it becomes
predominant. Turbulent flow is characterized by varying
eddy motions, producing fluctuations in the flow velocity
and pressure. With turbulence, Equation 3 no longer
holds, and turbulent flow results in a nonlinear relation-

ship between flow (v) and the pressure drop (Dp) for a
given length L and diameter D:

Dp¼
L

D
�
r
2
� v2: ð5Þ

In practice, it is not feasible to assess pressure-flow re-
lationships in an ECMO circuit using the above equations
because the circuit has complex components (e.g., side
holes in the vascular cannulae, connectors with diverging
diameters, regions of turbulence, and tight bends in the
tubing). For cannulae, published pressure-flow relation-
ships exist. Figure 11 gives a graphical example of the
pressure-flow relationship for the two individual lumens
of a double lumen catheter. As the cannulae are usually
the most restrictive components in the circuit, these com-
ponents, in particular the venous drainage cannula, are
the principal determinants of blood flow.

A method that simplifies the selection of circuit com-
ponents, most notably cannulae, based on their flow per-
formance as an alternative to pressure-flow curves is the
M-number system (49,50). The relationship between pres-

Table 6. Selection Criteria for Adult ECMO

Fast Entry Slow Entry

NIH modified (many U.S. and European
centers)

PO2 o 50mmHg for 42 hrs, PO2o 50mmHg for 412hrs,

FIO2 1.0, FIO2 Z0.6,
PEEP Z5 cm H2O PEEP Z5 cm H2O

Glenfield Hospital (Leicester, UK) and
some European centers

PO2/ FIO2o 50 for 42hrs, PO2/ FIO2o 150 for 424hrs,

PEEP Z10 cm H2O QS/QT Z30%,
PEEP Z10 cm H2O & Cstat o30ml/cm

University of Michigan and some U.S.
centers

Optimal conventional therapy, QS/QT Z30%, Cstat o0.5ml/cm H2O/kg, and diffuse
pulmonary infiltrates
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Figure 11. Pressure-flow relationships for the
two lumens of a double lumen venovenous
ECMO cannula. (Courtesy Origen Biomedical,
data courtesy University of Michigan).
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sure drop and smooth wall flow can be described as (51):

2
Dp �D
rLv2

¼C � Rem; ð6Þ

where C and m are experimentally determined constants.
Expanding Re (from Equation 4), substituting Q for its
relationship to v in a cylinder, and using experimentally
derived values for C and m gives [from (49)]:

Dp¼ 7:161� 10�6 � Z0:25 � ðL �D�4:75h Þ �Q1:75; ð7Þ

which demonstrates the nonlinear relationship with flow,
and where Dh represents a characteristic diameter (ex-
perimentally determined for noncylindrical shapes). The
characteristics of the cannulae or other components are
captured in the parenthesized part of the expression, the
log of which is the M-number:

M¼ log10ðL �D
�4:75
h Þ: ð8Þ

M-numbers represent an index of impedance and have
been determined experimentally for commonly used
ECMO cannulae and circuit tubing (50). The pressure re-
lated to a given flow can then be determined through use
of Equations 7 and 8, or more easily through a published
nomogram (49).

7.2. Cannulation and Recirculation

Blood removed by the extracorporeal circuit is drained
from either the right atrium through the internal jugular
or one of the iliac veins through a femoral vein. ECMO
circuits require adequate venous drainage to assure con-
tinuous delivery to the pump inlet. Inadequate drainage
can lead to the development of significant negative pres-
sure at the pump inlet. In roller pumps, this negative
pressure can lead to collapse of the circuit, and in centrif-
ugal pumps can lead to cavitation. Both of these events
readily result in hemolysis.

Venous drainage is assured through several steps. An
adequately sized venous drainage catheter is necessary to
provide sufficient flow. The pressure differential driving
flow consists of the pressure in the central venous circu-
lation less the downstream pressure at the entry into the
venous reservoir (bladder bag), if one is present, or at en-
try into the pump. This differential pressure is sustained
by maintaining an adequate pressure in the central ve-
nous circulation, which may require fluid administration.
In circuits employing passive drainage with a reservoir,
adding hydrostatic pressure by maintaining the reservoir
and pump lower than the patient may assist in promoting
venous drainage. If drainage is impaired by anatomic lo-
cation (e.g., in femoral cannulation), placement of a second
drainage catheter may be required.

Recirculation can develop during venovenous support
with single or double cannulae. Recirculation depends on
cannula placement and increases with increasing blood
flow. Measurement of recirculation can be performed us-

ing the following formula (52):

frecirc¼
SpreO2 � S �VO2

SpostO2 � S �VO2
; ð9Þ

in which SpreO2 and SpostO2 are the pre- and post-oxygen-
ator oxygen saturation measurements and S �VO2 is the
mixed venous oxygen saturation. The mixed venous satu-
ration cannot be practically measured during support, but
momentary interruption of gas to the artificial lung with
measurement of pulmonary artery blood from a pulmo-
nary artery catheter or blood from the drainage limb of the
ECMO circuit can be used as an estimate. A method using
ultrasound, adapted from recirculation measurement in
hemodialysis catheters, has been described by van Heijst
et al. (52).

7.3. Determinants of Artificial Lung Gas Transfer

A number of factors influence the gas transfer perfor-
mance of artificial lungs (Table 7). These factors are de-
pendent on both the design of the oxygenator and its
operating conditions. Design factors include membrane
surface area, membrane material, and geometric configu-
ration of the gas exchange components. Operating factors
include the blood inlet conditions, sweep gas inlet condi-
tions, and blood flow rate. Blood flow rate affects the dis-
tribution of blood in the artificial lung, and hence the
matching of blood to gas flow and gas transfer.

The overall performance of an artificial lung can be de-
scribed by the product of the membrane surface area (As),
the average partial pressure difference between the blood
and gas phases (DPi), and a characteristic mass transfer
coefficient (Ki) for given gas species i (53):

Ji¼Ki � As � DPi: ð10Þ

The partial pressure gradient (DPi) is dependent on inlet
blood and gas conditions. Inlet blood is typically venous in

Table 7. Determinants of Membrane Lung Gas Transfer
Performance

Determinant Affected by

Membrane surface area Total surface area
Blood path distance

Membrane permeability Membrane material characteristics
Gas solubility
Porosity (hollow fibers)

Membrane thickness

Diffusion path distance Design (secondary flows)
Blood flow

Diffusion gradient Inlet conditions
PO2

PCO2

Hemoglobin concentration
Outlet conditions

Blood flow
Gas flow
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origin, with a nominal oxygen partial pressure of 45 torr
and, for carbon dioxide, 46 torr. The sweep gas is typically
oxygen, providing a blood:gas gradient of over 600 torr for
oxygen and 46 torr for carbon dioxide.

The membrane surface area directly determines gas
transfer rate and is chosen to be as small as necessary to
provide gas transfer for its intended clinical application.
The tradeoff for increasing size is increased membrane
priming volume blood requirements without increasing
gas transfer. The membrane surface area can vary during
the prolonged operation of an ECMO course of support.
Over time, fibrin and platelet thrombi adhere to the mem-
brane reducing its effective surface area. Microporous
membranes depend on the pores remaining gas-filled for
optimal performance. With prolonged exposure, the sur-
face-wetting properties of blood phospholipids causes
plasma to leak into the pores, thereby reducing gas trans-
fer by several orders of magnitude.

The mass transfer coefficient (Ki) is a conductance term
that is dependent on membrane characteristics and blood
flow distribution within the oxygenator. As a result, it
must be interpreted in the context of the operating condi-
tions under which the determinations are made. Insight
into the determinants of the mass transfer coefficient can
be gained from the determinants of gas transfer across an
ideal homogeneous membrane. Gas transfer across such a
membrane behaves according to Fick’s law of diffusion:

Ji¼Dm �
As

Lm
� DPi: ð11Þ

The membrane diffusion coefficient (Dm) is specific for
both the membrane material and the gas species, and it is
a direct determinant of gas transfer rate. Gas transfer is
inversely related to themembrane thickness (Lm), which is
the diffusion distance for the gas. Equation 11 applies di-
rectly to solid silicone membrane artificial lungs because
they are a thin homogenous sheet of silicone. Microporous
membranes, however, have an air-fluid interface between
blood and gas, so the gas transfer is based on more com-
plex determinants.

Extending the concepts of Equation 11 for the isolated
membrane to the complete artificial lung in Equation 10
requires the inclusion of additional factors incorporated
into the mass transfer coefficient Ki, in particular the ef-
fects of the blood and gas phase boundary layers. Bound-
ary layers induce additional diffusion distances in the
blood (b) and gas (g) phases that are not considered in
the factor Lm of Equation 11 and are related to Ki by the

following equation:

1

Ki
¼

1

Kb
þ

1

Km
þ

1

Kg
¼

1

Kb
þ

Lm

Dm
þ

1

Kg
: ð12Þ

Boundary layer thicknesses are dependent on artificial
lung design, with a design goal of minimizing thickness of
the blood path and boundary layers. Design approaches to
induce secondary flows and minimize boundary layer ef-
fects in hollow fiber designs include changing the blood
path of hollow fiber devices to the exterior of the fibers
(54), helical winding of fibers to induce a cross-flow design,
and decreasing the fiber size/number ratio. In solid flat
plate or coiled silicone membranes, the introduction of
screens or other obstacles disturb blood flow. The overall
goal of these modifications is to improve passive blood
phase mixing to enhance the overall mass transfer coeffi-
cient and maintain a greater partial pressure gradient for
diffusion throughout the device. Devices for active mixing
of the blood phase have been suggested, but have not
achieved commercial application. The rated blood flow of a
membrane lung is the blood flow through the device at
which blood entering at 70% saturation achieves 95% sat-
uration at the outlet. Higher flows, while still allowing a
higher overall gas transfer, extend into the nonlinear re-
lationship between blood flow and oxygen transfer (Fig. 8).
Membrane lungs are also given a maximum rated gas
flow, the purpose of which is primarily to limit the gas
phase pressure to avoid gas embolization (microporous
hollow fiber membranes) or blood phase compression
(solid coiled silicone membranes).

8. MATHEMATICAL MODELING OF ARTIFICIAL LUNG
GAS TRANSFER

Oxygen transfer in a membrane lung has been modeled for
a variety of conditions. A model of oxygen transfer in a
countercurrent membrane lung was provided by Fournier
(55). A shell balance for oxygen yielded the following equa-
tions for the blood and gas phases:

Qb
dðCbþCcÞ

dx
¼ � kbAbðCb � CbmÞ

Qg
dCg

dx
¼ � kgAgðCg � CgmÞ;

ð13Þ

where Q is blood flow, C is concentration, k is the mass
transfer coefficient, and A is the membrane surface area.

Balloon

FibersHollow

Fiber manifolds
Gas delivery

catheter

O2 inCO2 out

Exit manifold
(outside body)

Figure 12. Schematic of the Hattler intra-
venacaval respiratory support catheter. The
device consists of a coated microporous hollow
fiber bundle attached to a support catheter. A
helium-driven balloon cyclically inflates and
deflates to disturb flow around the hollow fi-
bers, inducing secondary flows and improving
gas transfer. The support catheter has three
lumens, two for delivery and exhaust of the
sweep gas and one for driving the helium bal-
loon. [Reprinted with permission (61)].
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The subscripts include b for blood, g for gas, b for blood, c
for red cell (hemoglobin-bound), bm for blood phase mem-
brane surface, and gm for gas phase membrane surface.
The blood cell concentration Cc is a nonlinear function of
the concentration Cb. Substituting the parameter m for
the ratio dCc=dCp:

Qbð1þmÞ
dCb

dx
¼ � kbAbðCb � CbmÞ; ð14Þ

and recognizing the linear relationship between dissolved
oxygen and partial pressure gives:

Qbð1þmÞ
dpO2b

dx
¼ � kbAbðpO2b � pO2bmÞ

Qg
dpO2g

dx
¼ � kgAgðpO2g � pO2gmÞ:

ð15Þ

In practice, the Hill equation can be used to determine
m from the partial pressure of oxygen with reasonable ac-
curacy:

m¼n � Pn
50 �HO2

� Csat
pOn�1

2

ðPn
50þpOn

2 Þ
2
; ð16Þ

for a suitable value n (approximately 2.5). HO2
is Henry’s

constant for blood, Csat the concentration of oxygen in fully
saturated blood, and P50 the partial pressure at which
blood is 50% saturated. The P50 calibrates the curve to the
effects of temperature, pH, and 2,3-DPG levels, but as-
sumes these are constant. An overall mass transfer coef-
ficient (K0) can be defined to include the blood and gas
boundary layer coefficients with the membrane coefficient:

1

K0
¼

H

kb
þ

Ab

rSTPPm
�AL

þ
RTAb

kgAg
: ð17Þ

Substituting the overall mass transfer coefficient allows
expression of gas transfer on both sides of the membrane
in terms of the membrane characteristics itself:

Qbð1þmÞ

H

dpO2b

dx
¼K0AbðpO2g � pO2bÞ

Qg

RT

dpO2g

dx
¼K0AbðpO2g � pO2bÞ:

ð18Þ

By combining these two equations, integrating along the
blood path, and substituting into the above equation yields
the equation describing oxygen uptake in the blood path:

dpO2b

dx
¼

K0AbH

Qbð1þmÞ

Qb

Qg

RT

H
ð1þmÞ � 1

� �

pO2b

�

þ pOout
2g �

Qb

Qg

RT

H
ð1þmÞpOin

2b

� ��

:

ð19Þ

A similar equation can be derived for carbon dioxide
transport, but is slightly simplified by the observation that
the carbon dioxide solubility curve is nearly linear over

normal operating ranges:

dpCO2b

dx
¼

K0AbH

Qb

Qb

Qg

RT

H
� 1

� �

pCO2b

�

þ pCOout
2g �

Qb

Qg

RT

H
pCOin

2b

� ��

:

ð20Þ

The above equations can be solved analytically for
countercurrent membrane oxygenators. Although a count-
ercurrent configuration is useful for analytical study, it is
not the most efficient design. Commercially available ox-
ygenators have markedly different configurations to im-
prove the mass transfer coefficient and result in
configurations that cannot be solved analytically. Simula-
tion of these designs have been performed using finite el-
ement methods [see, for example, Haworth (56)].

9. INTRACORPOREAL THERAPIES

The complexity of extracorporeal circuits has led to the
investigation of intracorporeal gas exchange in which a
gas exchange device is inserted into the inferior and su-
perior venae cava. The first device developed for clinical
use was the IVOXs, which consisted of an elongated hol-
low fiber bundle on a central dual-lumen gas exchange
catheter (57). Oxygen was drawn by vacuum through the
inlet lumen of the catheter, distributed to the hollow fi-
bers, and exhausted through the outlet lumen. Blood
flowed exterior to the hollow fiber bundle, and the native
cardiac output provided the blood flow. The physiologic
effect was analogous to venovenous ECMO, with gas ex-
change taking place in the central venous system. The
device entered clinical trials, which demonstrated feasi-
bility of this approach (58), but this first-generation device
did not provide clinically significant gas exchange (59).

A newer design for an intravascular gas exchange de-
vice based on similar principles as the IVOXs, but using
pulsating balloon augmentation to disturb blood flow
around the fibers and improve gas exchange has been re-
ported by Hattler et al. (Fig. 12) (60,61). This device has
improved gas transfer characteristics and has undergone
preclinical trials (62,63). The advantage of intravascular
gas exchange is a simplification of support and decreased
potential for blood damage and blood cell activation.

Gas exchange in the intravenacaval catheter follows
the same basic principles as with other hollow fibers ox-
ygenators with blood flow exterior to the fibers. For the
case of oxygen,

JO2
¼KO2

� As � ½PO2 gas � PO2 blood�: ð21Þ

The mass transfer coefficient is determined by the mem-
brane and blood boundary layer resistances; the gas phase
resistance is negligible:

1

KO2

¼
1

Kb
þ

1

Km
: ð22Þ

The blood boundary layer resistance can be significant
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because of the design of the device. Blood in the venae
cava flows in the axial orientation of the hollow fibers,
thus predisposing to development of a significant poorly
mixed boundary layer, the width of which grows as the
square root of the distance along the fiber. Gas must tra-
verse the width of the boundary layer by diffusion, much
less efficient than convective transfer induced by second-
ary flows. By induction of transverse secondary flows by
means of the pulsating balloon, the improvement in gas
exchange can reach 30-fold (61) based on the dimensions
of the catheter and the following relationship between
mass transfer coefficients for longitudinal and transverse
blood flow:

Ktransverse

Klongitudinal
¼

ffiffiffi

d

l

r

: ð23Þ

Although the pulsating balloon does not provide purely
transverse flow, it is able to improve gas exchange by a
factor of two or more. The Hattler catheter is currently
under development, having successfully completed pre-
clinical trials, and clinical trials are anticipated.
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1. INTRODUCTION

The visual system is our most important sensory system.
It provides a view of the world around us captured with
receptors in the eyeball that are transmitted to the central
nervous system (CNS). The eye movement or oculomotor
system is responsible for movement of the eyes so that
images are clearly seen. The oculomotor system also
responds to auditory and vestibular stimuli. Any of these
stimuli results in one of five types of eye movements:
saccadic eye movements, smooth pursuit eye movements,
vestibular ocular movements, optokinetic eye movements,
and vergence eye movements. Each of these movements is
controlled by a different neuronal system, and all of these
controllers share the same final common pathway to the
extraocular muscles. In addition to the five types of eye
movements, these stimuli also cause head and body move-
ments. Thus, the visual system is part of a multiple input-
multiple output system. Although the objective of this
chapter is to describe each of these eye movements,
because saccadic and smooth eye movements occur most
frequently and are the most studied, these eye movements
are our primary focus.

Each eye can be moved within the orbit in three
directions: vertically, horizontally, and torsionally. These
movements are caused by three pairs of agonist-antago-
nist muscles. These muscles are called antagonistic pairs
because their activity opposes each other and follows the
principle of reciprocal innervation. Shown in Fig. 1 is a
diagram illustrating the muscles of the eye. Regardless of
the input, the oculomotor system is responsible for move-
ment of the eyes so that images are focused on the central
one-half degree region of the retina, known as the fovea.
Lining the retina are photoreceptive cells that translate
images into neural impulses. These impulses are then
transmitted along the optic nerve to the CNS via parallel
pathways to the superior colliculus (SC) and the cerebral
cortex. The fovea is more densely packed with photore-

ceptive cells than the retinal periphery; thus a higher
resolution image (or higher visual acuity) is generated in
the fovea than the retinal periphery. The purpose of the
fovea is to allow us to clearly see an object, and the
purpose of the retinal periphery is to allow us to detect a
new object of interest. Once a new object of interest is
detected in the periphery, the system redirects the eyes to
the new object.

Saccades are a fast eye movement used to acquire a
target by placing the image of the target on the fovea.
Smooth pursuit is a slow eye movement used to track a
target as it moves by keeping the target on the fovea. The
vestibular ocular movement is used to keep the eyes on a
target during brief head movements. The optokinetic eye
movement is a combination of saccadic and slow eye
movements that keeps a full-field image stable on the
retina during sustained head rotation. Each of these
movements is a conjugate eye movement, that is, move-
ments of both eyes together driven by a common neural
source. A vergence movement is a nonconjugate eye move-
ment allowing the eyes to track targets as they come closer
or move farther away.

1.1. Saccades

One of the most successfully studied systems in humans is
the oculomotor or eye movement system. Some of the
reasons for this success are the relative ease in obtaining
data, the simplicity of the system, and the lack of feedback
during dynamic changes in the system. A saccade is a fast
eye movement that involves quickly moving the eyes from
one target or image to another. The word saccade origi-
nated from the French word saquer, which means to jerk
the reins of a horse. A saccade is a very quick and jerky
movement of the eye from one target to the other. This
type of eye movement is very common and is observed
most easily while reading when the end of a line is
reached; the eyes are moved quickly to the beginning of
the next line by the execution of a saccade.

The eye muscles are among the fastest in the human
body, with a 101 saccade taking only 50ms. The saccadic
system can be thought of as a targeting system that is
concerned only with accurate and swift eye movements
from one target to another without concern for the in-
formation swept across the retina during the eye move-

Lateral rectus

Medial rectus

Superior rectus

Superior oblique

Inferior oblique

Inferior rectus

Optic nerve
Trochlea

Figure 1. Diagram illustrating the muscles and
optic nerve of the right eye. The left eye is similar
except the lateral and medial rectus muscles are
reversed. The lateral and medial rectus muscles
are used to move the eyes in a horizontal motion.
The superior rectus, inferior rectus, superior ob-
lique, and inferior oblique are used to move the
eyes vertically and torsionally. The contribution
from each muscle depends on the position of the
eye. When the eyes are looking straight ahead,
called primary position, the muscles are stimu-
lated and under tension. [Figure 12.8 from (21)]
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ment. After the saccade is complete, the system operates
in a closed-loop mode to ensure that the eyes reached the
correct destination. Information from the retina and mus-
cle proprioceptors is used to correct any error between the
desired and current eye position. The saccade system
operates in a closed-loop mode to reduce this error to
zero with a corrective saccade. One possible explanation of
the operation of the neural control of saccades is that the
saccadic neural controller is an open-loop time-optimal
system using an internal closed-loop controller (1–3). This
system does not rely on muscle proprioceptors or real-time
visual feedback to ensure accuracy of movement because
the eye movements occur too fast. Instead, a complex
neural network involving the mesencephalon, cerebellum,
brainstem, and the cerebrum keeps track of the eye
movement.

Saccadic eye movements are conjugate and ballistic,
with a typical duration of 20–100ms and a latency of 100–
300ms. The latent period is thought to be the time
interval during which the CNS determines whether to
make a saccade, and if so, calculates the distance the
eyeball is to be moved, transforming retinal error into
transient muscle activity. A typical saccade is shown in
Fig. 2, with a latent period of approximately 100ms and
amplitude of 101 with duration of approximately 60ms.
Also shown in this figure is the velocity of the saccade with
a peak velocity of approximately 4001/s.

Generally, saccades are extremely variable, with wide
variations in the latent period, time to peak velocity, peak
velocity, and saccade duration. Furthermore, variability is
well coordinated for saccades of the same size; saccades
with lower peak velocity are matched with longer saccade
durations, and saccades with higher peak velocity are
matched with shorter saccade durations. Thus, saccades
driven to the same destination usually have different
trajectories.

To appreciate differences in saccade dynamics, it is
often helpful to describe them with saccade main sequence
diagrams (4–6). The main sequence diagrams plot saccade
peak velocity–saccade magnitude, saccade duration–sac-
cade magnitude, and saccade latent period–saccade mag-

nitude. The saccade size or amplitude is the angular
displacement from the initial position to its destination.
The size of a saccade ranges from less than a degree
(microsaccades) to 451 in the nasal (toward the nose) and
temporal (toward the temple) directions. Peak or max-
imum velocity occurs at approximately half the duration
of the saccade for small saccades less than 151 (4). The
duration of a saccadic eye movement is the time from the
start to the end of a saccade, which is usually hard to
determine from the saccade amplitude vs. time graph, but
is more easily seen in the velocity vs. time graph as shown
in Fig. 2. Saccade durations can range from approximately
30ms for saccades less than 51 up to 100ms for large
saccades. For saccades greater than 71, a linear relation-
ship exists between saccade amplitude and duration. The
latent period is the time interval from when a target
appears until the eyes begin to move.

Shown in Fig. 3 are graphs of the main sequence
characteristics for a typical human subject (7). The solid
lines in the figures include a fit to the data for positive and
negative eye movements. Peak velocity-saccade magni-
tude is basically a linear function until approximately
151, after which it levels off to a constant for larger
saccades. Many researchers have fit this relationship to
an exponential function. The exponential shape of the
peak velocity–saccade amplitude relationship might sug-
gest that the system is nonlinear if one assumes a step
input to the system. A step input would provide a linear
peak velocity–saccade amplitude relationship. In fact, the
saccade system is not driven by a step input, but rather a
more complex pulse-step waveform as discussed later in
this chapter. Shown in graph (b) of Fig. 3 is data depicting
a linear relationship between saccade duration–saccade
magnitude. Although not shown, saccades less than 71 all
have approximately the same duration. Shown in graph
(c) of Fig. 3 is data depicting the latent period-saccade
magnitude relationship. It is quite clear that the latent
period does not show any linear relationship with saccade
size (i.e., the latent period’s value is independent of
saccade size).
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1.2. Smooth Pursuit System

Smooth pursuit is a voluntary eye movement that allows
tracking of a slow-moving target (with maximum velocity
under 501s� 1) to maintain its position on the fovea.
During smooth pursuit, vision remains clear, unlike a
saccade where vision is interrupted. A time delay of
approximately 100ms occurs before smooth pursuit begins
after acquiring a target to track. The smooth pursuit
system responds to position and velocity errors, but the

velocity seems to be more important, especially in initiat-
ing the movement (8). Oftentimes, smooth pursuit in-
volves a saccade to bring the fovea on the target,
followed by a continuous eye movement that matches
the velocity of the target so that the target does not slip
off the fovea. In general, smooth pursuit eye movements
are initiated only when following a target (or the remem-
bered motion of a target); that is, without visual stimulus,
voluntary smooth pursuit eye movements do not occur (8),
which is in contrast with a saccade, which can be volun-
tarily elicited. The performance of smooth pursuit is
increased with predictable target movements such that
the subject is able to perfectly track the motion of the
target. To achieve such performance, a predictive mechan-
ism is postulated to control the smooth pursuit system
using an internal target velocity signal (9). The perfor-
mance of the smooth pursuit system greatly varies among
individuals, and even for the same individual tested on
different days. Smooth pursuit is affected by the quality
stimulus, interest in following the stimulus, medications,
and age.

In the clinic or research laboratory, two types of stimuli
are used to study the smooth pursuit system: a predictable
sine-wave signal and a constant-velocity signal. A pseudo-
random (sum of sine-waves) stimulus is also used to
eliminate the predictability of the waveform. From the
data collected, performance is evaluated using gain (peak
eye velocity/peak target velocity) and phase (time offset of
the waveforms). Others use cross-spectral density analy-
sis to evaluate central and peripheral pathology (10). Ideal
performance for gain is close to 1.0 with a very small
phase shift. Performance is usually best if the target
moves slowly (o1.0Hz) and the amplitude of the move-
ment is small (o751). If the amplitude is increased with
frequency held at 1Hz, the smooth pursuit system does
not operate as well. Smooth pursuit performance is better
for predictable target motions than nonpredictable target
motions.

As the target moves across visual space, the eyes track
until they reach the limit of the field of vision, then the
eyes move in the opposite direction with a saccade,
acquiring a new target to track, with the process repeating
itself. The eye movement pattern looks like saw-tooth time
course and is called nystagmus. To keep up with the target
in the real world, tracking often consists of smooth pur-
suit, interrupted by catch up saccades.

1.3. Vestibular Ocular Reflex Eye Movements

The vestibular system holds visual field steady during
head rotations by rotating the eyes in the opposite direc-
tion to keep the target on the fovea. Vestibular ocular
reflex (VOR) eye movements have a shorter latency
(o16ms) than the saccadic or smooth pursuit eye move-
ments because the labyrinth of the inner ear provides a
signal to move the eyes faster than the visual system.

Within each ear, the labyrinth is divided into three
parts: cochlea, the three semicircular canals, and endo-
lymphatic sacs called the utricle and saccule that forms
the otolith organs. The cannels are oriented approxi-
mately perpendicular to each other, providing the system
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Figure 3. Main sequence diagrams for positive saccades. Similar
shapes are observed for negative saccades. (a) Peak velocity-
saccade magnitude, (b) saccade duration-saccade magnitude,
and (c) latent period-saccade magnitude for 26 saccadic move-
ments by a single subject (7).
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with the ability to sense angular rotation. Within the
system are sensory cells with hairs that project directly
into a gelatinous substance that bends when it flows past
them during angular rotation. These sensors provide
signals to the eye movement system during rotational
head movements, which cause the eyes to move in the
opposite direction the head is moving. Linear transla-
tional movements of the head stimulate the otolith organs.
Normally, in the human, angular rotation cause move-
ments of the eyes—linear acceleration does not result in
eye movements.

The function of VOR is to match the velocity of the eye
to that of the head with a smooth pursuit movement to
keep the target on the fovea. If the rotation continues past
the visual field, the movement is interrupted by a saccade
in the opposite direction, and then the smooth pursuit
movement continues (nystagmus).

1.4. Optokinetic Eye Movements

Optokinetic eye movements occur when a large, full-field
image moves uniformly across the retina during head
rotations. The purpose of optokinetic eye movements is
to help stabilize the retinal image during head rotation or
translation. Similar to the nystagmus of VOR, after
approximately a 1 to 2 s delay, the eyes move with the
same velocity as the image, and then execute a saccade in
the opposite direction when the full range of eye motion is
complete. During the slow phase of the movement, the
eyes are not tracking or attempting to keep the target on
the fovea, but simply stabilizing the image on the retina.

Although both smooth pursuit stimulations and opto-
kinetic eye stimulations could occur simultaneously (pro-
viding contradictory responses) when a small target is
moving on a full-field image, only the smooth pursuit
response occurs. The smooth pursuit response is to keep
the target on the fovea, moving in the same direction as
the target. The optokinetic eye movement response is just
the opposite, keeping the image stabilized on the retina. In
these situations, the smooth pursuit movement is the
more important response, and is executed rather than
the optokinetic eye movement.

Optokinetic eye movements can be elicited by having
the subject view a slowly rotating striped drum that fills
the visual field (11). The eyes follow the strip on the drum
with a smooth pursuit movement until the gaze moves to
the end of the visual field, when a saccade occurs in the
opposite direction. After the saccade, the eyes acquire
another strip on the drum and follow it, continuing this
process of smooth pursuit followed by a saccade. This type
of eye movement is called optokinetic nystagmus.

1.5. Vergence

All of the previous eye movements presented are conju-
gate eye movements, with each eye driven by the same
neural control. Vergence eye movements allow us to move
our eyes under separate controls when the target moves
closer or farther away. When viewing a target at a far
distance, the line of sight for each of the eyes to the target
is straight ahead, approximately parallel with each other.
As the target comes closer, the eyes change their direction

by moving nasally, with a different neural controller for
each eye.

2. MODELS OF SMOOTH PURSUIT SYSTEM

Models of the smooth pursuit have been developed using
systems control theory, with the earliest models of the
smooth pursuit system described with a simple negative
feedback control system including a time delay and con-
stant gain in the forward loop and unity feedback (8). The
input to the model is the target velocity

.
T, and the output

is eye velocity
.
E. Ignoring the time delay for the moment,

the closed-loop gain, GCL, of the system is given by

GCL¼

.
E
.
T
¼

GOL

1þGOL
; ð1Þ

where GOL is the open-loop gain (a constant). The retinal
velocity error is given by REV ¼

.
T�

.
E. Initially, when a

retinal velocity error is present, the error driving the
system is

.
T. As the eyes move toward the target, the error

becomes progressively less until it becomes zero when the
eyes are traveling the same speed as the target. Once this
happens, the REV is zero, resulting in zero input in the
feed-forward path. Consequently, the eye velocity drops,
causing a nonzero RE, which then drives the eye velocity
to target velocity. This process continually repeats itself,
causing a small oscillation in the eye movement. It should
be noted that small oscillations are often observed in data.

To have a closed-loop gain of one requires that GOL be
large according to Equation 1. The negative feedback
system offers excellent performance with small error
signals. As changes in GOL occur (perhaps with aging),
the overall system performance is minimally impacted.
For instance, if GOL ¼ 10, and then falls to 5, the closed-
loop gain goes from 0.91 to 0.83.

If one adds a time delay to the model with a large GOL,
the negative feedback system is unstable. Both features
are present in this simple model, which produce growing
oscillations unlike those seen in the data. By replacing
GOL with an integrator and a gain element, the smooth
pursuit system tracks the target quite well with a gain of
10, but with a time delay. If the gain is increased to 20, the
system again becomes unstable. The human is able to
track with a gain close to one with no time delay.

Bahill and coworkers introduced a target-selective
adaptive control model of the human eye movement
system that produces accurate, zero-latency smooth pur-
suit target tracking as observed in the data (12–14). A
MatLab SIMULINK model of this system is shown in Fig.
4. Three major components exist in the model, a branch for
the smooth pursuit system, a branch for the saccade
system, and the target-selective adaptive controller, with
input of eye position and unity feedback. The smooth
pursuit system includes:

* A differentiator to transform the retinal position
error into retinal error velocity;
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* A limiter to eliminate tracking target velocities
greater than 70 degrees per second that the smooth
pursuit system cannot follow;

* A leaky integrator with a time delay of 0.1 s;
* A saturation element to eliminate eye velocities
greater than 60 degrees per second; and

* An integrator to transform the velocity signal into a
position signal.

The open-loop gain for the smooth pursuit model, para-
meterized from open-loop experiments, is

GOL¼
2e�0:1s

0:13sþ 1
: ð2Þ

For simplicity, and because the smooth pursuit dynamics
are very slow, the oculomotor plant is set to 1 without any
loss in accuracy. The saccade branch includes a time delay
of 0.15 s, a sample and hold element set at 0.15 s, and a
threshold detector to prevent a saccade occurring if the
retinal error is less than 0.5 degrees.

The target-selective adaptive controller, Rc, uses an
internal model of the target motion to predict future
movements and eliminate the time delay between the
target movement and the eye movement. As before, be-
cause the saccade dynamics are so fast, no loss in accuracy
occurs by using the oculomotor plant set to 1, which
simplifies the analysis. To be able to predict the target
behavior, the dynamics of the system must be incorpo-
rated into Rc. Thus, when added to the target movement,
the system is able to track without any delay (i.e., if

.
EðtÞ is

the current velocity). Thus, Rc must produce
.
Eðtþ 0:1Þ,

where 0.1 s is the time delay of the smooth pursuit system.
The adaptive controller must also modify the previous Rc

to compensate for the system dynamics. For the leaky
integrator used here, Rc is modified as

Rc¼
1

2

d

dt
0:13

.
Tðtþ 0:1Þþ

.
Tðtþ 0:1Þ

� �

; ð3Þ

that is, multiplying
.
T by

0:13sþ1

2e�0:1s
. For a target moving

sinusoidally,
.
T¼A sinðotÞ,

Rc¼
Ao
2
½o sinðoðtþ :01ÞÞ þ cosðoðtþ :01ÞÞ�: ð4Þ

Shown in Fig. 5 are the position and velocity response to a
sinusoidally moving target. Notice that it takes less than a
period for the system to adequately track the target with
virtually zero error. Without the target-selective adaptive
controller, the system is no longer able to track with zero
latency, and saccades occur throughout the simulation.

3. MODELS OF THE SACCADIC SYSTEM

The oculomotor plant and saccade generator are the basic
elements of the saccadic system. The oculomotor plant
consists of three muscle pairs and the eyeball. These three
muscle pairs contract and lengthen to move the eye in
horizontal, vertical, and torsional directions. Each pair of
muscles acts in an antagonistic fashion because of reci-
procal innervation by the saccade generator. For simpli-
city, the models described here involve only horizontal eye
movements and one pair of muscles, the lateral and
medial rectus muscle. We call these muscles antagonistic
pairs because their activity opposes each other, a principle
known as reciprocal innervation, as described originally
by Descartes’ (15).

3.1. Westheimer Saccadic Eye Movement Model

The first quantitative saccadic eye movement model was
published by Westheimer in 1954 (16). Based on visual
inspection of a recorded 201 saccade and the assumption of
a step controller, Westheimer proposed the following
second-order model:

J y
��

þB y
�

þKy¼ tðtÞ: ð5Þ

With Westheimer’s parameter values, the duration is
37ms for saccades of all sizes, which is independent of
saccade magnitude and not in agreement with the experi-
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E
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Figure 4. Simulink model of a target-selective adaptive controller for eye movements.
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mental data that has a duration that increases as a
function of saccade magnitude. Peak velocity from this
model is derived as y

�

ðtmvÞ¼ 55:02Dy, that is, peak velocity
is directly proportional to saccade magnitude. Evident
from the main sequence diagram, experimental peak
velocity data has an exponential form and not a linear
function as predicted by the Westheimer model.

Westheimer noted the differences between saccade
duration–saccade magnitude and peak velocity–saccade
magnitude in the model and the experimental data and
inferred that the saccade system was not linear because
the peak velocity–saccade magnitude plot was nonlinear
and the input was not an abrupt step function. Overall,
this model provided a satisfactory fit to the eye position
data for a saccade of 201, but not for saccades of other
magnitudes. Interestingly, Westheimer’s second-order
model proves to be an adequate model for saccades of all
sizes, if one assumes a different input function as de-

scribed in the next section. As a result of its simplicity, the
Westheimer model of the oculomotor plant is still popular
today.

3.2. Robinson’s Model of the Saccade Controller

In 1964, Robinson performed an experiment to measure
the input to the eyeballs during a saccade (17). To record
the input, one eye was held fixed using a suction contact
lens while the other eye performed a saccade from target
to target. As the same innervation signal is sent to both
eyes during a saccade, Robinson inferred that the input,
recorded through the transducer attached to the fixed
eyeball, was the same input driving the other eyeball.
He estimated that the neural commands controlling the
eyeballs during a saccade are a pulse-step input based on
the recorded muscle tensions.

It is important to distinguish between the force gener-
ated by a muscle, called muscle tension, and the force
generator within the muscle, called the active-state ten-
sion generator. The active-state tension generator creates
a force within the muscle that is transformed through the
internal elements of the muscle into the muscle tension.
Muscle tension is external and measurable, and the
active-state tension is internal and unmeasurable. More-
over, Robinson reported that the active-state tensions are
not identical to the neural controllers, but described by
low-pass filtered pulse-step waveforms. The agonist pulse
input is required to quickly move the eye to the target, and
the step is required to keep the eye at that location.

3.3. A Linear Homeomorphic Saccadic Eye Movement Model

In 1980, Bahill et al. presented a linear fourth-order model
of the oculomotor plant, based on physiological evidence
that provides a very good match between model predic-
tions and eye movement data (18). This linear model of the
oculomotor plant is derived from a nonlinear oculomotor
plant model by Hsu et al. (19) and based on a linearization
of the force-velocity curve (18). Muscle viscosity tradition-
ally has been modeled with a hyperbolic force-velocity
relationship. With the linear model of muscle reported by
Enderle et al., it is possible to avoid the linearization and
derive an updated linear homeomorphic saccadic eye
movement model that has superior characteristics com-
pared with the Bahill model (20). The linear muscle model
has the static and dynamic properties of rectus eye
muscle, a model without any nonlinear elements. The
model has a nonlinear force-velocity relationship that
matches muscle data using linear viscous elements, and
the length tension characteristics are also in good agree-
ment with muscle data within the operating range of the
muscle (20,21). Figure 6 illustrates the mechanical com-
ponents of the updated oculomotor plant for horizontal eye
movements, the lateral and medial rectus muscle, and the
eyeball.

A model describing the oculomotor plant is shown in
Fig. 6. By summing the forces acting at junctions 2
(variable x2) and 3 (variable x3), and the torques acting
on the eyeball and junction 5 (variable y5), the model is
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Figure 5. Graphs of the smooth pursuit response to a sinusoidal
target obtained from Simulink simulations for the target-selective
adaptive controller model of the smooth pursuit system. (Top)
Smooth pursuit position response (dashed line) to a sinusoidally
moving target (solid line). (Bottom) Smooth pursuit velocity
response (dashed line) to a sinusoidally moving target (solid
line).
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given by:

dðKSEK12ðFAG � FANTÞþ ðKSEB34þB2K12ÞðF
�

AG�F
�

ANTÞ

þB2B34ðF
��

AG�F
��

ANTÞÞ ¼ y
����

þP3 y
���

þP2 y
��

þP1 y
�

þP0y;

ð6Þ
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Figure 6. This diagram illustrates the mechanical components of the updated oculomotor plant.
The muscles are shown to be extended from equilibrium, a position of rest, at the primary position
(looking straight ahead), consistent with physiological evidence. The radius of the eyeball is r. The
agonist muscle is drawn in the lower left with active state tension generator Fag and other
viscoelastic elements connected to the eyeball at point x1. The antagonist muscle is drawn in the
right with active state tension generator Fant and other viscoelastic elements connected to the
eyeball at point x4. The eyeball is connected to a pair of viscoelastic elements. [Figure 12.33 from
(21)]
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where

J¼
57:296Jp

r2
; B3¼

57:296Bp1

r2
; B4¼

57:296Bp2

r2
;

K1¼
57:296Kp1

r2
; K2¼

57:296Kp2

r2
;

B12¼B1þB2; B34¼B3þB4;

K12¼K1þK2; d¼
57:296

rJB12B4
;

C3¼
B12ðJK2þB3B4ÞþJB4KST þ 2B1B2B34

JB12B4

C2¼
JKSTK2þB3B4KST þB12B3K2þ 2KSEB34B1þK1B12B4þ2B2KLTB34þ 2B1K12B2

JB12B4

C1¼
KSTðB3K2þK1B4Þ þK1K2B12þ2KLTKSEB34þ 2B1K12KSEþ2B2KLTK12

JB12B4

C0¼
2KLTKSEK12þK1KSTK2

JB12B4
:

Based on an analysis of experimental data, suitable para-
meter estimates for the oculomotor plant are: KSE ¼

125Nm�1, KLT ¼ 60.7Nm� 1, B1 ¼ 4.6Nsm�1, B2 ¼

0.5 Nsm� 1, J ¼ 2.2 � 10�3Ns2m� 1, B3 ¼

0.538Nsm�1, B4 ¼ 41.54Nsm�1, K1 ¼ 26.9Nm� 1, and
K2 ¼ 41.54Nm� 1. With the updated model of muscle (20)
and length tension data (22), steady-state active-state
tensions are determined as:

F¼
0:4þ 0:0175q N for q3�0�

0:4þ 0:0125q N for qo0�:

(

ð7Þ

Saccadic eye movements simulated with this model have
characteristics that are in good agreement with the data,
including position, velocity, and acceleration, and the
main sequence diagrams.

3.4. Saccade Generator

Studies of the saccadic control mechanism have been
based on the system identification technique and control
systems, single-unit microelectrode recordings, muscle
tension measurements, and general observations from
the main sequence diagram. Physiological evidence indi-
cates that saccades are controlled through a parallel-
distributed network involving the cortex, cerebellum,
and brain stem. The saccadic neural activity of the SC
and cerebellum, in particular, have been identified as the
saccade initiator and terminator, respectively, although
neither is required for a saccade (1,2).

To execute a saccade, a sequence of complex activities
takes place within the brain, beginning from the detection
of an error on the retina to the actual movement of the
eyes. A saccade is directly caused by a burst discharge
(pulse) from motoneurons stimulating the agonist muscle
and a pause in firing from motoneurons stimulating the
antagonist muscle. During periods of fixation, the moto-
neurons fire at a rate necessary to keep the eye stable

(step). The pulse discharge in the motoneurons is caused
by the excitatory burst neuron (EBN) and the step dis-
charge is caused by the tonic neuron (TN) in the para-
median pontine reticular formation (PPRF).

Consider the saccade network programmed to move the
eyes 201 as illustrated in Fig. 7 (1). Qualitatively, a
saccade occurs according to the following sequence of
events according to the model presented here. First, the
ipsilateral long-lead burst neuron (LLBN) are stimulated
by the contralateral SC. The LLBN then inhibits the tonic
firing of the omni pause neuron (OPN). When the OPN
cease firing, the medium-lead burst neuron (MLBN) is
released from inhibition and begins firing. The ipsilateral
inhibitory burst neuron (IBN) are stimulated by the
ipsilateral LLBN and the contralateral FN of the cerebel-
lum. When released from inhibition, the ipsilateral EBN
fire spontaneously. The EBN are also stimulated by the
contralateral FN of the cerebellum; however, FN stimula-
tion is not required for a saccade to be generated. The
burst firing in the ipsilateral IBN inhibit the contralateral
EBN and abducens nucleus and the ipsilateral oculomotor
nucleus. The burst firing in the ipsilateral EBN cause the
burst in the ipsilateral abducens nucleus, which stimu-
lates the ipsilateral lateral rectus muscle and the contral-
ateral oculomotor nucleus. With the stimulation of the
ipsilateral lateral rectus muscle by the ipsilateral abdu-
cens nucleus and the inhibition of the ipsilateral medial
rectus muscle via the oculomotor nucleus, a saccade occurs
in the right eye.

Simultaneously, the contralateral medial rectus muscle
is stimulated by the contralateral oculomotor nucleus, and
with the inhibition of the contralateral lateral rectus
muscle via the abducens nucleus, a saccade occurs in the
left eye. Thus, the eyes move conjugately under the control
of a single drive center.

The end of the saccade is normally terminated by the
cerebellum. At the termination time, the cerebellar vermis
through the Purkinje cells inhibits the contralateral FN
and stimulates the ipsilateral FN. The ipsilateral FN then
stimulates the contralateral IBN and EBN. The contral-
ateral IBN then inhibits the ipsilateral EBN, TN, and
abducens nucleus, and contralateral oculomotor nucleus.
With this inhibition, the stimulus to the agonist muscles
ceases. The antagonist muscles receive stimulation from
the contralateral EBN through the contralateral abducens
nucleus and ipsilateral oculomotor nucleus, causing a
dynamic break.

4. CONCLUSION

This chapter has focused on a description of the eye
movement system, which includes five types of movement,
and quantitative models of smooth pursuit system and the
saccadic eye movement system. Saccades are a fast eye
movement used to acquire a target by placing the image of
the target on the fovea. Smooth pursuit is a slow eye
movement used to track a target as it moves by keeping
the target on the fovea. The vestibular ocular movement is
used to keep the eyes on a target during brief head
movements. The optokinetic eye movement is a combina-
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tion of saccadic and slow eye movements that keeps a full-
field image stable on the retina during sustained head
rotation. Each of these movements is a conjugate eye
movement, that is, movements of both eyes together
driven by a common neural source. A vergence movement
is a nonconjugate eye movement allowing the eyes to track
targets as they come closer or move farther away.

The smooth pursuit system allows tracking of a slow-
moving target to maintain its position on the fovea.
Models of the smooth pursuit have been developed using
systems control theory, all involving a negative feedback
control system that includes a time delay, controller, and
plant in the forward loop, with unity feedback. The
oculomotor plant and saccade generator are the basic
elements of the saccadic system. The oculomotor plant
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Figure 7. Shown is a diagram illustrating important sites for the generation of a conjugate
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consists of three muscle pairs and the eyeball. The control
of saccades is initiated by the SC and terminated by the
cerebellar FN, and involves a complex neural circuit in the
mid brain. Both of these control models are for horizontal
eye movements only.
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1. INTRODUCTION

The study of fatigue has increased by leaps and bounds;
however, still no universal definition exists and fatigue
remains a vague concept used as an umbrella term that
comprises of physiological, emotional, and behavioral fac-
tors that can result in chronic physical or mental states
affecting the cognitive, memory, motoric, and perceptive
capacities. The word fatigue, derived from Latin origin
‘‘Fatigatio,’’ is defined according to Webster’s Dictionary as
‘‘weariness from labor or exertion, exhaustion of strength,
loss of power due to continued work but removable by rest’’
in its most general sense. The same dictionary points out
an additional definition from the physiological point of
view, describing fatigue as ‘‘the condition of cells or organs
which have undergone excessive activity with resulting
loss of power or capacity to respond to stimulation.’’

Traditionally, authors have differentiated between the
concepts of physical (or physiological) and mental (or psy-
chological) fatigue considering them as two different and
isolated concepts. Physical fatigue used to be defined as
the resulting state after the expending of kinetic, chemi-
cal, thermal, and electromagnetic energy, from potential
energy stores, that may be reversed by rest, sleep, food
ingestion, and metabolic-waste removal. Physical fatigue
symptoms include accumulation of waste products in mus-
cle, increased heart rate and volume, accelerated respira-
tion, increased oxygen consumption, and other
biochemical changes (1). In a similar way, mental fatigue
has been typically defined as the subjective perception of
tiredness associated with deteriorated performance,
which occurs after the execution of a task with high cog-
nitive demands and is measurable through subjective rat-
ing scales and psycho-physiological evaluation tools (2).

Recent studies suggest that fatigue is a state leading to
the diminution of both physiological capabilities and psy-
chological capabilities. This duality has been explained by
the hypothesis stated by Gandevia et al. that suggest that
both kinds of alterations are probably caused by the same
physiological mechanism as central fatigue, which de-
creases the number of active motoric units and decreases
the frequency of nervous impulses stimulating the motoric
units, diminishing the activity of those parts of the cortex
that participate not only in motoric but also in decisive
processes (3). This idea has lead to define fatigue as the
ensemble of temporal and subjectively perceivable
changes in the individual that may be appreciated during

the execution of a task, reflecting the gradual decrease on
the maximum capabilities prior to exhaustion.

Biomedical engineering has faced fatigue evaluation
from two different approaches: exercise-induced fatigue
(or metabolic fatigue) and task-related fatigue (related to
the evolution of the subject condition caused by the exe-
cution of normal tasks). As metabolic fatigue (that may be
defined as the gradual exercise-induced detriment in the
strength or power generation capabilities that appear
prior to exhaustion) is a complex mechanism discussed
in another chapter of this book (see Exercise Physiology),
this work will center on central fatigue detection and
evaluation, because of its importance within the field of
human factors engineering in occupational health studies.

2. FATIGUE AS HUMAN FACTOR

Since the Industrial Revolution and the development of
the electric light bulb, society has increased its depen-
dence on vital services such as health care, power gener-
ation, manufacturing, transport, and defense, which
require of operation 24-hours a day. The effects of these
operations usually manifest in the form of fatigue, an in-
dicator of degraded condition that is affected by heteroge-
neous work, changing schedules, long periods of increased
alertness, and the lack of rest and sleep. Human activities
are regulated by biological clocks in charge of the sched-
uling of the work periods and rest necessities for each day.

The supervision of the psycho-physiological processes
underneath this regulation may aid to increase work ef-
ficiency, productivity, and security, and prevent accidents
and incidents that may lead to considerable social and
economical costs. Human factors engineering has focused
on fatigue research because of its tragic consequences, as
reported by different sources that relate fatigue to acci-
dents in chemical (Bhopal) and radioactive installations
(Three Mile Island, Chernobyl), as well as transportation
accidents in ships (Exxon Valdez, World Prodigy), trains
(Pennsylvania freight), airplanes (Guantanamo Bay), and
even in spaceships (MIR-Progress 234) (4).

Several authorities have appreciated the scope of the
problem, issuing special regulations and recommenda-
tions oriented to the diminution of the negative effects of
fatigue in both operational and design procedures. In this
sense, the U.S. Department of Defense (DoD) includes the
next sentence in the MIL-STD-1472F design criteria stan-
dard: ‘‘design shall reflect human engineering, life sup-
port, and biomedical factors that affect human
performance including y provisions for minimizing psy-
chophysiological stress effects of mission duration and fa-
tigue.’’ This same line has been followed by other
government agencies such as the Federal Aviation Admin-
istration (FAA) that developed a human design guide that
states that: ‘‘new FAA systems, facilities, and equipment
managed and maintained by the FAA shall provide y

provisions for minimizing the physical and psychological
stress effects of task or job demands (including duration
and fatigue effects).’’

From the human factors engineering point of view, fa-
tigue may be defined as the subjectively experienced dis-
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inclination to continue performing the task at hand be-
cause of perceived reductions in efficiency. As this state is
characterized by increased lapses in attention, informa-
tion processing delays, and reaction time, it has been re-
ferred to by various terms that are more or less mutually
interchangeable in the research literature: loss of alert-
ness or vigilance, fatigue, and drowsiness, although no
significant difference exists among them (5).

It is important to point out that central fatigue pre-
sents in different ways in function of the characteristics of
the executed task (e.g., a policeman presents different al-
terations than a surgeon, a housewife, or a pilot because of
the different psycho-physiological resource demands of
each of these tasks). This multidimensional nature has
been taken into account by biomedical engineers that have
aid to develop tools and methods for the evaluation of the
different fatigue domains and the associated alterations
affecting different body systems.

3. FATIGUE INDICATORS

Fatigue research has focused on the development of ob-
jective and reliable measurement techniques able to quan-
tify the state of human deteriorated condition, although
none of the proposed methods has been yet considered to
be a gold standard, as all of them are affected by factors
other than fatigue. On the other hand, the gradual nature
of this phenomenon and the intra and inter-subject vari-
ability usually reported in scientific works, make snapshot
evaluation of fatigue very difficult, requiring further eval-
uation of these indicators by a human expert, what has
finally lead to the development of specific algorithms de-
signed to perform the required information fusion and de-
cision-making processes. The next sections review several
fatigue indicators that have been reported to reflect the
different dimensions resulting from this state.

3.1. Cardiovascular Functions

Cardiac function is controlled by both SNS and PNS,
which innervate the heart and regulate the contraction
rate through the modulation of the electrical impulses
that may be monitored through the ECG (electrocardio-
gram) signal. This fact has turned ECG analysis into the
most widely used psycho-physiological tool for the mea-
surement of the fatigue effects, as heart rate and its vari-
ability have been shown to be sensitive to fatigue (6).

As the ECG signal can be nonintrusively acquired by
means of easy electrode location and preparation proce-
dures by means of moderate gain amplifiers (obvious ad-
vantages when compared with EEG recordings), it has
proved useful for extracting valuable information for fa-
tigue. Data processing usually follows a simple scheme:
After raw ECG conditioning (filtering, scaling, normaliza-
tion, etc.), R-waves are detected by one of the myriad of
available methods (threshold, slope, etc.) in order to ex-
tract the Inter-Beat-Interval (IBI; typically expressed in
milliseconds) as the time between peaks. At this point,
artifact-rejecting algorithms should be applied to the raw
IBI signal in order to minimize the influence of R-wave
detection failures, EMG spikes, and other artifacts. Once a

reliable value is obtained, heart rate (HR; in beats per
minute) can easily be computed as the inverse of this pe-
riod.

Metabolic activity evolution can be quite accurately
evaluated by the tracking the HR trends along the execu-
tion of a certain task that provides an index of overall
workload. HR typically increases with increasing job de-
mand, although it has been shown to decrease during ex-
tended periods of low workload under monotonous
conditions (7). These effects and their relationship to fa-
tigue have been demonstrated, as low circadian states
(identified through body temperature indicators) have
been related to low average HRs, which have also been
found in sleep loss, decreased performance states, and ex-
tended time-on task periods. At this point, it should be
said that more than physical effort affects HR level, in fact
it has been reported that in the absence of physical effort
the main determinant on average HR is mental workload
(8). The main drawback of this parameter for fatigue es-
timation relies on the multiple factors that modulate the
cardiac rate, such as the emotional state (e.g., high re-
sponsibility), speech, high G-forces, sedative drugs, and
alcohol.

The HRV (heart rate variability) (also called as sinus
arrhythmia variation) is dynamically controlled under the
autonomic nervous system providing additional informa-
tion to mean HR about the feedback between the cardio-
vascular systems and CNS (central nervous system)
structures (9). The HRV is frequently expressed in terms
of variability coefficient or modulation index, a standard-
ized measure calculated by dividing the standard devia-
tion of IBIs by the average IBI. Decreased HRV may be
seen as an index of increased cognitive effort, so that HRV
may be used as measure of mental load and fatigue (as
happens during extended periods of low workload under
monotonous conditions when HRV has been shown to in-
crease) (10). When HRV is decreased because of a decrease
in baroreflex sensitivity, a decrease in blood pressure vari-
ability (BPV) may observed from continuous blood pres-
sure measurements, through the complexity of the
noninvasive blood pressure (NIBP) monitoring setting
usually limits its application to laboratory studies.

Spectral analysis of IBI has as a major advantage
(when compared with time-domain analysis), as HRV
may be decomposed into frequency components associated
to biological control mechanisms, which has proven useful
for the quantification of cognitive and mental workload as
it has been found to be primarily sensitive to task-rest
differences, and not to moderate increases in difficulty
within a task. Central fatigue can be studied through the
analysis of the spectral bands (9) defined for the HR time-
series, described in Table 1:

A decrease in power in the mid-frequency band and in
the high-frequency band have been shown to be related to
mental effort and task demands, being consistent with the
time-domain variability measure, although it has been
found to be significantly more sensitive (8). The 0.10 Hz
frequency component has been shown to be relatively in-
sensitive to light physical load (despite the evident influ-
ence of physical load on HRV), so that if physical load is
not extreme (and it is kept constant across conditions), the
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0.10 Hz component of HRV may be successfully used for
the study of mental effort.

It should be remarked that the sensitivity of this mea-
sure is nonlinear to workload increases as the 0.10Hz
component is most sensitive in relatively low workload
areas than in the higher workload regions, where perfor-
mance is affected to a great extent and overload emerges.
Energy in this frequency band is sometimes expressed in
function of the relative energy change compared with rest
measurement, as HRs idiosyncratic nature and high ini-
tial values can become very prominent in the spectral
analysis and power computations that are required for
determination of this component. Among other draw-
backs, speech alters blood pressure and, therefore, the
0.10 Hz component of HRV, limiting the effectiveness of
this measure; in this way, if verbalization prevails over the
data acquisition, the 0.10 Hz component turns out to be
less suitable for mental load assessments. This fact may
not be taken into account in cases in which the verbaliza-
tion duration is short (less than 10 s) or in the case that
speech is relatively infrequent (one to five times per
minute). Other factors such as alcohol (which is said to
cause a decrease of the power associated to this band) and
age (as HRV may decrease with increasing age) may re-
duce the effectiveness of this measure. Finally, changes in
the RSA band of the HRV have been related to the cogni-
tive effects of sleep loss.

Finally, time-domain measures derived after the ECG
wave are limited to T-wave amplitude (TWA), as it is said
to reflect SNS activity, decreasing with increases in effort,
providing another estimate for workload measurement.
Some support for sensitivity in terms of a TWA decrease
with increases in SNS activity, as well as for PNS-activity
influence on respiratory sinus arrhythmia, is provided by
Müller et al. (11).

3.2. Respiration

Respiration is concomitant to human activity as it is nec-
essary to supply the blood with oxygen and to expel carbon
dioxide, which has a narcotic effect. As in many other vital
systems, the regulation of the respiratory process is car-
ried out at different levels of the nervous system. As an
example, the CNS has been found to regulate the respi-
ratory function prior to the execution of tasks involving
resistance, in order to grant the oxygen supply in function
of the predicted task demands; and once exercise has be-
gun, the respiration rate increases (by increasing both

respiration rate and tidal volume) in response to the ac-
tual oxygen demands until exhaustion is reached.

As respiration is linked to the amount of oxygen supply
and carbon dioxide generation, different measures of res-
piration have been considered as indexes of energy expen-
diture. As small increases of this value have been found to
be significantly correlated to cognitive effort, respiration
has been classically recorded in fatigue studies (12). Res-
piration rate, the most used measure, decreases under in-
creasing stressful attention conditions, memory load, or
temporal demands. Increased values in the minute vol-
ume (the total amount of air entering the lungs per minute
calculated as tidal volume multiplied by the respiratory
rate) have been found to be related to mental effort and
mild stress (8). As the same minute volume does not ac-
tually measures respiration effectiveness (because not all
the respiratory air participates in gas exchange), alveolar
ventilation (defined as the tidal volume minus the dead
space multiplied by the respiratory rate) has been sug-
gested in order to properly estimate the actual energy ex-
penditure. Among other drawbacks regarding the
measuring equipment, respiration is not uniquely sensi-
tive to mental effort, but also to psychological factors
(emotions, personality characteristics) and physiological
states (physical efforts).

3.3. Muscular Manifestations

Localized fatigue is a complex physiological and biome-
chanical process that appears gradually with protracted
activity of the muscles involved in motor tasks because of
energetic resources depletion and waste byproducts accu-
mulation as described by exercise physiology. Among the
observable effects of fatigue, lactate accumulation, lowered
pH, subjective perception of fatigue, and reduced endur-
ance may be cited (13). The considerable number of meth-
ods that have been developed for the detection and
quantification of muscle fatigue may be grouped in two
main categories, subjective and objective measures.

Subjective measures study the perceived exertion and
discomfort resulting from fatigue, drawing on the field of
psychophysics. This evaluation may be done through the
use of discomfort diagrams and subjective rating scales.
Discomfort diagrams, which are used for the identification
of the affected muscular groups through the subjective
spatial localization of the discomfort sources, have been
successfully applied in occupational health studies. The
diagram is usually done by means of a picture with an
outline of the human form (or body map) where subjects

Table 1. Fatigue-Related Bands of the Heart Rate Variability Spectrum According to De Waard (8)

Band (Acronym) Frequency (Hz) Alternative Names Biological Control Source

Low-frequency (LF) 0.02–0.06 - Slow-wave component Body Temperature Regulation
Mid-frequency (MF) 0.07–0.14 - 0.10 Hz component Short-term Blood Pressure Regulation

- Blood Pressure Band
- T-H-M Wave (Traube-Hering-Mayer)

High-frequency (HF) (RSA) 0.15–0.50 - Respiratory-Sinus-Arrhythmia PNS-Influenced Vagal Respiratory Fluctuations
- V(agal) component
- Respiration band
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are asked to mark the affected regions. This technique
may include a limited scoring of the intensity of the dis-
comfort by means of the use of patterns or colors that help
to quantify the temporal progression by comparing differ-
ent diagrams evaluated across the whole day. Addition-
ally, diagrams for different workers may be averaged to
identify occupational factors affecting the physical state of
the subjects such as inappropriate tools or procedures, as
shown in Fig. 1.

Subjective rating scales are similar to those used for
the assessment of mental workload, made up as question-
naires that evaluate the degree of perceived exertion and
discomfort. One of the most widely used is the one pro-
posed by Borg that includes 10 verbal rankings (also re-
ferred to as verbal anchor points) numbered from 0
(minimum effort) through 10 (maximum effort). Visual an-
alog scales are also frequently used, consisting of 10-cen-
timeter-long horizontal lines where the subjects are told to
score the degree of effort as a vertical mark (14). The main
drawbacks of these methods rely on the facts that some
workers have difficulty verbalizing their sensations in a
way that corresponds to verbal anchor points and, because
of that, the learning time may be a problem for casual ob-
servations or for people on moving production lines.

Objective measures are derived after the study of mus-
cle activity by means of electromyographic and me-
chanomyographic analyses, although only a few reports
about these last methods are available in the scientific lit-
erature.

As the symptoms of fatigue include changes in the elec-
trical activity of affected muscles, electromyography pro-
vides a powerful set of techniques and methods that have
been found to be the most useful for its diagnostic. Surface
electromyogram (EMG) analysis in studies of muscle func-
tion has attained increasing attention during recent years
and has been applied to assess muscle endurance capacity,
anaerobic and lactate thresholds, muscle biomechanics,
motor learning, neuromuscular relaxation, optimal walk-
ing and pedaling speeds, muscle soreness, neuromuscular
diseases, motor unit activities, and skeletal muscle fatigue
(15).

The most studied characteristics of the surface EMG
signal during voluntary contraction are (1) the energy
content, mainly by means of the rectified or integrated
EMG (IEMG), or related statistical variables (16); (2) the
power density spectrum of the signal, determined espe-
cially by the mean or median frequency; and (3) the mus-
cle fiber conduction velocity (MFCV).

During fatiguing isometric contractions, several effects
has been observed in the power spectrum of the EMG sig-
nal in response to central and peripheral factors (17). With
fatigue, the total power of the EMG spectrum increases
nonuniformly, increasing at the low-frequency band (0–
40 Hz) while decreasing at the high-frequency band (100–
150 Hz), thus decreasing the mean and median power fre-
quencies (18). Although both, mean and median power
frequencies, decrease with fatigue, their absolute value
cannot be used as a direct measure of fatigue. Instead, it is
common to normalize these variables, as well as the force/
torque applied, relative to the values at the best estimate
of the maximal voluntary contraction (MVC) (19).

This shift in the power spectrum is modulated by sev-
eral central factors, such as changes in the recruitment of
motor units, synchronization of motor units decreasing
firing frequency, and motor unit firing time statistics;
whereas the most important peripheral factors are caused
by changes in the MFCV. As these effects on the compres-
sion of the power spectral density (PSD) are relatively
slow on static contractions (when compared with EMG
activity), it is possible to consider this shift as a pseudo-
stationary process that may be tracked by the short-time
Fourier transform (STFT). Although this procedure has
been also applied to surface EMG under dynamic contrac-
tions of slow variance, more efficient methods have been
developed for the time-frequency analysis of these non-
stationary signals (20).

Burst-by-burst analysis of the EMG signal by means of
the Choi–Williams distribution has been used for the
quantification of the instantaneous median frequency
(IMNF) and the percent decrement over the entire con-
traction (PDC), the slope calculated from the IMNF at
both ends of each independent burst (21). Complex covari-
ance has been proposed for the estimation of the mean
frequency of a spectrum, as this can be expressed as the
derivative (approximated by a finite difference) of the com-
plex covariance function evaluated in the origin (22).

Fatigue-related changes in the information content of
the EMG have been detected through nonlinear methods
such as the recurrence quantification analysis (RQA),
which has shown that when the muscle is approaching
his maximal mechanical capability, the EMG diminishes
its random characteristics, presenting a more determinis-
tic behavior (23). This method, which seems to reflect a
similar fatigue dimension to that pointed out by the am-
plitude probability distributions analysis proposed to dis-
tinguish between static and dynamic components of
muscular work (24), is appealing because it does not re-
quire large sets of stationary data and makes no assump-
tion about the statistical properties of the input data.

Muscle activity during isometric contractions may be
monitored by means of the mechanomyogram (MMG) that
records the mechanical vibrations that take place along
the exertion. These vibrations expand from the lowest fre-
quencies, which reflect the artifacts because of the influ-
ence of large movements, up to the high-frequency band of
the inner muscular vibrations associated with muscular
fibers contraction at 10–40 Hz, through the medium-fre-
quency oscillations associated with tremor at 5.8–8.8 Hz.
MMG has been shown to present a compression of the
power spectral density toward lower frequencies, with ad-
vancing fatigue from the very beginning of the contrac-
tion, as happens with the surface EMG signal (25).

3.4. Brain Functions

The nervous system acts as a computing device powered
by the metabolic energy sources in order to integrate the
chemical and sensorial information, which is coded and
processed to control the body functions that grant the
subject’s survival. Human psychological states that de-
scribe the excitability of the CNS are closely related to
brain activity, and so are characterized by specific elect-
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rophysiological manifestations, particularly on the elec-
troencephalographic (EEG) signals, where frequency, am-
plitude, and topographic distribution changes have been
reported (26).

EEG methods capable of detecting changes in brain
wave activity associated with fatigue are commonly used
in the assessment of fatigue and sleep onset, as these can
influence some psychological factors such as a reduced
willingness to spend resources, and may therefore in-
crease mental load and decrease attention level and per-
formance (27,28).

Frequency analyses (also referred to as epoch or back-
ground EEG analyses), which study the power distribu-
tion among the spectral bands reflecting tonic CNS
activity, have been extensively used to study the power
shift toward low frequencies with sleepiness, sleep, and
unconsciousness (8). For this purpose, the EEG is defined
in terms of bands in the frequency spectrum from 0.5 Hz to
35 Hz. Delta waves are large-amplitude, low-frequency
waveforms that typically range between 0.5 Hz and
3.5 Hz in frequency, in the range of 20 uV to 200 uV. Theta
waves are a relatively uncommon type of brain rhythm
that occur between 4 Hz and 7 Hz at amplitudes ranging
from 20 uV to 100 uV. Alpha waves occur between 8 Hz and
13 Hz at a magnitude of 20 uV to 60 uV. Finally, beta waves
are irregular waveforms at frequencies from 14 Hz to

35 Hz at an amplitude of about 2 uV to 20 uV. An addi-
tional gamma band, centered around 40 Hz, has been of
particular interest in studies of attention, but it appears to
be less sensible to fatigue.

Delta waves, which are related to subject unconscious-
ness, may be observed at sleep onset when power shifts
from alpha and beta to theta and delta bands. When the
unconsciousness level is deep enough to isolate the subject
from the normal external environment (as happens in
deep sleep), large amplitude 0.5–2 Hz delta components
may be observed (29).

On the one hand, increased theta levels, which can be
characterized by long periods of activity or rising trends,
have been found to be related to drowsiness, decline in
performance, and decreased alertness (26). On the other
hand, the activity in that band has been found to decrease
with increasing mental task requirements, as part of the
attentional resource-saving strategy that is triggered in
order to postpone mental exhaustion, which has been
demonstrated within different experiments involving
theta activity self-regulation by means of biofeedback
techniques, where attention level was successfully in-
creased with theta suppression (26).

The next EEG band of interest for fatigue detection is
the alpha band, as it has been related to subject’s idle state
(as happens when isolated from external stimuli), relax-

Sample #n

(a)

(b)

Sample #2

Sample #1

Mean
Perceived

Fatigue
Level

Topographical
Analysis

Anatomical
Match

Trapezius

Latissimus dorsa

EMG
MMG

Physiological
Signal

Analysis

Subject #1: Mean Fatigue Level

Subject #2: Mean Fatigue Level

00:00

Subject #1

Subject #2

Subject #n

01:00 hh:mm

Subject #n: Mean Fatigue Level

Mean Fatigue LevelMean Rest Level: Perceived Effort

Time

Subject

Figure 1. Localized fatigue identification by
pain-effort diagrams. (a) Spatial location of
fatigue-induced discomfort by averaging bi-
nary fatigue maps. (b) Study design for the
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ation, impending drowsiness, and decreased alertness (8).
Fatigue-induced low level of alertness can be detected
through the increases of the power associated to this
band, as happens during deep relaxation when prominent
10–12 Hz activity may be observed (29). It is necessary to
consider the fact that alpha rhythms are suppressed as a
result of attentional activity in what has been referred to
as ‘‘Alpha blocking,’’ creating an inverse relationship be-
tween alpha power, task difficulty, and performance be-
cause of the resource allocation imposed by task-
increasing demands. However, it is necessary to point
out that the large individual differences may limit the
value of this indicator, as a minority of people do not gen-
erate alpha waves at all (8). Drowsiness and sleep onset
may be detected by 12–14 Hz rhythmic waveforms known
as sleep spindles, although these events are not frequent
or powerful enough to raise alpha power significantly in
the very first stages of decreasing vigilance, so that com-
plex algorithms have been developed to identify these ‘‘Al-
pha events’’ (30).

In opposition to alpha, beta activity reflects internal
events (such as mental manipulation tasks) and therefore
active wakefulness (8). It is known that power in this band
will increase when processing demands increase, so that
an awake, alert, and highly attentive person might con-
tain oscillations at beta frequencies (15–25 Hz) (29). Fa-
tigue effects such as deteriorated performance are
associated with altered beta activity (26), which decreases
in the same percentage as theta activity increases before
delta waves generation due to sleep onset (10). The com-
bined beta-theta index, computed as the beta to theta
power ratio, was able to discriminate between different
attention levels (28). In this same way, negative correla-
tion has been found between alpha power and beta power
for different levels of arousal, leading to the coupling of
these bands to provide indices of alertness. Alpha to beta
power ratio, referred to as EAB Index, increases during
sleep deprivation, but not significantly (as it is easily al-
tered by arbitrary mental activity) (5), so that the relative
energy parameter [(alphaþ theta)/betab] was introduced
as an indicator of the subject state in order to combine
both effects and reduce artifacts, resulting in a significant
increase of the parameter with time-on-task and mental
workload (8,30). An example EAB application may be
found in the work of Bitner et al., who were able to iden-
tify drowsiness states by simultaneous recording of multi-
lead EEG and video image of drivers during long periods
of time, as seen in Fig. 2.

Compared with background EEG, certain low-ampli-
tude potentials can indicate task demands. Event-related
potential (ERP) analysis provides accurate, objective, and
highly diagnostic methods for perceptual/cognitive pro-
cessing abilities, insensible to response factors. ERP is
characterized by a transient series of voltage oscillations
that occur in response to the occurrence of an event, usu-
ally triggered by discrete and discontinuous stimuli, such
as auditory clicks, tones, or the tachistoscopic presenta-
tion of visual targets, which allows one to discriminate the
ERP from the ongoing EEG activity. The ERP, like EEG, is
a multivariate measure; however, unlike EEG, the ERP is
broken down into a series of time rather than frequency

domains in order to analyze the separate (but often tem-
porally overlapping) components generated by groups of
cells in different locations of the brain that become active
at different times after stimulus presentation. These com-
ponents are affected by the physical parameters of the
stimuli and psychological constructs such as motivation,
expectancy, resources, task relevance, memory, and atten-
tion (28). The latencies of different ERP components re-
flect the timing of information processing, whereas
amplitude variations of the ERPs are supposed to be re-
lated mainly to the intensity of the processing procedure,
and thus reflect energetic aspects of the information pro-
cessing system. Although ERP has been found to be de-
pendent on both the psychological and physical
characteristics of the eliciting stimuli, in some instances,
the ERP has been found to be independent of specific
stimuli.

The main drawbacks of all ERP techniques are related
to the poor signal-to-noise ratio (although repeated stim-
ulus presentation and signal averaging is no longer a pre-
requisite because of new equipment and single-trial
techniques), and the intra-individual variability. On the
other hand, electrode location on the scalp affects the re-
corded complexes of components, because they are gener-
ated in more than one brain region as demonstrated by
lesion studies and functional imaging experiments (e.g., it
has been demonstrated that the P300 component becomes
increasingly smaller in amplitude from the parietal to the
frontal sites, whereas the N100 is largest over the Fz, Cz,
and Pz sites) (28).

Late positive event-related potentials (300–1000 msec)
occur in response to stimuli perceived as belonging to an
infrequently presented category. Although similar late
positive responses are reliably evoked by visual, auditory,
or somatosensory stimuli in a variety of tasks, they may
not be unitary, as their amplitudes and peak latencies are
affected by several task variables, including attention and
novelty. Most research has taken place regarding the am-

Figure 2. Analysis of simultaneous EEG and video recordings to
detect microsleeps in drowsy drivers. Available from the Czech
Technical University in Prague, Project Vigilant Car at http://

www.ubmi.cvut.cz/aktivity/auto/download.htm.
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plitude and latency of the P300, the vertex positive re-
sponse occurring about 300 ms after the stimulus presen-
tation that has been frequently used in the laboratory to
study the dynamic changes in mental workload (8) and
even the index of workload for a particular task (30). Per-
ceptual factors affect the P300 amplitude and latency, as
this is elicited by improbable or unexpected events, only if
the subject actively processes or attends the stimulus, as
this response represents ‘‘memory-driven’’ rather than
‘‘data-driven’’ processes (28,31). This fact may be related
to the reported increased P300 latencies and decreased
P300 amplitudes with extended wakefulness. The ampli-
tude of this wave, which is sensitive to perceptual/central
demands of a primary task, reflects the cognitive attent-
ional demands increasing with unexpected, task-relevant
stimuli. As P300 amplitude appears to be proportional to
the attentional resources invested in the task, it may be
used as a measure of workload of a perceptual and cogni-
tive, but not response-related, nature.

This relationship between amplitude and subjects’ per-
ceptual/central processing load appears to extend to the
moment of decline on performance, when the amplitude
remains unaffected. P300 latency is related to cognitive-
evaluation time because of processing requirements of the
task (that have been shown to span 300–900 ms) increas-
ing with task complexity (8). Further, P300 latency has
been found to change with stimulus parameters, such as
masking, that are known to affect encoding and central
processing, but not for stimulus-response processing, such
as stimulus-response compatibility (28).

Mid-latency-evoked responses have also been used for
fatigue evaluation. Haider, Spong, and Lindsley first re-
ported that shifts in the N100 visual and auditory ERP
during discrimination tasks reflected both states, such as
fatigue, arousal, and vigilance, as well as discrimination
task performance. Increased difficulty of the reasoning
task has been correlated with changes on the P100 and the
P250 component of the ERP (28).

3.5. Hormonal Levels

The stress system is designed for survival of the individual
when faced with danger, inducing states of arousal, alert-
ness, vigilance, and cognition; and shutting down vegeta-
tive body functions, such as eating and sleeping, as well as
the neuroendocrine programs involved in growth and re-
production. The neuroendocrine system that takes part in
the body’s reaction to stress involves the CNS, endocrine
glands, and a number of hormones and other mediators
(including cytokines) that act in a variety of feedback loops
and regulatory pathways (designed to stop the system
when the danger is no longer present). It is important to
recognize that the stress, immune, and sleep systems are
linked to one another by several common and multifunc-
tional mediators. Several studies have analyzed stress
system dysregulation/disorders associated with changes
in arousal, mood, and energy levels (32). However, a
dearth of studies exist that have examined the neuroen-
docrine response sufficiently to assess stress and fatigue.
Hormonal levels (measured from urine samples, blood, or
saliva) reflect integrated effects of stress and workload

over time, although relating these levels to specific events
is difficult and limits application to the study of long-term
effects of stress (33).

Among all of the studied substances, the catechola-
mines Adrenaline (A) and Noradrenaline (NA) result in
particular interest, as these hormones are considered to be
nonspecific indicators of arousal. Levels of both chemicals
have been shown to correlate well with an individual’s
state of arousal and with the efficiency with which boring,
monotonous tasks are performed. With respect to sensi-
tivity, evidence exists that separation of mental and phys-
ical effort is possible because of the fact that adrenaline is
generally more sensitive to mental arousal whereas nor-
adrenaline is a more sensitive indicator of physical exer-
tion, although recent works report increases in NA
excretion with emotional stress. Increased NA and A lev-
els occur in cases of effortful coping. Finally, the NA/A
concentrations ratio has been said to be capable of dis-
cerning between high physical activities (associated to
high ratios, e.g., greater than five) and mental effort (as-
sociated to low ratio values between two and three) (8).

Numerous studies have shown that the endocrine sys-
tem of the corticosteroids is a sensitive marker of work-
load and stress. Cortisol (or hydrocortisone), a steroid
produced by the cortical adrenal gland that is a well-
known regulator of many biological functions and pro-
cesses, has been considered for the objective measurement
of stress and workload, because cortisol level is known to
be controlled by a circadian factor (time of the day) and
stress. Cortisol is regulated by the corticotropin-releasing
hormone (CRH), a neurohormone produced in the hypo-
thalamus region of the brain, that takes part of the portion
of the body’s stress system called hypothalamic pituitary
adrenal axis (HPA). Low levels of CRH and HPA axis ac-
tivity tend to result in hypoarousal, lethargy, decreased
plasma volume, and inflammatory symptoms. In addition
to its role in stress, CRH is a modulator of wakefulness
regulated by the interleukin-1 (IL-1) cytokine in a contin-
uously balanced process: When CRH is increased (and the
IL-1 is decreased), wakefulness increases, and if CRH (and
the IL-1) is increased, wakefulness decreases to the sleep
onset (32).

During a normal sleep-wake rhythm, cortisol levels in
the body fluctuate throughout the day, with levels being
highest in the morning and, in absence of any stress fac-
tors, lowest in the evening. However, the cortisol level
tends to increase, even during the daytime period, when a
stress factor appears. As the stress may be caused by an
increase of the workload level or unexpected events de-
manding a rapid response, individual differences in the
level of cortisol have been associated with individual dif-
ferences in the level of performance and fatigue.

The majority of cortisol in plasma is bound with high
affinity to a very large protein called corticosteroid-bind-
ing globulin; therefore, investigators have turned to other
sources such as saliva and urine, where the majority of the
cortisol exists in a free, unbound and biologically active
state. The attractiveness of this indicator is obvious as the
collection of saliva is rapid to achieve and not intrusive,
which makes it useful for fatigue studies in comparison
with the baseline values along different times of the task.
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The main drawback of this technique relies on the fact
that it has been demonstrated that the cortisol secretion
rate changes with age, dietary intake, and metabolic im-
balances (32). Today, cortisol levels must be determined in
the laboratory either chromatographically or by some
form of immunoassay, although the first attempts for
real-time portable analyzers have been recently reported
(34).

3.6. Skin Activity

The fatigue-alerting mechanism regulated by both SNS
and ANS induces changes in the electric characteristics of
the skin because of the increased blood flow and eccrine
sweat glands activity. These effects are usually detected by
the measure of resistance and electrical activity of the
skin.

Electrodermal activity (EDA) reflects changes in the
electrical properties changes of the skin, such as skin re-
sistance or conduction, which are (nonlinearly) inversely
related. The tonic activity is the average level of EDA
usually expressed to as electrodermal level (EDL) or skin
conduction level (SCL). Long latency skin responses to
known external stimuli (also known as phasic activity) are
reflected by the electrodermal response (EDR), a measure
similar to the formerly common measure GSR (galvanic
skin resistance); expressed in terms of skin resistance re-
sponse (SRR) or as skin conduction response (SCR) (8). It
should be noted that these responses are fairly slow, being
observable in 1.3 seconds to 2.5 seconds after stimulation.
Skin responses to unknown stimuli have predominantly
been used as an indicator of arousal or emotion, and not as
a measure of workload. This spontaneous EDA appears to
be sensitive to general levels of arousal, whereas SCRs
seem to index the allocation of an undifferentiated form of
information processing resources. In EDA exosomatic
measurement, a limited current from an external source
is injected into the skin for obtaining the voltage drop
across the stimulating electrodes, which can be expressed
in terms of resistance through Ohm’s Law.

If no external source is applied, the measured is re-
ferred to as endosomatic measurement, but this is less
frequently used. EDA is usually measured on the palm of
the hand or on the sole of the foot where SNS-controlled
eccrine sweat glands are most numerous. All behavioral
changes (emotional as well as physical) that affect the
sympathetic nervous system can cause a change in EDA
offering a global sensitivity and low selectivity, as activity
of the sweat glands is sensitive to respiration, tempera-
ture, humidity, age, sex, time of day, season, arousal, and
emotions. On the other hand, physical movements alter-
ing the electrode placement (and thus the impedance) may
cause important artifacts, especially when electrodes are
placed over task-relevant muscles. EDA has been related
to the attention demanding and stressing factors present
within the task environment, increasing both SCL and
SCR.

A different domain of fatigue effects can be monitored
through the measurement of the difference in electrical
potential between the outermost layer of skin (stratum
corneum) and the layer immediately below it (stratum lu-

cidum). This measure, the skin potential level (SPL) has
been reported to be correlated with stages of arousal and
drowsiness, as demonstrated by decreased performance,
persistent eyelid closure longer than one second, and EEG
indicators of sleep taking place in the several minutes fol-
lowing an SPL shift (10). An example of this measure may
be found in the Cephalic skin potentials, large (most prom-
inently in the forehead, temples, neck, and mastoid re-
gions) and slow potentials that occur when the autonomic
nerves and sweat glands in the skin are activated by
arousal. Despite the dependence between SPL and alert-
ness, this technique presents a major drawback to the
considerable baseline value intra- and inter-subjects vari-
ability. In fact, within-subject variation in SPL shifts may
occur without being accompanied by drowsy behavior or
sleep onset and sans any performance decrement as SPL
is subject to changes in subjects’ mood, activity level, and
temperature (5).

3.7. Eye Functions

Eye movement is essential for the vision mechanism, not
just for the object’s location and tracking within the visual
field, but also to avoid the projection of steady images at
the retina that would disable image perception. The
spherical nature of the eye globe allows vertical- and hor-
izontal-gaze-orienting movements through three pair of
oppositely coupled muscles that are innervated by the
oculomotor kernel of the nervous system. Five different
kinds of eye movements have been identified (e.g., Sac-
cadic or brief rapid movement of the eye between fixation
points, slow eye movements used for object tracking, etc.),
each one of them controlled by a different neural system
linked to the eye muscles through that single nervous
channel common for all of them. The complex mechanism
of vision is completed with a set of auxiliary subsystems
that implement additional functions such as focus and iris
adjustment (e.g., pupil diameter controlled by the auto-
nomic nervous system), or the protection and lubrication
of the cornea (eye lids). These facts reflect dependency
with psychological and physiological estates of the subject,
which led to consideration of eye dynamics parameters
potentially useful for fatigue evaluation and measurement
(35).

Several eye activity parameters have been shown to be
sensitive to time on a task (which is linked indirectly to
the onset of drowsiness in monotonous task environ-
ments), low level of alertness, declined performance, and
fatigue in visually demanding tasks where these param-
eters have been reported to offer the best detection accu-
racy (36,37). A plethora of eye blinking, pupil response,
eye closure, or eye movement monitors have been devel-
oped to objectively assess fatigue, although most of these,
however, have only reached the stage of being tested in the
laboratory as a kind of ‘‘proof-of-concept’’ (36).

3.7.1. Eye Blink. Eye blink activity has been studied for
its utility to predict fatigue and sleepiness, as eye blinks
can be influenced by psychological and behavioral vari-
ables, and provide information about perceptual and cog-
nitive activity. Different aspects of eye blink amplitude,
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latency, and rate have been of interest in the assessment
of fatigue (38).

Eye blinking and eye closure duration increase with
fatigue (5,7). Evidence of cumulative time-on-task, drows-
iness, and decline in performance have been found to be
correlated with increased blink duration (37). Recently, a
few attempts have been carried out to quantify this effect
through the definition of different parameters such as the
average eye closure/opening speed (AECS) and the veloc-
ity of activity in the electrooculogram (VOCU) indices de-
scribed below. AECS measures the average eye closure/
opening speed [i.e., the amount of time needed to fully
close the eyes and to fully open the eyes by continuously
tracking the subject’s pupils for real-time determination of
eye closure as the area of the pupils that have been oc-
cluded by the eyelids (39)]. The VOCU index is defined as
the averaged velocity of activity in the electrooculogram. If
the velocity is greater than the given limit (given by the
5% quantile), the VOCU is incremented, decreasing in fa-
tigue states. Differences in the mean value of the VOCU
indices between alert and tired subjects performing visual
tasks have been reported to be more than 10–20% (5,36).

Eye blink rate contains valuable information about the
visual demands of tasks, being a meaningful reflector of
fatigue, sleep loss, and declined performance, although
selectivity of eye blinks to workload is low as other factors
such as the quality of the air affect blink measures (8,37).
Time-of-day and time-on-task have been found to be cor-
related to blink frequency derived from EOG data, al-
though this relationship appears to be less consistent than
with blink duration (40). Task effects have been found on
decreased blink rates under conditions of increased load
and reduced cognitive resources (41). As happened with
blink duration, a few indices have been defined for the
quantitative analysis of blink rate. The simplest one, the
NOF index, calculated as number of blinks per minute
(typical values are around 20 blinks/minute), presents a
major drawback because of the fact that it increases non-
specifically, probably interacting with other conditions
like workload (e.g., light conditions) (5). The ‘‘Blinko-
meter,’’ developed by IM Systems, Inc., is an ambulatory
blink-recording device capable of detecting drowsiness/
sleepiness through a piezoelectric film sensor placed at
the outer canthus of the eye. The drowsiness score (IM)
index used by this device increases from 0 (fully awake) to
5 (drowsiness) as a function of the distance in standard
deviations below the baseline mean blink rate, and is said
to detect decreased alertness periods within 20–30 sec
(38).

3.7.2. Eyelid Closure. Drowsiness onset on subjects per-
forming visually demanding tasks has been correlated to
decreased facial tone, slower eyelid movements, and
longer eyelid closures (2þ sec) accompanied by eye move-
ments that rolled upward and sideways (38). As the eye
aperture in the open position measures approximately
13 mm þ /� 1.5 mm and remains stable across multiple
subjects with relatively little between-subject variation,
eyelid closure was early on found to be ‘‘the cleanest and
most stable signal’’ of the onset of sleep and degraded task
performance, and therefore a valuable indicator of fatigue

(8). These findings led Skipper and Wierwille to define
drowsiness as ‘‘the point where persistent eyelid closure
occurs,’’ introducing the temporal context evidenced by the
findings regarding eye closure latency increases prior to
highly degraded performance episodes (40).

During visually demanding tasks, slow eyelid droop
has been shown to be the ‘‘most sensitive component of eye
activity for detecting drowsiness’’ and fatigue (36,37),
which has led to the definition of the current ‘‘gold stan-
dard’’ for fatigue evaluation during visually demanding
tasks, the PERCLOS index. PERCLOS, an acronym de-
rived from percentage of eyelid closure, measures the pro-
portion of time that the eyes of a subject are closed over a
1-minute period and can be considered as a physiological
indicator of drowsiness as well as an indicator of inter-
ruption in visual information gathering (38). Three indi-
cators derived after the PERCLOS index have been
defined to study drowsiness prediction capability: P70
and P80 as the proportion of time the eyes are judged to
be closed above 70% and the 80%, respectively; and the
EYEMEAS (EM) as the mean square percentage of the
eyelid closure rating. P80 was found to present high co-
herence with states of hypovigilance during performance
demands, being considered as the most reliable and valid
measure of alertness level in visually demanding tasks
and the best potential measure of fatigue drawn from the
ocular variables (36). Several devices have implemented
PERCLOS for online estimation of drowsiness using opti-
cal electronics (such as the MTI Research, Inc., Alertness
Monitor) (38) or cameras using infrared beams (39).

3.7.3. Pupil Constriction. As pupil constriction (or mio-
sis) occurs as a result of activity of PNS-innervated mus-
cles, whereas ANS- and SNS-innervated muscle groups
cause pupil dilation; it is said to be sensitive to changes in
cognitive workload (42). This relationship between mental
workload and pupil diameter is evident as increases in
perceptual, cognitive, and response-related processing de-
mands, as well as increased resource investment, are re-
flected in increases in pupil diameter; however, as most
arousal-related measures, it is not diagnostic, which limits
its application as an indicator of global workload (8,43).

Pupil diameter reduction has been observed during pe-
riods of declined performance and drowsiness (37). In or-
der to quantify these effects, the ratio of vertical to
horizontal pupil diameter (V/H) has been used, showing
clear time-of-day and time-on task influence effects, mak-
ing this parameter into a valuable indicator of degraded
alertness (40).

Pupil constriction latency has been correlated with de-
clined performance during conditions of sleep deprivation
and fatigue, which has been linked to the low-frequency
pupillary oscillations (or ‘‘hyppus’’) manifesting changes
occurring within the autonomic or CNS that take place
seconds before microsleeps, before pupil diameter de-
crease becomes evident (8,36). When considering the use
of these measures, it should be taken into account that the
largest changes in pupil diameter occur as a result of other
factors (e.g., a change in ambient illumination and the
near reflex).
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3.7.4. Eye Movements. Eye movements have been con-
sidered as valuable indicators of reduced attentional sta-
tus (associated to a decrease in the number of lateral
voluntary eye movements commonly used to monitor the
surrounding environment) and increasing fatigue (related
to reduced eye velocity and number of pursuit move-
ments). Drowsiness may be detected by a decrease of the
number of quick, seemingly random, eye movements as-
sociated with wakefulness as they are replaced by the slow
lateral eye movements that occur at sleep onset (8).

Decreases in saccadic (brief, rapid movement of the eye
between fixation points) velocity have been found to be
related with declined performance, sleep onset, and ex-
tended time-on-task. EOG studies have found that sac-
cade frequencies decline as time-on-task increases,
whereas saccadic extent significantly decreases as a re-
sult of mental workload (36,37,44).

3.7.5. Eye Fixations. Humans must adapt their strategy
to cope with the increase of task demand by increasing
selective attention to relevant visual stimuli to optimize
the information, taking in a more ‘‘economic’’ visual-
search strategy that may be evaluated by means of visual
field analysis (8,41,45). Visual scanning is influenced by
the task difficulty, as a more demanding task environment
requires an increase in the time spent looking at task-
performance-relevant objects. As the workload and time
demands increase, visual scanning is more structured,
adopting a less random visual scanning strategy by in-
creasing the fixation duration (or ‘‘dwell time’’) instead of
the fixation number, which is less efficient in improving
performance.

The orientation of the line of sight (or gaze) have the
potential to indicate physical and mental conditions, as
line of sight that is normally aimed toward the front con-
centrates on one direction when visual awareness cannot
cover a wide enough area during drowsiness (35). This re-
source-saving strategy is more evident from functional
field of view analysis through the study of the area around
the central fixation point from which information is ac-
tively processed during performance of a visual task.

Fixation chronology methods based on the analysis of
fixation sequences may indicate either the fixation points
routes (which gives spatial information) or the fixation
points succession in a specified area of the visual field
(which provides temporal information.). The statistical
analysis of gaze in a specific area allows a hierarchical
organization of the various areas in terms of information
search, and thus, a view of the resources allocated within
the visual strategy adopted. Once these areas are defined,
transition probability from one area to another can be
modeled and a factor analysis can be performed to isolate
statistically different sectors for the evaluation of the chro-
nology of fixation and the quantity of fixations. Weighted
search area (WSA) integrates fixation frequency and du-
ration by expressing visual fixation directions as unitary
vectors scaled to the respective fixation time in order to
describe concentrations of visual strategies and poten-
tially quantify the amount of visual load (41).

3.8. Speech

Although researchers have not yet identified consistently
quantifiable factors, several aspects of speech production
have been shown to be related to physiological and task-
induced fatigue and stress (46). Voiced speech, or phona-
tion, is produced by the oscillation of the fleshy mem-
branes inside the larynx, which are known as the vocal
folds. The oscillation is set up by forcing the vocal folds
closed, which causes pressure to buildup below the folds,
gradually forcing them to open again, allowing the air to
flow from the subglottal region into the mouth.

The rapid airflow creates a Bernouilli force, which, cou-
pled with the muscular action of the vocal muscles, snaps
the vocal folds closed producing a clapping sound. This
clapping has a harmonic spectrum, with the energy con-
tained mainly at the lower frequencies, the distribution of
which is then altered by the position of the tongue, the
vellum, and the lips, which are collectively know as the
vocal tract. If the vocal tract contains no constrictions,
then vowels are produced, as constrictions create turbu-
lence giving rise to voiced fricatives, and a complete con-
striction is used to produce a plosive by the sudden release
of the pressure that builds up behind the constriction.
Unvoiced sounds are created by holding the vocal folds
open so that no oscillations occur and then creating con-
strictions somewhere within the vocal tract (47).

Acoustical analyses examine the frequency spectrum
and temporal amplitude of identical words or parts of
words spoken by the same person at different times to de-
termine whether changes are present (46). This analysis
technique (also known as formant analysis) treats the vo-
cal tract as a set of bandpass filters centered on the for-
mant frequencies, which separates the vocal folds and the
vocal tract into a source and a filter, which are indepen-
dent of each other. The source, representing the vocal folds
impulse, is modeled by a repeated impulse, which may be
filtered to produce a nonflat spectral distribution by a
number of bandpass filters centered on the formant fre-
quencies that model the vocal tract. However, the assump-
tion of this linear model structure has been discussed, as
most of the evidences point toward a nonlinear construc-
tion of the speech data.

The rate of vibration of the vocal folds directly deter-
mines the lowest frequency of the sound that is produced
when excited by the airflow through the glottis (also
known as fundamental frequency), which is an important
indicator of laryngeal function. In fact, any abnormality of
the larynx will be evident in the glottal waveform and re-
flects on the audible quality of speech.

Moreover, the pathological voices are strongly cor-
rupted with random variations of their features. These
changes might serve as markers or indicators of incom-
plete closure of the vocal folds, with corresponding turbu-
lence in airflow, fatigue in keeping an utterance, stress or
physiological change as asymmetries in the vocal fold
caused by pathology and surgery (46). As such, voices
are corrupted by ‘‘noise,’’ robust fundamental frequency
estimation methods are required in order to track its vari-
ations (48).
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Monotonous speech probably reflects reduced emphasis
(voice level variation) or inflection (fundamental fre-
quency variation) to highlight important words and
thoughts. Generally, a frequency shift to the right (pitch
gets higher) is indicative of emotional stress and a shift to
the left (pitch gets deeper) indicates stress-reduction (46).
Although it is generally accepted that fundamental fre-
quency (F0) is affected by physiological and psychological
stress, conflicting evidence exists as to which specific prop-
erties of F0 are involved.

Clinicians have long noted alterations in paralinguistic
aspects of the speech as changes in fluency and prosody as
well as more subtle changes in speech pragmatics (49). As
an example, depressed patients often show slow, hesitat-
ing, stuttering, blocked speech that may be demonstrated
with automatic speech tasks in situations that involve
motor aspects of speech but lack the cognitive demands of
free speech, such as word finding and discourse planning.
Alpert et al. concluded that the acoustic measures (fun-
damental frequency, voice level, and duration of each syl-
lable) of the patient’s speech might provide objective
procedures to aid in the evaluation of depression (50). In
this way, it has been reported that alertness can be as-
sessed through chronemics analysis of speech, as fatigued
subjects tend to exhibit longer pauses between phonemes.

Two paralinguistic aspects of the speech appear to vary
systematically with workload: speaking rate and hesita-
tion. For example, it has been reported that people under
emotional stress or increased task complexity tend to talk
faster (46). Speaking rate (syllables/second) might covary
with workload in either of two directions: On the one
hand, supposing that an increase in workload requires an
increase in the information interchange in a fixed amount
of time, speaking rate would be increased in order to con-
dense more data per time unit. On the other hand, it is
possible that if workload increases as a result of task dif-
ficulty, then speaking rate will decrease to save as much
resources as possible for task execution.

Hesitation, characterized as a brief discontinuity of
phonation, is associated with complexity of general plan-
ning, increasing with task difficulty and with the quality
of a cognitive solution to a given task. This fact may be
demonstrated by the increased frequency and duration of
the pauses introduced in speech by a person making rea-
soned responses in an automatic, nonengaged manner
that reflects the ‘‘thinking time.’’ Therefore, if an increase
in workload results in an increase in cognitive load or
thinking time, hesitation, as reflected by pause frequency
or pause duration, may increase.

Recent suggestions that speech production may be a
nonlinear process have sparked great interest in the area
of nonlinear dynamic analysis of speech, with a number of
studies being conducted to investigate the existence of the
low-dimensional chaotic attractors of speech (51–53). The
4-D strange attractor of the human voice changes over
time, and the associated Liapunov exponents are thought
to indicate the mental and physical condition of a subject
(54). It has been observed in experiments that the first
Liapunov exponent calculated from the human voice’s
strange attractor increase before subjects start to feel fa-
tigued or drowsy (55).

3.9. Facial Expressions

The no volitional, spontaneous activity of the facial mus-
culature has been found to be regulated by somatic and
limbic mechanisms, and so sensible to fatigue. The tonic
activity of the corrugator supercilii, lateral frontalis, and
the orbicularis oris inferior muscles has been found to re-
flect mental effort and allocation of general, nonspecific
resources. Stress, considered as the situation of subopti-
mal performance, nonreversible by the mobilization of ad-
ditional resources, has been found to be reflected by the
activity of the orbicularis oculi and zygomaticus major. As
visual emotional stimuli can seriously affect the activity of
the corrugator, the zygomaticus, and the orbicularis oculi,
the frontalis is often used for mental-effort evaluation, be-
cause its sensibility to emotion is reduced. As the assess-
ment of mental effort by facial muscle activity is a
relatively recent development, few results are available
in the scientific literature. Despite this fact, it has been
reported that facial EMG taps a different dimension than
HRV, which provides promising measures in the field of
mental workload measurement (8).

4. DESIGN CONSIDERATIONS FOR FATIGUE STUDIES

At this point of the review, certain remarks should be
made in order to clarify the most important issues related
to the design of a fatigue study. A good starting point can
be found at the ANSI/AIAA Guide to Human Performance
Measurements (56), which provides a useful set of consid-
erations to be taken at the planning stage of experimental
studies. First, the selected measures should reflect the fa-
tigue effects of interest with sufficient detail to permit a
meaningful analysis (i.e., appropriate level of detail). An-
other important characteristic that should be taken into
account is the repeatability of a measure under identical
circumstances (i.e., reliability), which is limited by inter-
and intra-individual variability (14).

Once these first issues are studied in-depth, validity
should be analyzed in order to verify that the selected
measures are appropriate to use for the intended purpose.
This point may be the most difficult to test as validity is
comprised of five different aspects: face validity relating
the measured effect of fatigue with the task under execu-
tion; concurrent validity, which measures the correlation
among different fatigue indicators; content validity, which
is related to the extent of the measured effects in relation
to the extent of the fatiguing process; construct validity,
which correlates the selected indicators with a construct,
theory, or model; and the predictive validity, perhaps the
most important characteristic of behavioral measures (yet
it often is the most neglected and difficult to obtain), which
reflects the relationship between laboratory and real-life
settings.

After the measurement set chosen is checked for valid-
ity and reliability, sensitivity of the different methods se-
lected should be studied in order to see if they are able to
react sufficiently well to changes in the fatigued state. Di-
agnosticity, as the characteristic of an indicator to provide
information that will tend to isolate the cause of fatigue,
should be analyzed in case it was required for the final
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goals of the study. Implementation requirements, such as
ease of data collection, robustness of the measurement in-
struments, and overall data quality control, should be
taken into account prior to the design of the final exper-
imental setting. At this point, the intrusiveness of the dif-
ferent measurement methods should be kept at a
minimum, as almost all measures are intrusive to some
extent, but their contaminating effect on the fatigued state
is variable. Other important factors, such as flexibility
(i.e., the ability to make changes in measures as situations
demand) and transferability (i.e., the capability of a tech-
nique to be used in various applications), should be ana-
lyzed at this stage in order to avoid improvization in the
presence of experimental conditions not considered ini-
tially.

Table 2 includes a simple, yet practical, classification of
the different indicators previously described in order to
ease the selection of the initial data corpus for fatigue
studies.

5. FINAL WORDS

Most of the publications reviewed for this work have been
extracted from scientific works related to fatigue research
in transport operations. This circumstance has not been
casual because most of the available material is related to
this field because of the early efforts of the U.S. DoD on
human factors engineering applied to aviation that
started at the closing days of World War II (although a
considerable number of references prior to this date exist,
such as the works of Grahame-White, which date from
1912) (57). With the spread of long-haul air operations,
other government agencies (such as the FAA) initiated
their own research programs, specially focused on the fa-
tigue effects on civil aviation safety (1). These research
lines, continued by different scientific programs (e.g., Fa-
tigue Countermeasures Program) carried out by the Na-
tional Aeronautics and Space Administration (58),
provided the scientific background required for the study
of fatigue effects on maritime, train, and truck transport
operations by other agencies such as the U.S. Department
of Transportation (DoT) and the Transportation Safety
Board of Canada, among others.

In this same line, driver fatigue has been extensively
studied in recent years because of the number of fatalities
produced by drowsy drivers, which have led most of the
vehicle manufacturers (such as Bosch, Daimler-Chrysler,
Honda, Nissan, Mitsubishi, Toyota, and Volvo) to support
different research projects on fatigue monitoring for the
development of intelligent transportation systems. Boivin
gives a complete review on fatigue in transport operations
(59), which may be completed by the work of Hartley et al.
about driver fatigue monitoring technologies (36), in the
same line as the dissertations from De Waard (8) and Belz
(10).

At this point of the review, readers should not get con-
fused, as most of the research results obtained after these
works have been successfully applied for fatigue evalua-
tion in fields other than transportation. In fact, the sub-
jective rating scales designed for aviation studies are very

similar to those currently used in clinical practice, where
research has become mandatory because of the effects of
different diseases and alterations, such as the chronic fa-
tigue syndrome (CFS), a debilitating and complex disorder
characterized by profound fatigue that is not improved by
bed rest and that may be worsened by physical or mental
activity (60). Moreover, as many illnesses (multiple scle-
rosis, etc.) and treatments (chemotherapy, radiotherapy,
etc.) have incapacitating fatigue as a symptom, a growing
interest exists for the development of diagnostic tools spe-
cially conceived for this purpose.

Further information about the measurement tech-
niques and procedures involved in fatigue monitoring
may be found in other articles of this encyclopedia. Read-
ers interested in heart and respiration fatigue indicators
should review the work of Roscoe (12) and Wilson (7).
Muscular fatigue has been just slightly overviewed in this
work, but extensively treated by authors such as Mertletti
(19), Molinari et al. (21), and Kiryu et al. (9), among oth-
ers, since the initial observations of Basmajian and De
Luca (61). Electroencephalographic correlates of drowsi-
ness measures are covered by the works of Makeig et al.
(29), whereas, event-related potentials may be reviewed in
the work of Prinzel et al. (28). Oculomotor fatigue metrics
are deeply discussed in the works of Dinges et al. (38) and
Sirevag et al. (62). As fatigue indicators based on speech
analysis have been recently developed, a few works, such
as the ones from Prinzo et al. (46) and Shiomi (54,55), are
available. Subjective measures of fatigue, workload (such
as the NASA TLX scale, modified Cooper–Harper rating
scale, etc.), and performance indicators (such as primary
and secondary task measures) are extensively discussed
by Rehmann (14).
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Fiber optic sensors have become indispensable tools for
biomedical study because of their unique features such as
(1) high sensitivity, (2) small footprint and endoscopic
compatibility, (3) multiple agent distributive sensing ca-
pability, and (4) immunity from electromagnetic interfer-
ence. In this chapter, we will provide a brief overview on
the basic principle of fiber optic sensors, types of fiber optic
sensors, and their applications to biomedical sensing. As a
result of the page limitation, important work in this area
may not be included in this chapter. Readers may find
those contents in the listed reference material.

1. BASIC PROPERTIES OF LIGHT AND SENSING
MECHANISMS

A light field is a high-frequency electromagnetic field. In
general, a complex monochromatic light field, E

*

ðr; tÞ, can
be written as

E
*

ðr; tÞ¼ A
*

ðr
*
; tÞei½otþfðr

*
;tÞ�; ð1Þ

where A
*

ðr
*
; tÞ is the amplitude of the complex light field, o

is the angular frequency of the monochromatic light field,
and fðr

*
; tÞ is the phase of the complex field. Note that a

non-monochromatic, broad-band light source can be de-
composed as the superposition of multiple different-fre-
quency monochromatic light fields based on Fourier
analysis (1). Thus, Equation 1 can be viewed as a general
mathematical description of a light field. This equation
also shows us the key parameters of a light field, includ-
ing:

* The polarization – direction of the electric field.
* The amplitude (i.e., jA

*

ðr
*
; tÞj) or intensity (i.e.,

I
*

ðr
*
; tÞ¼ jA

*

ðr
*
; tÞj2) of the light field.

* The frequency (i.e., f ¼o=2p) or wavelength of the
light field (i.e., l¼ c=f ).

* The phase fðr
*
; tÞ.

All these parameters may be subjected to the changes
caused by the external perturbations. Thus, by detecting
the variations of these parameters, external perturbations
can be measured or sensed. All the optical sensing mech-
anisms are based on the changes of these parameters (2,3).
Different types of sensors are based on the variations of
different parameters, as to be described in the next sec-
tion.

2. LIGHT PROPAGATION IN OPTICAL FIBERS

An optical fiber is a transparent thin fiber for transmitting
light, which is composed of a higher refractive index core
layer and a lower refractive cladding layer. The light
transmitted through the fiber is confined in the core re-
gion because of the total internal reflection between the
core and cladding interface, as shown in Fig. 1. When the
core refractive index, nco, is higher than that of cladding,
ncl, there is a distinct angle for which no light is refracted.
Light is completely reflected back into the core region (to-
tal internal reflection).

Mathematically, the distinct angle, y, is expressed as (4)

y¼ arcsinðncl=ncoÞ; ð2Þ

which is determined by the incident angle, which is the
angle between the incident light and optical fiber axis. The
largest acceptance angle corresponds to the above distinct
angle. The numerical aperture (NA) of a fiber is usually
used to describe this maximum angle, as given by

NA¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

n2
co � n2

cl

q

: ð3Þ

Light beams with incident angles less than the largest
acceptance angle will be transmitted by the fiber, whereas
the light beams with incident angles larger than the larg-
est acceptance angle will have leaky modes (refracted out
to the cladding region).

One should note that, for total internal reflection, a
portion of the light energy penetrates to the cladding re-
gion (evanescence field). Typically, the penetration depth
is five times the respective wavelength. Mathematically,
the penetration depth, Dz, can be estimated by the follow-
ing equation (4).

Dz¼
lnco

2p
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

NA2 � n2
co cos

2ðyÞ
p : ð4Þ

This evanescence field is important for fiber optic sensor
applications. In fact, one type of fiber optic sensor is based
on detecting the variation of this evanescence field as a
function of external perturbation.

Another important concept of light transmission in an
optical fiber is the light guide mode. As shown in Fig. 1, a
typical model for light transmission in the fiber core is a
zigzag pattern. Every zigzag configuration has a desig-

Core nco
Light

Ambient
no

θ

Cladding ncl

Figure 1. An illustration of light propagation in optical fiber via
total internal reflection.
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nated angle, y, which is called ‘‘a mode.’’ For the existence
of such modes, electromagnetic wave theory requires
waves to interfere constructively with each other, which
requires that the phase difference between adjacent re-
flections must be a multiple of 2p. The number of modes in
a fiber is related to the core radius and the NA of the fiber.
The V-parameter (i.e., the normalized frequency of a fiber)
is used to determine the number of modes in a fiber, as
given by

V ¼
2pa
l

NA; ð5Þ

where l denotes the light wavelength and a is the radius of
the fiber. When Vo2:4, only one mode will be propagated
in the fiber. This type of fiber is called single-mode fiber.
When V > 2:4, multiple modes can propagate in the fiber,
which corresponds to the multimode fiber case. The num-
ber of modes for the multimode fiber can be estimated by
the following equation (4):

M¼
V2

2
: ð6Þ

Note that a typical multimode fiber contains hundreds of
modes. Both single- and multi-mode fibers have been used
for fiber optic sensors. In general, a single-mode fiber can
offer a higher signal-to-noise ratio, whereas a multimode
fiber can provide a better light-coupling efficiency.

As mentioned before, light can be confined in the core
region by the total internal reflection. However, confined
light beams can leak out when fibers are bent as a result of
two loss mechanisms. First, in multimode fibers, the num-
ber of propagating modes is reduced as a function of bend
radius. Second, bent fibers have an electromagnetic radi-
ation loss because of the differences in propagation (wave
front) velocity. As this leaked portion of the incoming light
beam is sensitive to the bending conditions (such as bend-
ing radius), this macrobending effect has also been used
for fiber optic sensors. For instance, it can be used to mea-
sure the transversal strain applied on the fibers.

3. TYPES OF FIBER OPTIC SENSORS

As mentioned, the key parameters of a light field include
amplitude (intensity), polarization, frequency, and phase.
Thus, we categorize types of fiber sensors based on their
sensing parameters. For example, if the sensing parame-
ter is based on a change in light-field intensity, this type of
sensor will belong to the category of intensity-based fiber
optic sensors.

3.1. Intensity-Based Fiber Optic Sensors

Many transduction mechanisms exist that can result in a
change in light intensity when light passes through an
optical fiber, so intensity-based fiber optic sensors can be
used. These mechanisms may include:

* Macrobending loss

* Breakage
* Fiber-to-fiber coupling
* Modified cladding
* Reflectance
* Absorption
* Attenuation
* Molecular scattering
* Evanescent field coupling

For the purpose of illustration, several kinds of widely
used intensity-type fiber optic sensors are briefly summa-
rized here.

3.1.1. Macrobending. When a fiber is bent, there may
be losses caused by this bending. This localized bending is
called macrobending. The output light intensity is propor-
tional to the amount of macrobending. Therefore, by de-
tecting the variations in output light intensity, the amount
of macrobending can be measured. For instance, macro-
bending can be used for displacement measurement.

3.1.2. Reflection. Assume that light travels along the
fiber from left to right, leaves the fiber end, and incidents
on a movable reflector. If the reflector moves closer to the
fiber, more light can be reflected back into the fiber so that
a higher light-intensity signal can be detected. However,
when the reflector moves farther away from the exit end of
the fiber, less light will be coupled back into the fiber, so a
weaker signal is detected. Therefore, the monotonic rela-
tionship between fiber-reflector distance, D, and returned
light intensity can be used to measure displacement dis-
tance. To avoid the influence of the intensity fluctuation of
the light source, a reference signal is usually added in this
type of intensity-based fiber optic sensor.

3.1.3. Evanescence Wave. As described in the prior sec-
tion, when light propagates along an optical fiber, it is not
totally confined to the core region but extends into the
surrounding cladding region. The lightwave portion in the
surrounding cladding region is called the evanescent
wave. As a result of the existence of this evanescent
wave, the light field propagated in the core region can be
influenced by the properties of the cladding region, which
makes it possible implement fiber optic sensors. This type
of sensing mechanism is particularly suitable for the bio-
medical sensing application, which will be described in
detail in the next section.

3.2. Polarization-Based Fiber Optic Sensors

As discussed earlier, the light field is a vector, and the di-
rection of the electric field is defined as the polarization
state of a light field. Different types of polarization states
of a light field exist, including linear, elliptical, and circu-
lar. For the linear polarization state, the direction of the
electric field always keeps in the same line during the
light propagation. For the elliptical polarization state, the
direction of the electric field changes during the light
propagation. The end of the electric field vector forms an
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elliptical shape, which is why this type of polarization is
called elliptical polarized light.

When light propagates in an optical fiber, its polariza-
tion state can be varied by the optical property of the fiber.
It is well known that optical fiber is usually made of glass.
To make the fiber sensitive to the polarization direction of
the incoming light, the polarization maintaining (PM) fi-
ber is developed (4), which has an anisotropic refractive
index distribution in the cross section. Thus, the refractive
index of one axis will be higher than that of the other axis
so that it has a birefringence effect.

The polarization-based fiber optic sensor is usually
composed of a polarizer, a PM fiber, and an analyzer.
The light beam becomes a polarized light after passing
through the polarizer. The polarized light is then launched
at 451 to the preferred axis of a PM fiber. Under the ex-
ternal perturbation, such as stress or strain, the phase
difference between two polarization states is changed so
that the output polarization state is changed according to
the amount of the perturbations. Therefore, by analyzing
the output polarization state with an analyzer at the exit
end of the fiber, the external perturbation can be sensed.
One of the major advantages of polarization-based fiber
optic sensors is the capability of optical common mode re-
jection, which is important for the practical application.
For instance, when a polarization-based fiber optic sensor
is used for strain or stress measurement, the ambient
temperature is an unwanted environmental factor. Fortu-
nately, ambient-temperature-induced refractive changes
in the two polarization direction are almost the same. Al-
most no induced phase difference exists between two po-
larization states. Thus, environmental temperature
fluctuation will not substantially deteriorate the perfor-
mance of this type of sensor.

3.3. Phase-Based Fiber Optic Sensors

As described by Equation 1, the phase of a light field,
fðr

*
; tÞ, can also be changed by external perturbations so

that the fiber optic sensor can also be built based on the
phase variations of a light field. The relationship between
the phase change and the optical path variation can be
written as

fðr
*
; tÞ ¼

2p
l
D½nLðr

*
; tÞ�; ð7Þ

where D½nLðr
*
; tÞ� represents the optical path change. As

the optical wavelength is very small, in the order of mi-
cron, a small change in the optical path can result in a
large fluctuation in the phase. Thus, the phase-based fiber
optic sensor is more sensitive than that of intensity or po-
larization-based fiber optic sensors. Note that because the
optical detector cannot detect the optical phase directly,
some types of interferometric techniques are harnessed to
implement phase-type fiber optic sensors, such as the
Mach–Zehnder interferometer, the Michelson interferom-
eter, and the Fabry–Perot interferometer.

For the Mach–Zehnder interferometer, the output light
intensity as a function of optical path difference can be

written as (5)

I¼ Io cos
2 2p

l
ðnsLs � nrLrÞ

� �

; ð8Þ

where Io represents a constant light intensity; Ls and Lr

denote the sensing and reference arm fiber lengths, re-
spectively; and ns and nr are the sensing and reference
arm refractive indices, respectively. Both ns and Ls can
vary as a functional external perturbations, such as the
existence of a particular chemical and biological agents.
Thus, by detecting the change in the output light inten-
sity, I, external perturbations can be sensed by the Mach–
Zehnder interferometer. To minimize the influence from
the slowly changing environmental factors such as tem-
perature and to enhance the performance of the fiber sen-
sor, in many cases, the length of the reference arm is
periodically modulated, which, for example, can be real-
ized by winding the reference arm fiber on a piezoeletric
transducer (PZT) drum (6). A sinusoidal electric signal is
added on the PZT drum so that the diameter of the drum is
periodically modulated by the sinusoidal electric signal,
which, in turn, results in a periodic change in the refer-
ence arm fiber length.

Another popular phase-type fiber optic sensor is based
on a Fabry–Perot interferometer. The Fabry–Perot inter-
ferometer is a multiple-beam interferometer. In this type
of interferometer, because of the high reflectivity of the
mirrors, the light bounces back and forth in the cavity
many times, which increases the phase delay many times.
The transmitted output light intensity of a Fabry–Perot
interferometer is given by

IðfÞ¼
A2T2

ð1� RÞ2
�

1

1þ 4R
ð1�RÞ2

sin2 f
; ð9Þ

where T and R are the transmission and reflection coeffi-
cients of the mirrors, A is the amplitude of the input, and f
is the total phase delay for a single transmission through
the cavity (i.e., 2pnL=l). As a result of the multiple time
reflections, the output intensity of a Fabry–Perot interfer-
ometer, IðfÞ, is very sensitive to the change of phase delay,
f. Thus, very sensitive fiber optic sensors can be achieved
with fiber optic Fabry–Perot etalon. However, a fiber
Fabry–Perot interferometer also suffers some limitations,
such as (1) sensitivity to the source coherence length and
frequency jitter and (2) having a complex shape of the
transduction function IðfÞ.

3.4. Frequency-Based Fiber Optic Sensor

Again, as given by Equation 1, a light field is also a func-
tion of frequency (or wavelength). The emitted light fre-
quency or wavelength may also be influenced by some
types of perturbations, which results in the development
of a frequency-based fiber optic sensor. In other words, the
frequency-based fiber optic sensor detects the changes in
frequency via up or down conversion or the changes in the
frequency composition (some frequency gets absorbed,
some does not). One example of a frequency-based fiber

FIBER OPTIC SENSORS 3



optic sensor is a fluorescent light-based temperature sen-
sor (7). The fluorescent material is coated at the sensing
head of the fiber sensor. As the fluorescent lifetime of this
material is temperature dependent, the changing of decay
time with temperature can be used to sense the temper-
ature. This type of sensor is also very useful for chemical
or biological sensing. The existence of targeted chemical/
biological agents may change the spectral distribution of
the fluorescent material. By detecting the variation of this
spectral distribution, the concentration of chemical/bio-
logical agents can be measured.

4. MULTIPLE PARAMETER DISTRIBUTED SENSING WITH
FIBER OPTIC SENSORS

One of the most important features of the fiber optic sen-
sors is their capability to sense multiple parameters or
multiple points with only a single fiber, which offers the
advantages of lighter weight, smaller footprint, and lower
cost.

There are basically two types of multiple parameter
distributed sensors: (1) intrinsic multiple parameter dis-
tributed fiber optic sensor and (2) quasi-distributed fiber
optic sensor. We will briefly review both approaches in this
section.

4.1. Intrinsic Distributed Fiber Optic Sensor

Intrinsic distributed fiber optic sensors are particularly
effective for use in applications where monitoring of a sin-
gle measurand is required at a large number of points or
continuously over the long path of the fiber. These appli-
cations may include stress monitoring of large structures
such as buildings, bridges, dams, storage tanks, etc.

The most popular intrinsic distributed fiber optic sen-
sor is the Rayleigh scattering-based optical time-domain
reflectrometry (OTDR). When light is launched into an
optical fiber, loss occurs because of Rayleigh scattering
that occurs as a result of random microscopic (less than
wavelength) variations in the index of refractive of the fi-
ber. A fraction of the light that is scattered in a counter
propagation direction (i.e., 1801 relative to the incident
direction) is recaptured by the fiber aperture and returned
toward the source. When a narrow optical pulse is
launched in the fiber, by monitoring the variation of the
Rayleigh backscattered signal intensity, the spatial vari-
ation in the fiber-scattering coefficient, or attenuation, can
be determined. As the scattering coefficient of a particular
location reflects the local fiber status, by analyzing the
reflection coefficient at that particular location, the local-
ized external perturbation of fiber status can be sensed.

However, this type of sensor usually has a very low sen-
sitivity, and it is seldom used for chemical/biological sens-
ing. Thus, we will not go through details for this intrinsic
distributed fiber optic sensor in this Encyclopedia.

4.2. Quasi-Distributed Fiber Optic Sensor Based on In-Fiber
Gratings

Another type of distributed, multiple-parameter fiber op-
tic sensing technology is the quasi-distributed fiber optic
sensing approach. In this technique, the measurand is not
monitored continuously along the fiber path, but at a finite
number of locations, which is usually accomplished either
by sensitizing the fiber locally to a particular field of in-
terest or by using extrinsic-type (bulk) sensing elements.
With the quasi-distributed fiber optic sensing technique,
multiple parameters (or meaurands) can be sensed simul-
taneously by a single fiber. Although quasi-distributed fi-
ber optic sensors may be implemented with a variety of
principles, such as Fresnel reflection and cascaded inter-
ferometer, a fiber-grating-based quasi-distributed fiber op-
tic sensor is the most popular approach, which offers the
following merits: (1) high sensitivity, (2) high multiplexing
and selecting capability, and (3) cost effectiveness. In
terms of biomedical applications, this type of sensor can
be used to sense multiple chemical/biological agents si-
multaneously.

4.2.1. Background on In-Fiber Gratings. There are basi-
cally two types of in-fiber gratings. One type is fiber Bragg
grating (FBG) that couples forward and backward propa-
gation modes (8), as shown in Fig. 2a. The grating equa-
tion for Bragg grating is

2neff
co L¼ lr; ð10Þ

where neff
co , L, and lr are effective refractive index of fiber

core, grating period, and resonant wavelength, respec-
tively. Based on Equation 10, it can be seen that the grat-
ing period is smaller than wavelength, which is usually
less than 1mm.

Another type of grating is long-period grating (LPG),
which couples core and cladding modes (9,10), as shown in
Fig. 2b. The grating equation for LPG is

lr¼ ðneff
co � neff

cl Þ � L; ð11Þ

where lr, neff
co , n

eff
cl , and L are resonant wavelength, ef-

fective refractive indices of core and cladding, and grating
period, respectively. As the refractive indices of core and
cladding are very close (1% difference in common), the

 (a) (b)

Fiber

FBG Forward mode 

Backward mode 
Fiber claddingLPG Core mode 

Cladding 

Figure 2. (a) An illustration of in-fiber Bragg
grating. (b) An illustration of in-fiber long-period
grating.
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grating period, L, of LPG is usually much larger than the
resonant wavelength, lr, which can be in the order of hun-
dreds of microns, which is why this type of grating is usu-
ally called long-period grating.

As it can be more sensitive to external perturbations
and easier for fabrication, LPG is very suitable for high
sensitivity fiber optic sensing applications.

4.2.2. Quasi-Distributed Fiber Optic Sensing with Fiber
Optic Gratings. The major motivation of applying fiber
gratings to fiber sensors is the capability of integrating a
large number of fiber gratings in a single fiber so that
quasi-distributed fiber sensing can be realized in a com-
pact and cost-effective way. With the rapid advent of optics
communication technologies, more than 100 wavelength
channels can be integrated in a single fiber with the wave-
length-division-multiplexing (WDM) method (11).

To achieve distributed sensing capability, a set of fiber
gratings (e.g., LPGs) with different central wavelengths
are fabricated in the same fiber, as shown in Fig. 3. A
broad-band or tunable laser light source (such as the one
manufactured by HP) can be used as the light source of the
sensing system.

The first LPG will resonate at wavelength l1, whereas
the second LPG will resonate at wavelength l2, and so on.
By scanning wavelengths of the light source, a sensing
spectrum can be obtained, as shown in Fig. 4. The first
peak corresponds to the first LPG, the second peak corre-
sponds to the second LPG, etc. When a perturbation dis-
tribution exists along the fiber, the effective grating period
will be changed so that the central locations of the peaks
will be shifted, as shown by the dotted lines in Fig. 4. For
instance, the wavelength shift for the first grating may be
Dl1, as shown in Fig. 4. Therefore, a reliable distributed
sensing can be realized with a single fiber.

5. APPLICATIONS OF FIBER OPTIC SENSORS FOR
BIOMEDICAL SENSING

Fiber optic sensors are widely used in biomedical sensing
applications (12). Both the intensity and the phase type of
fiber optic sensors are studied. In general, chemical/bio-
logical agents change the optical properties (e.g., refrac-
tive index or absorption constants) of light-guiding media
(such as optical fibers or waveguides), which in turn mod-
ify the light passing through the media in terms of inten-
sity, phase, or polarization direction. As a result of the
page limitation, in this section, we will just illustrate sev-
eral typical examples.

5.1. Intensity-Type Fiber Optic Biosensor

Figure 5 depicts an intensity-type fiber optic biosensor
(13), which is mainly composed of fiber optic devices with
an integrated biochemical transducer system that
changes its optical properties on interaction with the anal-
yte. The transduction reagent can be immobilized directly
on a membrane, which is held against the fiber, as shown
in Fig. 5. The reagent can be in a powder or solid-bead
form. For instance, in Fig. 5c, a liquid reagent is confined
at the fiber terminus using semi-permeable membrane.
Another alternative is to bond the reagent directly to the
fiber itself (as shown in Fig. 5d).

Measurements for these sensors can be performed us-
ing single-, dual-, or multiple-fiber arrangements (as
shown in Fig. 6). In a single-fiber configuration, the
same fiber is used to transport the excitation radiation
from the source optics and the emitted radiation from the
sensor tip to the detection optics. For dual- or multiple-
fiber configurations, separate fibers or fiber bundles trans-
mit the radiation to and from the reagent phase.

The enzyme-based recognition layer can either consist
of a single enzyme or multienzyme system. For example,
p-nitrophenyl phosphate can be detected with alkaline
phosphatase alone, because a colored p-nitrophenoxide
product is generated and can be readily detected with op-
tical fibers. Although a monoenzyme system is preferable
because of its simplicity, the use of multienzyme sensing
systems may be desirable in some situations, which is
particularly true if there are no species involved in the
monoenzyme reaction that can be readily detected with
fiber optics. For example, in the bioluminescent determi-
nation of NAD(P)H, the sensing method is normally based
on the coupled reaction between two enzymes derived
from luminescent bacteria (NADPH:FMN oxidoreductase
and luciferase). The oxidoreductase catalyzes the reaction
between NAD(P)H and FMN resulting in the formation of
FMNH2. This reduced flavin molecule is then used in a
second reaction catalyzed by luciferase, which leads to the
production of light.

5.2. Evanescent Wave Fiber Optic Biosensors

Evanescent wave sensors use the interaction with the
electromagnetic field that extends away from the surface
of the light-guiding medium, such as a fiber or a planar
waveguide (12,14). In other words, these sensors rely on
the light that is not confined within the waveguide itself,

λ2 λNλ1

Broad band source
or Tunable laser

LPG 1 LPG 2 LPG N
Wavelength
meter

Spectrum

Figure 3. A schematic diagram of quasi-distributed fiber sensor
by using multiple LPGs fabricated in a single fiber.
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∆λ1 ∆λ2 ∆λN

λ1 λ2 λN

Figure 4. An illustration of spectral shift of the distributed fiber
sensor using a set of fiber optic gratings.
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but penetrate into the surrounding medium of lower re-
fractive index (e.g., cladding) and thus senses the chem-
ical/biological environment on the surface of the
waveguide (or fiber). In contrast to propagation mode, an
evanescent wave has a rapidly decaying electric field am-
plitude. The penetration depth can be estimated by Equa-
tion 4.

A number of transduction mechanisms can be used for
evanescent wave fiber optic biosensors, including fre-
quency conversion, evanescent wave coupling in a direc-
tional coupler, and evanescent wave spectroscopy. In
frequency conversion techniques, the fluorescence excita-
tion has been used. In this sensing scheme, the fluores-
cence is generated from the analyte (antigen) specifically
binding with a biorecognition element (antibody) that is
immobilized on the surface of a waveguide or a fiber. Al-
though the fluorescence is radiated isotropically in all di-
rections, it is the fluorescence from the molecules close to
the surface that couple into the waveguide (or fiber) and

are detected for sensing. As an example, Fig. 7 shows a
fluorescence sensing scheme using a planar waveguide
(14). The idea is to excite with the evanescent field as well
as to detect the fluorescence. Isolation layers (windows)
are drawn on the surface of the waveguide, leaving a cer-
tain area of the waveguide surface exposed (e.g., by rf
sputtering with silica). The areas left exposed on the sur-
face form the sensing spots of the sensor. These sensing
spots form the regions of interaction with the analyte. If
appropriate fluorophores are positioned in these sensing
spots, then the evanescent wave protruding from the
waveguide will excite the fluorophores to induce fluores-
cence.

5.3. Mach–Zehnder Interferometer Biosensors

As described earlier, a phase-based fiber optic sensor can
be very sensitive. To achieve high sensitivity, Mach–
Zehnder interferometer biosensors were developed to re-
alize this high sensitivity (12). Figure 8 shows the sche-
matics of such a biosensor (12), which includes a reference
arm and a sample arm. The sample arm exhibits specific
binding with the biological analyte, based on the specific-
ity of the immunoglobulin (IgG) that is immobilized on its
surface. Control of nonspecific binding is provided on the
reference arm by using immobized IgG that is not selec-
tive to the analyte of interest.

In the operation, the incoming light beam is split into
two beams. One beam travels to the reference arm and the
other travels to the sample arm. These two beams are re-
combined at the output end. The output intensity of the
two beams is modulated because of the interference be-
tween them, as given by Equation 8. If the initial condi-
tions are adjusted so that the relative phase difference is
zero (i.e., nsLs � nrLr¼ 0), the binding of an analyte to the
sensing layer on the sample arm will induce an additional
phase shift, given by

Df¼
2p
l
� Lin � Dn; ð12Þ

(a) (b) (c) (d)

Membrane-bound
reagents

Membrane
Support

Resin-bound
reagents

Reagent
solution

Semipermeable
membrane

Fiber-bound
reagents

Figure 5. Typical configurations of the sens-
ing layers in optical fiber biosensors (13).

(a) (b) (c)

Figure 6. Fiber optic sensor configurations based on (a) single-,
(b) dual- and (c) multiple-fiber arrangements (13).

6 FIBER OPTIC SENSORS



where Lin is the ‘‘interaction length’’ of the guided wave
with the analyte and Dn is the change in the effective in-
dex caused by the binding of an analyte to the sensing
layer. We stress that, because of the high sensitivity of this
type of sensor, a very small concentration of the analyte
can be detected.

5.4. Surface Plasmon Resonance Biosensors

Another type of optical biosensor is a surface plasmon
resonance (SPR) biosensor (12,15). The high-sensing se-
lectivity of this type of sensor makes it become one of the
extensively used optical biosensors that are also commer-
cially sold by a number of companies. As this type of op-
tical biosensor is closely related to the evanescent wave
fiber optic sensor, we also include this unique type of sen-
sor in this chapter.

In principle, the SPR is an extension of evanescent
wave sensing, except that a planar waveguide is replaced
by a metal-dielectric interface. Surface plasmons are elec-
tromagnetic waves that propagate along the interface be-
tween a metal and a dielectric material. As the surface
plasmons propagate in the frequency and wave-vector
ranges for which no light propagation is allowed in either
of the two media, no direct excitation of surface plasmons
is possible. The most common method to generate a sur-
face plasmon wave is attenuated total reflection (ATR).

Figure 9 shows the basic configuration of exciting surface
plasmons via ATR (16).

A microscopic slide is coated with a thin film of metal.
Then, a biosensing layer containing an immobilized bio-
recognition element can be coated on the metal surface.
The microscopic slide is now coupled to a prism through an
index-matching fluid or a polymer layer. A p-polarized la-
ser beam is incident at the prism. The reflection of the la-
ser beam is monitored. At a certain angle, ysp, the
electromagnetic wave couples to the interface as a surface
plasmon. At the same time, an evanescent field propagates
away from the interface, which extends to about 100nm
above and below the metal surface. At this angle, the ATR
signal drops. This dip in reflectivity is shown by the curve
on the left-hand side of Fig. 10. The angle is determined by
the relationship

ksp¼ knp sin ysp; ð13Þ

where ksp is the wave vector of the surface plasmon, k is
the wave vector of the bulk electromagnetic wave, and np

is the refractive index of the prism. The surface plasmon
wave vector ksp is given by

ksp¼
o
c

emed
emþ ed

� �1=2

; ð14Þ

where o is the optical frequency, c is the speed of light, and
em and ed are the relative dielectric constants of the metal
and dielectric, respectively.

 

Glass prism np

Index matching fluid
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�

Figure 9. A configuration of exciting surface plasmons via at-
tenuated total reflection (16).
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Figure 7. A fluorescence sensing scheme using
a planar waveguide.
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Figure 8. Schematics of a Mach–Zehnder interferometer bi-
osensor (12).
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In an SPR sensor, the relative dielectric constant of the
dielectric thin film is changed because of the antibody-an-
tigen reactions, which, in turn, results in the change of
resonant angle ysp. Thus, by detecting the change in the
resonant angle, the concentration of antigen can be mea-
sured. In a commercial SPR sensor, this change in the
coupling angle is measured by a charged-coupled device or
photodiode array using a convergent light beam, rather
than scanning the angle. This approach allows real-time
monitoring of the ligand-analyte binding to obtain kinetics
of association and dissociation. SPR sensors offer several
distinct advantages.

* No labeling (such as by a fluorescent maker) is re-
quired, thus allowing for the analysis of a wide range
of biomolecular systems.

* Real-time monitoring is permitted, thereby providing
rapid and quantitative information on kinetics of
binding.

* Small amounts of materials are required for typical
analysis.
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FLOW IN HEALTHY AND STENOSED ARTERIES
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1. INTRODUCTION

Advanced computational modeling techniques have been
developed to model blood flow in arteries and stenosis,
leading to many important findings in recent years. Most
of the research effort has been health-related and disease-
driven, trying to find the relationship between flow char-
acteristics and the initiation, progression, and final clin-
ical events of various cardiovascular diseases (CVD)
related to blood flow in arteries, such as atherosclerosis
stenosis, stroke, and heart attack. In the United States
alone, 36% of 45 year olds and 80% of those 75 and older
have CVD (1). Arterial diseases such as atherosclerosis
often develop at locations where the vessel has a bifurca-
tion (carotid), curvature (coronary and aorta), and other
geometrical complexities that lead to complex flow beha-
viors. One important finding that has influenced the blood
flow research area is that intimal thickening and athero-
sclerosis initiation have positive correlation with low and
oscillating flow shear stresses in the artery (2–5). Good
reviews and background information can be found in Refs.
6–12. Among these, Kleinstreuer’s book covers most up-
dated literature and modeling details and is a good
reference for researchers, educators, and scientists in
the biofluid modeling area.

Earlier models are often based on idealized geometries,
with the artery wall treated as rigid material, including
models for arteries with stenosis, bifurcation, curvature,
aneurysm, graft, or stent. The recent trend is, however, to
build computational models based on realistic geometries
of arteries obtained from medical images, with fluid-
structure interactions taken into consideration. Modern
technologies such as magnetic resonance imaging (MRI),
Doppler ultrasound, intra-vascular ultrasound (IVUS),
and computerized tomography (CT) have provided non-
invasive or minimally invasive methods to obtain patient-
specific geometry, boundary conditions, and material prop-
erties. Computational modeling is getting closer to real
clinical applications such as computer-aided or computer-
guided diagnosis and surgery, medical device design, drug
delivery and evaluations, and so on. The next section
covers some basic models for blood flow in arteries; then,
model controlling factors and research focus, as well as
some representative results of major artery blood flow
models are presented. Then, the current trends and
research potential in this area is discussed and the final
section provides a brief conclusion.

Only selected mathematical models for blood flow in
major arteries are presented in this article as a guide for
people who would like to get to know the basic models and
research focuses with minimum effort. This article is not
intended to be an extensive review. It is inevitable that
some important models and good papers may not be
covered in this article. For more complete reviews, please

search the current literature and refer to standard text-
books.

2. BASIC MODELS FOR BLOOD FLOW IN ARTERIES

Earlier models are mostly rigid walled models. However,
arteries are compliant and blood flow models really should
consist of three basic parts: fluid model, solid model, and
material properties. The importance of fluid-structure
interactions (FSI) has been gradually recognized in recent
years. In this section, different flow models are presented
first. Then models with fluid-structure interactions are
described. More details for these models and material
properties can be found from Kleinstreuer (7), Fung
(8,9), and Humphrey (10).

2.1. Newtonian Flow Model

In most models for blood flow in arteries, blood flow is
assumed to be Newtonian, laminar, and incompressible.
The incompressible Navier–Stokes equations are used as
the governing equations. Together with proper boundary
conditions (BC), we have:

rð@u=@tþðu � rÞuÞ

¼ � rpþ mr2u; ðequation of motionÞ
ð1Þ

r � u¼ 0; ðequation of continuityÞ ð2Þ

ujG¼ @X=@t; @u=@njinlet; outlet¼ 0; ðBC for velocityÞ ð3Þ

pjinlet¼pinðtÞ; pjoutðtÞ; ðpressure conditionsÞ ð4Þ

where u and p are fluid velocity and pressure, r is blood
density, m is blood viscosity, G stands for vessel lumen
surface, and f K, j stands for the derivative with respect to
the jth variable. Inlet and outlet are the vessel openings
where blood flows in and out of the vessel segment,
respectively. An alternative to specify boundary condition
at the inlet and outlet is to set flow velocity:

ujinlet¼uinðX; tÞ;ujoutlet¼uoutðX; tÞ: ðvelocity conditionsÞ

ð5Þ

It is worth noting that Equation 5 alone is not enough
for complaint models because the vessel needs to be
properly inflated by blood pressure. No-slip boundary
conditions are often prescribed between the vessel wall
and the fluid.

A dimensionless parameter Reynolds number Re is
often used to describe flow conditions. The Reynolds
number is defined as

Re¼ rUD=m¼UD=v; ð6Þ

where r is fluid density, U is the scale for velocity, D is the
vessel diameter, or a length scale, m is the fluid viscosity, n
¼ m/r is the kinematic viscosity. When Re is small or not
too large (such as blood flow in normal large arteries), flow

1
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is laminar. When Re becomes large (such as flow in large
arteries with a severe stenosis), flow may become turbu-
lent and turbulence models may be needed. See section on
turbulence model for more details.

2.2. Non-Newtonian Flow Models

It is well-known that blood is non-Newtonian (i.e., its
viscosity is shear-dependent). Various models have been
used to describe non-Newtonian properties of blood (7–9).
Among them, we have,

m¼mgðn�1Þ; ðThe ‘‘Power� Law’’ModelÞ ð7Þ

where m is blood viscosity, m and n are two parameters
whose values to be chosen to fit experimental data, g is
shear rate, n o 1 gives a shear-thinning fluid, and n41
gives a shear-thickening fluid. The Carreau–Yasuda
model is given by,

m¼m1þ ðm0 � m1Þ½1þ ðlgÞ
a
�ðn�1Þ=a; ð8Þ

where m0 is the zero-shear-rate viscosity, mN is the infinite-
shear-rate viscosity, l is a time constant, and a (typically a
¼ 2) is a dimensionless parameter describing the transi-
tion between the zero-shear-stress and the power-law
regions. Figure 1 presents the viscosity-shear rate curve
given by the Carreau–Yasuda model with parameters
chosen to fit experimental data (8, p. 68). Other models
and derivations can be found in Refs. 7–9.

In general, Newtonian and non-Newtonian flow models
show no significant differences for blood flow in large
arteries if the vessel does not have complex geometries,

which is because the flow shear rate near the vessel wall is
normally in the order of 102 s� 1 or higher where blood
viscosity from the non-Newtonian flowmodels is very close
to mN, the constant viscosity used in Newtonian flow
models (see Fig. 1). However, considerable differences
(up to 50%) for shear stresses from Newtonian and non-
Newtonian models have been found when complex vessel
geometry leads to flow separation, recirculation, and low
and oscillating shear stresses (13).

2.3. Turbulence Model

Blood flow in highly stenosed arteries (stenosis severity
between 70% and 80% by diameter) and arteries with
complex geometries may become turbulent. Turbulence
exhibits random velocity fluctuations. The traditional
approach for modeling turbulence is the use of the Rey-
nolds-averaged Navier–Stokes equations. Flow velocity is
decomposed into a time-averaged part �u, and a randomly
fluctuating part u0 (both are vectors),

u¼ �uþu0; ð9Þ

The resulting Navier–Stokes equations take the form:

rð@u=@tþr � ðuuÞ¼ � rpþ mr2u� rr
� ðu0u0Þ; ðequation of motionÞ ð10Þ

r � u¼ 0; ðequation of continuityÞ ð11Þ

where the overbar indicates time-averaging. Additional
equations are needed to complete the system because of
the added fluctuating part u0. For more details, the read-
ers are referred to Refs. 7 and 14.

2.4. Models With Fluid-Structure Interactions

Arteries are compliant. Blood flow is unsteady and pulsa-
tile, which leads to considerable vessel deformation. As
vessel geometry is an important controlling factor for flow
models, fluid-structure interaction plays an important role
in computational simulation for blood flow in arteries,
especially when investigations need to include both flow
and structure stress/strain behaviors. The governing
equations for a full 3-D solid model are given by (8,14,15):

r vi;tt¼sij;j; i; j¼ 1;2; 3; sumover j; ð12Þ

eij¼ ðvi; jþ vj;iÞ=2; i; j¼ 1;2; 3; ð13Þ

sij � njjout wall¼ 0; ð14Þ

srij � njjinterface¼ssij � njjinterface; ð15Þ

where v is solid displacement vector, r is stress tensor
(superscripts indicate different material, fluid, or solid), e
is strain tensor, Equations 14 and 15 are natural traction
and equilibrium boundary conditions. The constitutive
equations for vessel material properties can be given in
many forms. The linear approximation to realistic vessel
properties is given by the Hookean elastic solid where the
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Figure 1. Variation of viscosity of human blood with respect to
shear rate changes: Carreau–Yasuda model with parameters
chosen to fit experimental data. -o-(blue): experimental data; -
(red): viscosity curve given by Carreau–Yasuda model. mN¼
0.0345, m0¼2.3, l¼56.57, a¼2, n¼0.29; H¼44.8 (H stands for
hematocrit which is percentage of red cells in blood by volume. H
¼45 is normal); temperature 37 1C. Experimental data taken
from Fung (8, p. 68). Note the unit in the plot is cP, and the unit
used in Equation 8 is Pa � s.
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stress tensor is linearly proportional to the strain tensor,
for example,

sij¼Cijkl ekl; ð16Þ

where Cijkl is a tensor of elastic constants (8). If it is
further assumed the material to be isotropic, Equation 16
is reduced to:

sij¼ l eaa dijþ 2meij; ð17Þ

where l and m are called the Lamé constants. Equation 17
is often written in the inverted form:

eij¼
1þ n

E
sij �

n
E
skkdij; ð18Þ

where E is called Young’s modulus and n is called Poisson’s
ratio.

Nonlinear elastic models for arteries are often given in
terms of a strain energy function from which constitutive
stress-strain relationship can be derived. The strain en-
ergy function for the 3-D nonlinear modified Mooney–
Rivlin (M-R) model is given by,

W¼ c1ðI1 � 3Þþ c2ðI2 � 3ÞþD1½expðD2ðI1 � 3ÞÞ � 1�; ð19Þ

I1¼
X

Cii; I2¼ 1=2½I21 � CijCij�; ð20Þ

where I1 and I2 are the first and second strain invariants,
C ¼ [Cij] ¼ XTX is the right Cauchy–Green deformation
tensor, X¼ ½Xij� ¼ ½@xi=@aj�, (xi) is current position, (ai) is
original position of the deformation tensor (14), and ci and
Di are material constants chosen to match experimental
measurements and existing literature. The stress/strain
relationship can be found by:

sij¼ ð@W=@eijþ @W=@ejiÞ=2; ð21Þ

where sij are the second Piola–Kirchhoff stresses, eji are
the Green–Lagrange strains (14). Figure 2 plots the
stress-stretch curve derived from Equation 19, which
matches experimental data from both simple tension and
compression tests for hydrogel whose material properties
are close to those of carotid arteries (15,16). The stress-
stretch curve in Fig. 2 is special because it contains the
compressive part of the stress-strain relationship,
whereas most published data are for artery material
properties under stretch conditions. More blood vessel
material models and properties can be found in Fung
(8,9) and Humphrey (10).

Fully-coupled 3-D FSI models are highly nonlinear and
involve both fluid and solid mechanics. Various numerical
methods have been developed to solve those models. A
good reference for the finite elements procedures is given
by Bathe (14).

2.5. Other Models With Different Applications

Human blood is a suspension of cells in an aqueous
solution of electrolytes and nonelectrolytes. For certain
applications, interactions between blood cells (red and
white blood cells, platelets, etc.) and the plasma need to
be modeled, which leads to multi-phase flow models. For
mass transfer problems (such as drug delivery), perme-
ability of blood vessel is often specified to allow fluid to
penetrate through the wall. When the diameter of the
blood vessel becomes comparable with the size of the blood
cells (such as the arterioles and capillaries), cell-to-wall,
cell-to-cell, and cell-to-blood interactions need to be ac-
counted for in the flow models. Details about those models
can be found from existing literature (7–9).

2.6. Some Simplified Models

2.6.1. Flow in a Cylindrical Tube. For flow in a rigid
uniform cylindrical tube (tube cross section remains the
same), assuming the flow is axisymmetric, then only the
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Figure 2. The stress-stretch curve from Mooney–Rivlin Model matches well with direct experi-
mental measurements from both stretch and compression tests for hydrogel whose mechanical
properties are similar to those of bovine carotid arteries (15,16). A and A0 are the deformed and un-
deformed cross section areas of the tube respectively.
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axial component of the flow velocity is non-zero, which is a
function of radius. The governing equation becomes (9):

1

r

d

dr
r

du

dr

� �

¼
1

m
dp

dx
: ð22Þ

Together with no-slip boundary condition, this equation
leads to the famous parabolic velocity profile of the Ha-
gen–Poiseuille flow:

u¼ �
1

4m
ðR2 � r2Þ

dp

dx
; ð23Þ

where R is the radius of the tube. From Equation 23, flow
rate Q through the tube cross section can be obtained by
integration:

Q¼ 2p
Z R

0
urdr; ð24Þ

which leads to the flow rate-pressure drop relationship
(Poiseuille formula) (9):

Q¼ �
pR4

8m
dp

dx
¼

pR4

8m
Dp

L
; ð25Þ

where L is the length of the tube and Dp is the pressure
drop over the tube length. For arteries with stenosis and
other features, the flux-pressure drop relationship will be
more complicated. Flow rate is important because it
directly reflects the blood supply to organs such as brain
and the heart.

2.6.2. One-Dimensional Models for Flow in Elastic Col-
lapsible Tubes. Earlier models for flow in elastic (collapsi-
ble) tubes were 1-D inviscid models given by (17–19)

@u

@t
þu

@u

@x
¼ �

1

r
@p

@x
; ðEquation of motionÞ ð26Þ

@A

@t
þ

@

@x
ðAuÞ¼ 0; ðEquation of continuityÞ ð27Þ

where A is the cross-sectional area of the tube. The
constitutive material properties are given by the so-called
‘‘tube law,’’ which is defined as the pressure-cross-sec-
tional area relationship:

P¼
p� pe

Kp
¼

A

A0

� �n1

�
A

A0

� �n2

; ðTube lawÞ ð28Þ

where P is the dimensionless transmural pressure differ-
ence, pe is external pressure, A and A0 are the deformed
and undeformed cross-sectional area of the tube, respec-
tively, and n1 and n2 are chosen to fit experimental data.
n1¼ 20, n2¼1.5 were used in Ref. 19. The stiffness of the
tube wall is given by the value of Kp. For a linear elastic
model, it is proportional to (10)

KpoEh3=12R3
0ð1� v2Þ; ð29Þ

where E is Young’s modulus, h is tube wall thickness, R0 is
the nominal tube radius, and n is Poisson’s ratio. The local
wave speed of small disturbance is given by

c2¼
A

r
@p

@A
: ð30Þ

The 1-D inviscid model was used to investigate some
important flow phenomena such as wave propagation,
pressure drop and flow rate relationship, and flow limita-
tion, which is directly linked to blood supply to important
organs. Although the 1-Dmodel does not give details of the
flow velocity field, it provides the first approximation for
flow in an elastic tube. As a result of the nonlinear term in
the equations, this model still needs to be solved using a
numerical method.

2.6.3. Two-Dimensional Models for Flow in Elastic Tubes
(Womersley Model). For flow in an axisymmetric tube, if
some assumptions are made so that the convection terms
(u � r)u can be omitted in Equation 1, the governing
equations are linearized and we get the famous Womers-
ley model (in cylindrical coordinates) (20–22):

@u

@x
þ

1

r

@rv

@r
¼ 0; ð31Þ

r
@u

@t
¼ �

@p

@x
þ Z

@2u

@r2
þ

1

r

@u

@r

� �

; ð32Þ

r
@v

@t
¼ �

@p

@r
þ Z

@2v

@r2
þ

1

r

@v

@r
þ

@2v

@x2
�

v

r2

� �

; ð33Þ

where u and v are axial and radial velocity components
respectively. Let the vessel effective thickness H be de-
fined as

H¼h 1þ
r1r1h1

rwRh

� �

; ð34Þ

where rw, R, and h are the density, radius, and thickness
of the vessel, r1, r1, and h1 are the density, radius, and
thickness of the surrounding layer of the vessel. The
governing equations for wall motion are given by (20–22):

rwH
@2x
@t2
� pþ

Eh

1� s2
s
R

@x
@x
þ

x
R2

� �

þ 2Z
@v

@r

� �

r¼R

¼ 0; ð35Þ

rwH
@2z
@t2
þ rwHo2

0z

�
Eh

1� s2
@2z
@x2
þ

s
R

@x
@x

� �

þ Z
@u

@r
þ

@v

@x

� �

r¼R

¼ 0; ð36Þ

where x and z are the radial and axial components of
vessel wall displacement, E is Young’s modulus, s is
Poisson’s ratio (this symbol is used for this section only
to avoid confusion), and o0 is a vessel structure frequency.
As these equations are linear, their solutions correspond-
ing to a traveling pressure wave with any fixed frequency
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o can be found following procedures in Ref. 22:

p¼Aeio t�x=c�ð Þ; ð37Þ

u¼ c1
J0 i3=2ay
� �

J0 i3=2a
� � þ

A

rc�

" #

eio t�x=c�ð Þ; ð38Þ

v¼
ioR

2c�
c1

J0 i3=2ay
� �

i3=2aJ0 i3=2a
� � þ

Ay

rc�

" #

eio t�x=c�ð Þ; ð39Þ

where i¼ð�1Þ1=2; o is the angular frequency, c �
¼ 1

c �
ib
o

� ��1
is the complex wave speed, b is the decay

factor (real part of iw(t-x/c*) with ‘‘-’’ removed), y ¼ r/R is
the non-dimensional coordinate variable, a¼Rðro=mÞ1=2 is
Womersley number, J0 is the zeroth order Bessel function,
and c1 is a constant to be determined. Details of the
solution procedures can be found in Refs. 20–22.

3. GEOMETRIES, MODEL CONTROLLING FACTORS,
FLUID, AND STRUCTURE MECHANICAL ANALYSIS

In this section, several major artery models, their geome-
trical features, controlling factors, and some major find-
ings from those flow models will be covered. Idealized
geometries have been used by many researchers to sim-
plify the model and focus on flow behaviors with well-
defined geometrical features. Although attention has been
focused on flow behaviors such as low and oscillating
shear stresses near vessel wall that have been shown to
correlate with atherosclerotic intimal thickening, some
researchers have started to investigate structural me-
chanical forces in diseased arteries leading to some inter-
esting findings.

3.1. Artery with a Stenosis

Artery stenosis is a narrowing or constriction of an artery.
Stenosis models start from a straight tube with a narrow-
ing, representing a carotid artery stenosis (see Fig. 3)
(15,23) showing stenosis severity and asymmetry. Stenosis
severity (by diameter), which is still a popular measure
that physicians use to make surgical decisions, is defined
as

Stenosis severity ðbydiameterÞ¼ ðD�DsÞ� 100%; ð40Þ

where D and Ds are the inner diameters of the vessel at its
normal and narrowest sites, respectively. Stenosis sever-

ity (by area) is defined similarly,

Stenosis severity ðby areaÞ¼ ðA� AsÞ=A� 100%; ð41Þ

where A and As are the cross-sectional areas of the vessel
at its normal and narrowest sites. Although both defini-
tions are widely used, the quantitative difference should
be noted. A 50% stenosis severity by diameter is 75%
stenosis severity by area. An 80% stenosis severity by
diameter is 96% stenosis severity by area.

Stenosis eccentricity is another parameter describing
stenosis asymmetry is defined as

Stenosis eccentricity¼Ec¼ e=ððD�DsÞ=2Þ�100%; ð42Þ

where e is the distance between the centers of the two
circles as shown by Fig. 3. The controlling factors for the
stenosis flow model include the geometrical parameters
(tube length, diameter, wall thickness, stenosis severity,
eccentricity, and shape), flow parameters and boundary
conditions (fluid viscosity, pressure conditions), material
properties, and initial stress-strain conditions if the vessel
is treated as compliant (parameters for the material
model, initial stretch and pressurization, residual stress).
Let pin and pout be the pressure conditions specified at the
inlet and outlet of the tube, pressure drop pd across the
stenosis is defined as

pd¼pin � pout: ð43Þ

Effects of controlling factors on flow patterns, flow rate,
shear stress, vessel deformation, and wall stress/strain
distributions have been investigated extensively by many
investigators. For flow models, pressure drop, stenosis
severity, and eccentricity are the major controlling factors.
Flow limitation (flow rate no longer increases with in-
crease of pressure drop), shear stress, flow separation, and
recirculation are the major flow characteristics investi-
gated. Figure 4 shows flow rate, velocity, pressure, and
structure stress distributions obtained from FSI stenosis
models (15,23,24). It is worth noting that wall compliance
does lead to considerable changes in flow behaviors in
stenotic tubes because wall compliance changes stenosis
severity, which is a critical controlling factor for stenosis
models (15,23,24).

3.2. Carotid Bifurcation

Carotid arteries provide blood supply to the brain. Carotid
bifurcation is one of the critical sites where atherosclerotic

Section A-A
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Figure 3. A stenosis model for carotid arteries. L¼
110mm, Ls¼16mm, D¼8mm, h¼1mm. Stenosis se-
verity St¼ (D - Ds)/D � 100%; Eccentricity Ec¼ e/((D-
Ds)/2) � 100% (15,23).
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plaques tend to form and grow. When the plaque becomes
severe enough, it limits blood supply to the brain and lead
to severe clinical symptoms. It is well accepted that
carotid intimal thickening correlates positively with low
and oscillating shear stress (2). Figure 5 gives an idealized
carotid bifurcation geometry with flow velocity profiles
and flow recirculation region identified (25). For carotid
artery bifurcation models, the bifurcation dividing angle
and carotid sinus size are the new controlling factors. A
recirculation region exists in the sinus that corresponds to
low and oscillating shear stresses, and it is a site where
atherosclerotic plaques are normally found [see Fig. 5
(25)]. Effects of dividing angles, size of sinus, and non-
Newtonian fluid have been studied (25).

Recent effort has been focused on building carotid
models based on anatomically correct geometries from ex
vivo or in vivo medical images (MRI, ultrasound). Carotid
flow models based on realistic patient-specific data have
been introduced by several groups (26–29). Data acquisi-
tion and geometry reconstruction form an important part
of the modeling process for image-based models. A clear

difference between realistic and idealized geometries is
that realistic geometries are far more complex and real-
patient medical images often cannot provide the desired
resolution for computational models. Despite all of these
difficulties, patient-specific computational modeling has
great potential to be used in real clinical applications.

3.3. Coronary Models, Curvature, and Cardiac Motion

Coronary artery diseases (CAD) affect blood supply to the
heart and have been a hot research area for many years.
In 1987, Friedman et al. published the first correlation of
coronary artery intimal thickness vs. shear stress (3,30).
The time-dependent shear was measured using laser
Doppler anemometry (LDA) in a model constructed from
an arterial cast made from a human left coronary tree.
Intimal thickness was negatively correlated with max-
imum and time-average shear (3).

New major controlling factors for coronary models
include curvature and changes caused by cardiac mo-
tion. Fig. 6 shows a coronary model with a curved tube
used as an idealized geometry for the vessel (31). Flow
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Figure 4. Some basic results from the FSI
stenotic carotid artery model. (a) Flow rate-
pressure drop relationship is nonlinear and
flow limitation is observed. Computational
flow rates (4 sets of data) have good agreement
with experimental data; (b) flow velocity is
asymmetric with a large flow-separation re-
gion; (c) flow pressure field is nonuniform with
a negative minimum at the throat; (d) contour
plot of circumferential stress in the asym-
metric stenosis shows locations of maximal
stresses (marked by Max) and maximal com-
pression (marked by Min) (15,24).
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velocity profiles and shear stress distributions along the
inner and outer wall were presented (31). Flow recircula-
tion and low and oscillating shear stresses are observed in
a region passing the inner wall at the 901 location caused
by pulsatile pressure. Change of curvatures and flow
behavior under pulsating pressure were investigated
(32,33). Using physiologically realistic pulsatile coronary
flow in a real coronary geometry, Perktold et al. performed
detailed investigation of the shear distribution and flow
field and validated it using LDA (34). Modeling the effect
of cardiac motion on flow in coronary arteries is much
more challenging. In Ref. 35, the right coronary artery was
modeled as a uniform diameter ‘‘garden hose’’ that moved
in space. In a recent paper by Prosi et al. (36), a physio-
logically realistic coronary bifurcation model was put on
the surface of a sphere whose radius varied in time
according to the time-dependent radius of curvature of a
human left anterior descending coronary artery (LAD)
(see Fig. 7) (36). Velocity profile at the inlet and curvature
at the bifurcation were specified according to experimen-
tal measurements. Axial wall shear stresses at different
time moments were presented (Fig. 7). Both studies
showed that, in contrast to calculations using steady
flow, the time-average shear distribution was insensitive
to the vessel dynamics. The shear exposure in the branch
was most dependent on the location of the site, and the
time-dependence of the shear profile was governed by the
flow wave (35,36).

Patient-specific computational modeling for coronary
flow simulations has even greater difficulties because it is
harder to obtain images in vivo with desired resolution
and image quality for coronary arteries because of cardiac
motion and accessibility. Although modern technologies
are developing rapidly so that more desirable data are
being obtained for research and clinical applications, we
have to accept and work with what is currently available
to advance knowledge in this area.

3.4. Aorta and Abdominal Aortic Aneurysm (AAA)

Aorta provides oxygenated blood to the entire body. Figure
8 shows the position of the aorta arch relative to the heart
and a 3-D aorta arch geometry reconstructed from CT
images by Morris et al. (37). Detailed flow and shear stress
analyses were performed using the CT-based models (37).
The modeling procedures are similar to the previous
sections and will not be repeated here.

A common arterial disease related to aorta is abdom-
inal aortic aneurysm (AAA), which is a local, progressive
dilation of the distal aorta. If it is not treated in time, AAA
may rupture under certain conditions and cause serious
internal bleeding or even death. The current criterion for
surgical treatment is based on AAA diameter: If the
diameter of the AAA reaches a threshold value (which is
about 5–6 cm), surgical treatment is recommended. How-
ever, mechanical forces clearly play an important role in
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Figure 5. Carotid bifurcation geometry and basic flow results. (a) Carotid bifurcation geometry
and dimensions; (b) finite element mesh; (c) velocity plot showing flow recirculation; (d) velocity
profile plots at different locations; (e) flow recirculation regions (25).
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the development and rupture of AAA. Vorp and Vande
Geest (38) and Peattie et al. (39) introduced a series of
AAA models based on idealized geometries and investi-
gated effects of AAA geometry, pulsating flow conditions,
wall thickness, intraluminal thrombus on flow, and wall
stress patterns. Li and Kleinstreuer introduced an AAA

model based on a streamlined geometry with fluid-struc-
ture interactions and performed extensive study for flow
and wall stress behavior (40). Sacks et al. made the first
attempt to reconstruct 3-D geometries of AAA inner
surfaces based on CT scans from 6 patients (41). Yang et
al. introduced a nonlinear 3-D FSI model based on CT
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Figure 6. Velocity vector and wall shear stress plots in an idealized coronary model. (a)–(b)
Velocity vectors in the plane of symmetry at different time instants during one cycle: (a) t¼0.05; (b)
t¼0.7. The velocity scale arrow represents 3.33 times the mean inlet velocity; (c)–(d) Axial wall
shear stress during one cycle at both the outside (top) and inside (bottom) wall at the 90 degree
cross section. (c) Outside wall; (d) inside wall. All quantities are normalized (31, with permission).
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images of real patient AAA data to perform mechanical
analysis and seek critical mechanical conditions that may
be related to aneurysm rupture (42). Their results indicate
that wall stress behavior at critical sites (where the wall is
thin, weak, or has large curvature) may have close corre-
lation with AAA rupture risk (see Fig. 9). These results
are to be validated by further patient studies.

For AAA models, the new controlling factors include (a)
the diameter, shape, and curvature of the aneurysm; (b)
wall thickness, material properties, intraluminal throm-
bus, and calcification. Technology to provide quantitative
measurements in vivo for Group (b) data has yet to be
developed. The research focus is to seek indicators that
may be used to predict possible AAA rupture. Fluid forces
may serve as the triggers of the rupture event whereas

structural stress/strain distributions in the aneurysm
may be more directly related to actual rupture risk.
Models with fluid-structure interactions may lead to
critical findings in the near future.

3.5. Multi-Component Atherosclerotic Plaque Models with
Fluid-Structure Interactions, Plaque Rupture Risk Indicators

Atherosclerosis initiates at certain critical sites, such as
carotid bifurcations and coronary bends, takes many years
to develop, eventually becomes severe enough to cause
clinical symptoms, and may even rupture under certain
conditions leading to critical clinical events such as heart
attack and stroke. The exact mechanisms for plaque
progression and rupture are not well understood. Recent
developments in medical imaging technologies provide
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Figure 7. A more realistic coronary model with curvature chances caused by idealized cardiac
motions. (a) Computational geometric model of coronary bifurcation; (b) flow waveform applied in
the model; (c) curvature changes applied to the bifurcation; (d)–(f) axial wall shear contours at the
inner surface of the vessel wall during systole and maximum curvature (d), maximum flow and
decreasing curvature (e), and during diastole (f) (36, with permission).
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noninvasive ways to quantify plaque composition includ-
ing its size, shape, and components (fibrous, lipid, calcifi-
cation, and inflammation) (43). Image-based 2-D and 3-D
multi-component atherosclerotic plaque models with fluid-
structure interactions have been introduced to perform
flow and stress/strain analysis for atherosclerotic plaques
to identify correlations between plaque rupture risk and
critical flow and stress/strain conditions in the plaque
(44,45). Figure 10 gives a plaque sample reconstructed
from in vivo MRI images showing plaque components and
a histology section from an endarterectomy specimen
showing a site of rupture. Figure 11 presents in vivo 3-D
MRI images (T1) of a human carotid plaque, their seg-
mented contour plots, and reconstructed geometry. Flow
velocity plot and maximum principal stress plots from the
3-D FSI model are given (Fig. 11). One of the main findings
is that localized stress/strain conditions at well-selected
critical sites in the plaque showed close correlation (89%
agreement) with histopathological plaque classifications
(Fig. 12) (45).

For artery models containing multi-component plaque
structures and fluid-structure interactions, the added

controlling factors include: (a) parameters defining the
plaque structure that include total plaque volume and
stenosis severity, lipid pool size and location, calcification
size and location, cap thickness, lumen surface condition
such as erosion and inflammation, intraplaque hemor-

(b)
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Figure 8. The human heart and reconstructed aorta geometry.
(a) The human heart and location of aorta artery; (b) aortic arch
reconstructions. Model 1: CT scan model with no axial or area
smoothing; Model 2: axial and area smoothed model; Model 3: all
cross sections are assumed circular with axial and area smoothing
(37, with permission).

(i) Strain-P1

Max = 0.1509

Min = 0.0078

(g) Stress-P1

Z

Y X

(j) Longitudinal tensile stress (k) Selected tracking

(h) Stress-P1

Max = 356 KPa

Min = 15 KPa

(a) (b) (c) (d)

(e) Pressure, Pin = 110 mmHg (f) Velocity at Pin = 110 mmHg

Vmax =
50.44 cm/s

X Z

Y

Min Max

Universal Scale

Pmax = 111.19 mmHg

P1
P2

P3

X Z

Y

P1

P2

P3

300

250

200

150

100
0 0.2 0.4 0.6 0.8 1

Time (s)

S
tr

es
s-

zz
 (

kP
a)

Figure 9. An AAAmodel reconstructed from CTand results from
an FSI model. (a) AAA geometry reconstructed from CT images;
(b) selected section for modeling; (c) finite element mesh for wall;
(d) FE mesh for fluid; (e) flow pressure inside AAA; (f) flow
velocity plot show flow recirculation; (g) maximum principal
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selected sites; (k) selected tracking locations (42).
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rhage, and so on; (b) vessel and plaque component mate-
rial properties; and (c) on-site flow velocity or pressure
boundary conditions. Research focus is on identifying
critical plaque rupture indicators that may be monitored
noninvasively and provide early predictions to prevent
possible clinical events such as heart attack and stroke
from happening.

Resolutions from in vivo MR images are still limited
with current technologies. Image processing and 3-D
model development are still to be automated. Establish-
ment of gold standard for plaque rupture risk assessment
based on large-scale patient studies takes major long-term
tracking and research effort. However, many potential
new findings and real clinical applications are possible
from image-based patient-specific models.

3.6. Distributed Models for the Arterial Tree

Although the above sections covered flow models for
individual artery segments that provide detailed flow
and structural stress/strain information, sometimes it is
helpful or even necessary to model the entire arterial
system to assess its health or disease state (46,47). A
detailed review is beyond the scope of this article. How-
ever, some selected references are provided here as a
starting point. The arterial system can be modeled by
means of distributed analogs and by lumped parameter
representations, such as the Windkessel. The distributed
models, together with biological data, lead to the explana-

tion of arterial functions in terms of pressure and flow.
The lumped parameter models (or systems of differential
equations) form the basis of arterial compliance and
characteristic impedance estimation. Detailed model as-
sumptions, parameter values, and initial validations can
be found from papers by Xiao et al. (46) and Westerhof and
Stergiopulos (47) and references cited therein.
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Figure 10. (a) A gross carotid plaque specimen; (b) a plaque
sample reconstructed from in vivo MRI images showing plaque
components; (c) a histology section from an endarterectomy speci-
men showing a site of rupture (Tang et al. on-going research).
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Figure 11. In vivo 3-D MRI images of a human carotid plaque
and 3-D reconstruction. (a) 16 MRI (T1) slices selected from a 24-
slice set, slice spacing: 0.5mm.Each image shown here is cut from
the whole-neck image; (b) segmented contour plots showing
plaque components; (c) reconstructed geometry with contour
lines; (D) 3-D geometry showing lipid core and lumen; (E)–(F)
velocity and Stress-P1 plots from the 3-D FSI model (Tang et al.
on-going research).
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3.7. Pulmonary Capillaries

Research for flow in pulmonary arteries is more focused on
capillaries. Computational models of the pulmonary mi-
crocirculation were developed and used to examine blood
flow from arteriole to venule through a realistically com-
plex alveolar capillary bed. Distributions of flow, hemato-
crit, and pressure are presented, showing the existence of
preferential pathways through the system and of large
segment-to-segment differences in all parameters (48).
Bathe et al. simulated the deformations of neutrophils
as they pass through the pulmonary microcirculation and
the effects on transit time, their tendency to contact and
interact with the endothelial surface, and potentially their
degree of activation (49). The neutrophil cell was modeled
as a viscoelastic Maxwell material bounded by constant
surface tension to simulate indentation experiments and
quantify the effects of (N-formyl-L-methionyl-L-leucyl-L-
phenylalanine (fMLP)-stimulation on its mechanical prop-
erties (elastic shear modulus and viscosity. Please refer to
other related chapters in this encyclopedia for more de-
tails.

3.8. Graft, Stent, Computer-Aided Surgical Planning and
Medical Device Designing

As arterial diseases become severe enough, grafts (used to
replace or bypass a segment of the artery) or stents (used
to place in the artery to restore normal blood flow) are
often used in surgical treatment to re-install normal blood
flow. Computational modeling has been used to analyze
flow disturbance caused by geometrical and mechanical
mismatches between the host artery and the graft or
stent, and perform parameter evaluations to optimize
the design of these medical devices and surgical proce-
dures (40,50–53). The geometries, material properties and
design of the graft and stent, surgery design, and proce-
dures are the new controlling factors. The purposes of the
research effort are to minimize the risk associated with
graft/stent placement surgery, restore normal flow envir-
onment as much as possible, prevent the re-stenosis that
often occurs after surgery, and improve surgical success
rate and quality of life of those patients taking graft/stent
operations.

4. TRENDS

In the last 10–20 years, models for blood flow in arteries
are getting closer to realistic clinical applications. More
and more papers are using anatomically accurate or even
patient-specific geometries reconstructed from medical
images so that results and predictions can be physiologi-
cally and clinically relevant. Modern technologies such as
MRI, Doppler ultrasound, IVUS, and CT have provided
noninvasive or minimally invasive methods to obtain
model geometry, boundary conditions, and material prop-
erties. Models with fluid-structure interactions and mod-
els that include several different materials and their
interactions are being introduced. Importance of coupling
fluid dynamics analysis and structure stress/strain ana-
lysis is being recognized. The goal of the research effort is
not only to gain general understanding of blood flow in
normal arteries, but also to understand arterial disease
initiation, progression, and seek critical biological and
mechanical markers that may be used in assessment,
diagnosis, and treatment of arterial diseases. Early pre-
diction and prevention of critical clinical events such as
heart attack and stroke may be possible if the right risk
indicators can be identified and monitored. Interdisciplin-
ary collaborative effort from mathematicians, numerical
analysts, engineers, and medical doctors will bring the
models to a clinically relevant level and lead to significant
contributions to human health.

More specifically, the following areas can find potential
applications of blood flow models in various forms: (1) Use
of patient-specific geometries. Researchers are developing
new noninvasive imaging technologies such as MRI, CT,
and ultrasound to obtain 3-D geometries of diseased
arteries with reasonable resolution to identify plaque
components and assess plaque rupture risk. (2) Transient
3-D FSI simulations with realistic blood rheology and
vessel material properties. Patient-specific vessel proper-
ties and on-site blood pressure conditions are needed for
accurate transient 3-D FSI simulation. The technology to

Lipid Cores
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Lipid Cores

Flow

Local maximum = 57.2 KPa, possible rupture site

Lipid cores

(a) Plaque Geometry

(b) Global Maximum Stress Appears at Healthy Side

(c) Local Maximum Stress Appeared at a Critical Site

Figure 12. Local stress/strain extreme values may be better risk
indicators than global maximal stress/strain values. (a) A sample
carotid plaque geometry; (b) Maximal principal stress plot for the
whole sagittal slice showing maximum on the healthy side of the
vessel; (c) Maximal principal stress Stress-P1 plot for the upper
half of a diseased vessel showing a local maximum stress at the
plaque cap and a minimum in the lipid pool (45, with permission).
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obtain such information is still to be developed. (3) A
better understanding of disease processes, post-operative
complications, and critical clinical events. Computational
modeling, clinical investigation, and long-term tracking
are needed to understand and discover the mechanisms
governing those events. (4) Early medical diagnoses of
specific diseases/complications based on computational
risk assessment. How to select the right risk indicators
and valid computational predictions is a great challenge to
researchers in the field and also presents great opportu-
nities for new investigations and findings. (5) Develop-
ment of new medical devices. Based on computational
predictions and clinical observations, new medical devices
may be invented that will achieve optimal treatment.

5. CONCLUSION

Mathematical and computational models for blood flow in
arteries include geometry of the artery, material proper-
ties, governing equations derived from conservation laws,
and proper initial and boundary conditions. Lists of con-
trolling factors, geometrical and material parameters, and
research focuses for each model were discussed. Rapid
development of computational methods and medical ima-
ging technologies has advanced artery models from idea-
lized geometries to image-based anatomically accurate or
even patient-specific models, which are much closer to
realistic clinical applications. Combination of fluid dy-
namics analysis and structure stress/strain analysis may
provide information useful for arterial diseases assess-
ment, diagnosis, and treatment. Further development of
current technologies for better image resolution and vali-
dations from real patient studies will lead to more accu-
rate and reliable predictions from these artery models.
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1. INTRODUCTION

Fluid flow occurs throughout biomedical engineering in
areas as different as air flow in the lungs, Fung (1) and
Primiano (2), to diffusion of nutrients or wastes through
membranes [Hampers et al. (3), Neuman (4), and Tedgui
and Lever (5)]. Flow-related problems can involve fluid
media in the form of gas, liquid, or multiphase flows of
liquids and gas together or in combination with solid mat-
ter. Biomedical flows occur in both in vivo, Jin et al. (6),
and in vitro, Hochareon et al. (7). They can involve rela-
tively benign flows like that of saline through an intrave-
nous tube to a biochemically active flow of a
nonNewtonian fluid such as blood. Many biomedical or
bioengineering processes require the quantification of
some flow field that may be directly or indirectly related
to the process. Such quantification can involve the mea-
surement of volume or mass flow, the static and dynamic
pressures, the local velocity of the fluid, the motion (speed
and direction) of particles such as cells, the flow-related
shear, or the diffusion of a chemical species.

Interest in understanding fluid flows and attempts to
measure flow-related phenomena has had a long history in
the scientific and medical communities with early work by
Newton, DaVinci, and others. Early studies often involved
observations of flow-related phenomena that can be char-
acterized as simple flow visualization or particle tracking
(8), or the estimation of a pressure by the displacement of
a fluid. Rouse and Ince (9) provide a historical review of
these early works. Throughout the years, flow measure-
ment techniques have advanced significantly in capability
(what is measured and how), versatility, and in many
ways, complexity. Some techniques, such as photographic
flow visualization, have changed little in over 100 years,
whereas others are only possible because of advances in
electronics, optics, and physics. Improved capability and
versatility are evidenced through the increased ease of use
in some systems and the ability to measure more quanti-
ties with increased accuracy and resolution. However, this
improved capability and versatility has, in some cases,
come at the cost of increased complexity in system hard-
ware, calibration requirements, and application complex-
ity.

Measurement techniques can be characterized as inva-
sive or noninvasive and direct or indirect. Invasive mea-
surement techniques require the insertion of a sensing or
a sampling element directly into the flow field. As a result
of this direct insertion, invasive probes may alter the flow
field characteristics or induce bias errors associated with
the presence of the probe in the flow field or by the oper-
ation of the probe (10,11). Invasive probes are often de-
signed to minimize flow disturbance by miniaturizing the
sensing elements or by displacing the sensing elements
some distance from the hardware holding the probe in the
flow, as illustrated in Fig. 1. Invasive probes also require
some type of closure at the penetration site through the
boundary of the flow, which must be accounted for in the
test design and can be particularly important in in vivo
applications to prevent fluid loss or infection. White et al.
(12) measured wall shear stress in the abdominal aorta of
dogs with an invasive, flush-mounted hot-film probe.
These authors describe how the probe tip is modified to
provide an effective entry mechanism through the arterial
wall with an adequate seal.

Noninvasive techniques do not involve direct insertion
of a sensor into the flow but provide sensing capability
through either access to the flow at the flow boundary or
through the use of some form of electromagnetic radiation
(EMR) transfer or propagation. Wall-mounted thermal
sensors, static pressure taps and transducers, or surface
sampling probes are examples of noninvasive techniques
that require access to the boundary of the flow field
through a wall penetration (12). Ultrasound (13), mag-
netic resonance (MR), x-ray, and optical techniques are all
examples of EMR that can be used to probe flow fields (14).
Unlike the wall-mounted, invasive probes described
above, EMR-based measurement systems do not require
physical penetration into the flow field or access through
the flow field boundary. They do, however, require a ‘‘win-
dow’’ into the flow through the boundary enclosing the
flow field of interest. This ‘‘window’’ depends on the type of
technique being used. Optical-based techniques require
an optically clear window that may not be suitable for in
vivo applications, whereas ultrasound and x-ray tech-
niques require that the material properties of the flow
boundaries be transparent to these forms of EMR waves.
For example, lead will shield x-ray penetration, and metal
objects on a surface or in the flowmay create local artifacts
(noise or error) in MR measurements.

Direct and indirect measurements are defined by how
quantities of interest are measured. The displacement of a
particle or cell in a flow can be directly measured by pho-
tographing the movement of the particle over a finite time
interval (15). Most flow-related measurement systems,
however, are indirect. In general, velocity or flow is indi-
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Figure 1. Examples of invasive velocity mea-
surement sensors with displaced sensing ele-
ments relative to their probe supports. (a) A
boundary layer style hot-wire probe for thermal
anemometry. Picture from TSI Inc. catalog,
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rectly calculated from the direct measurement of a quan-
tity and the application of a calibration that relates the
magnitude of the measured quantity to the parameter of
interest. This calibration may involve not only a conver-
sion of a measured quantity like a voltage to a physical
quantity such as a pressure, but may also involve the ap-
plication of a functional relationship (i.e., Bernoulli’s
equation), which requires assumptions about the flow.
For example, volume flow probes often assume a charac-
teristic velocity profile at the location of the probe (16).
Blood flow in the microcirculation can be estimated by in-
directly measuring the cell velocity with a time-of-flight
optical technique where the time a cell takes to move a
known distance is measured and the cell velocity is cal-
culated by the ratio of the distance divided by the transit
time (17).

Indirect measurement can also impact the uncertainty
in the estimated quantity. The measurement of velocity
with a Pitot probe is one example of an indirect measure-
ment (18). The Pitot probe measures the local dynamic
and static pressures in the flow. These pressures are most
often measured with a pressure transducer that provides
a voltage output in response to an applied pressure. A
calibration is then applied to the measured voltage to con-
vert it to pressure. Velocity is indirectly calculated from
the estimated pressures using the Bernoulli equation. The
error in Pitot probe velocity measurements includes the
pressure transducer calibration uncertainty, noise and
statistical uncertainty during the pressure measurement,
electronic noise in the acquisition of the transducer output
voltage, transducer drift, and potential bias caused by the
physical size of the probe relative to the flow scales being
measured. These errors are nonlinearly propagated into
the estimate of the velocity uncertainty.

Measurement accuracy is also a function of the physical
and operating characteristics of the probe itself. Many
flows exhibit a range of spatial and temporal scales. The
physical size and the frequency response of the sensing
element must be taken into account when choosing a mea-
surement system for a particular application. A large
sensing element or an element with poor frequency re-
sponse has the effect of low-pass filtering the measured
signal (19). This low-pass filtering will cause a bias in the
measured quantity. The total measurement uncertainty
must also take into account statistical errors associated
with random processes, cycle-to-cycle variability in pulsa-
tile systems, and noise. The reader is referred to the texts
by Coleman and Steele (20) and Montgomery (21) for a
detailed approach to experimental uncertainty analysis.
The focus of this chapter will be on measurement tech-
niques, their fundamentals of operation, their advantages
and disadvantages, and examples of their use.

The name ‘‘Flow Measurement’’ is a broad term that
can encompass the measurement of many different flow-
related parameters. In this chapter, we will focus on the
measurement of those parameters that are most often de-
sired in a biomedical/bioengineering application, volume
flow rate, and velocity. Imaging, Doppler echocardiogra-
phy, and MR techniques are addressed in other chapters
within the encyclopedia and, thus, will only be briefly in-
troduced in this chapter when applicable. This chapter is

subdivided into sections that will address volume flow and
velocity separately, with a detailed presentation of sys-
tems that are available for the measurement of each. Al-
though ultrasound and MR techniques are often used to
measure flow related parameters, a detailed discussion of
the principles of operation will not be presented here as
these topics are covered in depth in other chapters of this
encyclopedia.

2. FLOW MEASUREMENT APPLICATIONS

2.1. Volume Flow Measurement

In both the clinical environment and the laboratory envi-
ronment, the measurement of the volume flow rate of a
fluid as a function of time can be an important parameter.
In internal flow applications, which comprise most bio-
medical flows of interest, the volume flow of a fluid (Q) is
related to the local fluid velocity (V) through the integra-
tion of the velocity over the cross-sectional area of the duct
or vessel (18,22).

Q¼

Z

VdA ð1Þ

The flow rate Q, velocity V, and area A have dimensions of
volume per time, length per time, and length squared, re-
spectively. The SI units are typically used in the bioengi-
neering field with mass units of grams or kilograms,
length units of meters (millimeter and centimeters), and
time units of seconds. The mass flow (M) is directly related
to the flow volume through the fluid density, r, with units
of mass/volume.

M¼ r �Q ð2Þ

Fluid pressure and velocity are related through the Na-
vier–Stokes equations, which govern the flow of fluids in
internal and external flows [see White (22)].

The volume flow rate of blood is often measured in
many cardiovascular applications (23). For example, car-
diac output (CO) is the integrated average of the instan-
taneous volume flow rate of blood (Qb) exiting the aortic
valve over one cardiac cycle (Tc):

CO¼

Z

Qb dt

� �

=Tc: ð3Þ

The cardiac output has units of volume flow rate, volume
per unit time. The following subsections will provide an
overview of measurement techniques typically used for
volume flow and velocity measurement in in vivo and in
vitro studies. This chapter will be limited to those flow
measurement techniques most often used in the biomed-
ical and bioengineering fields. Specialized measurement
techniques, such as concentration or species measurement
through laser-induced fluorescence (LIF) or mass spect-
rometry, will not be addressed.
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2.1.1. Electromagnetic Flow Probes. Carolina Medical,
Inc. developed the first commercially available electro-
magnetic flow meter in 1955. The design provided scien-
tists and clinicians with a noninvasive tool that could
directly measure the volume flow rate (16). Clinical probes
were developed that could be attached to a vessel for ex-
travascular measurement of blood flow without the need
for cannulation of a surgically exposed vessel.

Electromagnetic flow meters are volumetric flow mea-
suring devices designed to measure the flow of an electri-
cally conducting liquid in a closed vessel or pipe.
Commercial meters, used in both the biomedical and gen-
eral engineering fields, come in a variety of sizes and de-
signs that can measure flow rates from B1ml/min to
4 100,000 l/min. Reported uncertainties are typically on
the order of a few percent but can be as low as 0.5% of
reading in some specialized meter designs. Low uncer-
tainties are dependent on proper use and installation of
the meter. Improper use or installation (mounting the
meter in a location with a complex flow profile) will in-
crease measurement uncertainty. Most clinical quality
meters that are mounted externally to a vessel exhibit
uncertainties that can approach 15% in some applications,
(Carolina Medical, Inc., product support literature). In
cardiovascular applications, these meters may also be sus-
ceptible to electrical interference by the heart or by mea-
surement anomalies caused by motion of the probe.

The principle governing the operation of an electro-
magnetic flow meter is Faraday’s Law of Electromagnetic
Induction. This law states that an induced electrode volt-
age is proportional to the velocity of flow of a conductor
through a magnetic field of a known density. Mathemat-
ically, this is:

Ee¼K½V � B � Le�: ð4Þ

Here, Ee is the induced voltage between two electrodes
(with units of volts) separated by a known conductor
length Le (provided by the conducting fluid between the
electrodes) in units of millimeters or centimeters, B is the
magnetic field strength in units of Tesla’s, and V the con-
ducting fluid average velocity in units of length per time.
The parameter K is a dimensionless constant. Meter out-
put is linear and proportional to flow velocity.

Fluid properties such as viscosity and density are ab-
sent from Equation 4. Thus, the output of an electromag-
netic flow meter is independent of these properties and its
calibration is independent of the type offluid, provided the
fluid meets minimum conductivity levels. This meter can
then be used for highly viscous fluids, Newtonian fluids,
and nonNewtonian fluids such as blood. The requirement
of an electrically conductive fluid can disqualify an elec-
tromagnetic meter in some applications. Typical meters
require a minimum fluid conductivity of B1 microSie-
mens/cm. However, low conductivity designs are capable
of operating with fluid conductivities as low as 0.1 micro-
Siemens/cm. The presence of gas bubbles in the fluid can
cause erratic behavior in the meter output.

A typical meter design has electromagnetic coils
mounted on opposing sides of an electrically insulated
duct with two opposing electrodes mounted 90 degrees

relative to the electromagnets. The two electrodes are
mounted such that they are in contact with the conduct-
ing fluid. Figure 2 illustrates the typical configuration.

The meter is designed to generate a magnetic field that
is perpendicular to the axis of motion of the flowing fluid.
A voltage is generated when the conducting fluid flows
through the magnetic field. This voltage is sensed by the
two opposing electrodes. The supporting material around
the meter is made of a nonconducting material to prevent
leakage of the voltage generated in the moving fluid into
the surrounding material. In practice, the conductor
length, Le, is not the simple path illustrated, but is rather
the integral of all possible path lengths between the two
electrodes across the cross section of the duct or vessel.
The signal generated along each path length is propor-
tional to the fluid velocity across that path. Thus, the two
electrodes measure the integrated sum of all velocities
across every possible path in the vessel cross section. This
signal is then directly proportional to the volume flow rate
of the fluid passing through the magnetic field.

The magnetic field generated in commercial meters
may be anything from a uniform field to a specifically de-
signed field with prescribed characteristics. Meters with
uniform magnetic fields can exhibit some sensitivity to the
conducting liquid’s velocity profile. Fluid flowing through
a vessel does not have the same velocity at all locations
across the vessel. The no-slip condition at the walls of the
duct ensures that the fluid velocity at the wall is zero (18).
Viscosity then generates a gradient between the flowing
fluid in the vessel and the stationary fluid at the wall. In
complex geometries, secondary flows may occur and ve-
locity gradients in other directions may also develop
(24,25). This variation in fluid velocity across the mag-
netic field coupled with variations in the conductor length
generates a variation in the magnitude of the voltage
measured across the duct. As a result, installation of these
meters must be carefully performed to ensure that the ve-
locity profile of the liquid in the tube is close to that used
during calibration.

Insulated
duct

Conducting
fluid

Electrode

Electro-
magnet

Magnetic
field

Electrode
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Figure 2. Illustration of the principle of operation of the electro-
magnetic flowmeter. Note, the magnetic field, electrodes, and flow
direction are all mutually perpendicular to one another.
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A number of commercial meters shape the magnetic
field coils to generate a magnetic field that exhibits a field
strength with a prescribed pattern across the duct. This
field shaping compensates for some velocity variations in
the duct and provides a meter with a reduced sensitivity to
flow profile. As a result, this type of meter is better able to
measure in vessels with upstream and downstream char-
acteristics, such as curvature and nonuniformity in the
vessel cross section, that generate asymmetric flow pro-
files with secondary flow velocity components.

Commercial meters generate magnetic fields with ei-
ther an AC excitation or a pulsed DC excitation. The AC
excitation generates a magnetic field with a strength that
varies with the frequency of the applied AC voltage. This
configuration produces a meter with a relatively high-fre-
quency response but with the disadvantage that the out-
put signal not only varies with the flow velocity but also
with the magnitude of the alternating excitation voltage.
Thus, the output of the meter for a flow with constant ve-
locity across the vessel will exhibit a sinusoidal pattern. In
addition, zero flow will produce an offset output because of
the presence of the nonmoving conductor in a moving
magnetic field. Quadrature signal rejection techniques
can be used to filter the unwanted signal generated by
the AC excitation from the desired signal generated by the
flowing liquid, but this correction requires careful com-
pensation and zeroing of the meter in the flow field before
data acquisition.

The pulsed DC excitation was developed to reduce or
eliminate the zero shift encountered with AC excitation.
This improvement has the cost of reduced frequency re-
sponse and increased sensitivity to the presence of partic-
ulates in a fluid. Particles that impact the electrodes in a
pulsed DC-operated meter produce output fluctuations
that can be characterized as noise. The accuracy in each
system is comparable.

A low sensing voltage at the electrodes requires a sig-
nal conditioning unit to provide a measurable output with
a good signal-to-noise. Meter calibrations typically involve
one of two calibration techniques. The meter and signal
conditioning unit are calibrated separately, or the meter
and signal conditioning unit are calibrated as a system.
The latter provides the most accurate calibration with ac-
curacies that can approach 0.5% of reading in certain ap-
plications. The reader is referred to literature by various
manufacturers of electromagnetic flow meters for a more
comprehensive discussion of the techniques, operation,
and use for specific applications.

2.1.2. Ultrasound Techniques – Transit Time Volume Flow
Meters. Ultrasonic Transit Time flow meters provide a di-
rect measure of volume flow by correlating the change in
the transit time of sound waves across a pipe or vessel
with the average velocity of the liquid flowing through the
pipe (16,26,27). Transit time ultrasonic flow meters are
widely used in clinical cardiovascular applications. In re-
cent years, a number of studies have been performed to
evaluate and compare transit time ultrasonic flow mea-
surement techniques with other techniques used clinically
(28). The typical configuration for an ultrasonic flow probe
involves one or two ultrasonic transducers (transmitters/
receivers) and possibly an ultrasonic reflector. Transduc-
ers and reflectors are positioned in opposing configura-
tions across a tube or vessel as illustrated in Fig. 3. The
time it takes an ultrasound wave to propagate across a
fluid depends on the distance of propagation and the
acoustic velocity in the fluid. If the fluid is moving, the
motion of the fluid will positively or negatively add a
phase shift to the time of propagation (transit time)
through the fluid, which can be written mathematically
as:

Tt¼Dp=½c� V � cosðyÞ�: ð5Þ

Here, Tt is the measured transit time (sec), Dp is the
total propagation distance of the wave (length units), c is
the acoustic speed of the fluid (units of length per time), V
is the average velocity of the fluid (units of length per
time) over the propagation length, and y is the angle be-
tween the flow direction and the propagation direction of
the wave. The configurations illustrated in Fig. 3 have an
inherent dependency of the measured transit time on the
coupling of the transducer with the vessel. Acoustic im-
pedance characteristics of the vessel wall, and mismatches
in impedance at the vessel wall/transducer and wall/fluid
interfaces will affect the accuracy of the flow rate mea-
surement.

The approach to using Equation 5 in a metering device
is to incorporate bidirectional wave propagation in oppos-
ing directions, as shown in Fig. 4, which will produce two
independent transit time measurements (Tt1 and Tt2), one
from each direction of propagation. The forward direction
transit time Tt1 is defined by Equation 5 with a plus sign
before V and Tt2 is defined by the minus sign. The fluid
velocity can then be obtained by taking the difference of
the transit times (Tt1�Tt2). It can be shown that, for fluid
velocities small relative to the acoustic velocity of the fluid

Transducers

Transmit Receive
Receivers

Transmitters

FlowFlow

Reflector Figure 3. Illustration of principal of transit time
ultrasonic flow probe operation.
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(V2{c2), this difference reduces to:

ðTt1 � Tt2Þ¼ 2Dp ðV � cosðyÞÞ=c2: ð6Þ

With the probe geometry defined (the propagation dis-
tance and propagation angle relative to the vessel or flow
direction) and with the fluid properties known (acoustic
speed of the fluid), the average speed of the fluid along the
propagation path of a narrow beam can be calculated from
the transit times. Wide beam illumination, where the
beam width is wider than the vessel diameter, effectively
integrates the measured transit time phase shift over the
cross section of the vessel. The wide beam transmission
can be approximated by the summation of many infinites-
imally narrow beams adjacent to one another. Thus, the
measured wide beam phase shift is proportional to the
sum of these narrow beams propagating through the ves-
sel. As the phase shift encountered in a narrow beam
transmission is proportional to the average fluid velocity
times the beam path length, integrating or summing over
all narrow beams across the vessel results in a measured
total transit time phase shift that is proportional to the
average fluid velocity times the area of the vessel sliced by
the ultrasound beam, or the volume flow rate.

The popular Transonic Systems, Inc. flow meter uses
bidirectional transmission with two transducers operating
in transmit and receive modes, and a single reflector con-
figured as illustrated in the left schematic of Fig. 4. This
approach increases the propagation length while effec-
tively reducing sensitivity to wall coupling or misalign-
ment of the probe with the wall. The increased path length
improves uncertainty and provides a probe body with a
relatively small footprint, an advantage in in vivo or sur-
gical applications.

The basic operation of a bidirectional transit time
meter involves the transmission of an ultrasound plane
wave at a specific frequency. This wave propagates
through the vessel wall and fluid where it is either re-
ceived at the opposite wall or is reflected to another trans-
ducer operating as an acoustic receiver. This received
signal is recorded, processed, and digitized before the
transducer is reconfigured to transmit a second pulse in
the opposite direction. The overall frequency response of
such a probe is dependent on the pulse time, the time de-

lay between the forward and reverse pulses, the acoustic
speed through the medium, the propagation distance, and
the signal conditioning electronics, which can include an-
alog signal acquisition and filtering. The meter size gov-
erns the propagation distance and, thus, the size of the
vessel that the meter can be mounted on.

The frequency response of commercial probes varies
from approximately 100Hz to more the 1KHz, where the
highest frequency responses are obtained in the smaller
probes. As a result, commercial probes have sufficient fre-
quency response for most clinically or biomedically rele-
vant flow regimes. Velocity and flow resolution is
governed, in part, by the propagation length over which
the flow is integrated and the resolution of the transit time
measurement. The reader is referred to the meter manu-
facturers for detailed information about the operating
specifications of particular meters. Reported uncertainties
in transit time meters can be better than 15%. Actual un-
certainties will depend on meter use, the experience of the
operator, the meter calibration, and the acoustic proper-
ties of the fluid measured and how these properties differ
from those of the calibration fluid.

2.1.3. Ultrasound Techniques – Doppler Volume Flow
Meters. Flow can also be measured by ultrasound using
the Doppler shift in a propagating sound wave generated
by moving objects in a fluid flow (16,29). The primary dif-
ference is in the principal of operation. Devices using the
Doppler approach measure the Doppler frequency shift of
the transmitted beam caused by the motion of particles
encountered along the beam path, as illustrated in Fig. 5.
The Doppler shift caused by reflection of an incident wave
by a moving particle is given by:

FD¼ 2FoV cosðyÞ=c: ð7Þ

The shift frequency FD (units of 1/sec) is linearly related to
the component of the speed of a particle, V, inþ the di-
rection of the wave propagation, the initial transmission
frequency of the wave, Fo, and the speed of sound in the
fluid, c. The reader is referred elsewhere in this encyclo-
pedic series and to the text by Weyman (29) for a detailed
presentation of the Doppler technique.

The Doppler meter provides a direct measure of veloc-
ity that can be used to calculate the volume flow rate in-
directly. Most biomedical applications involving volume
flow measurement are performed on flow through a duct
or vessel of given shape and size. Thus, the volume flow is
the integral of the measured velocity profile across the
vessel cross-sectional area as defined in Equation 1. The
integral in Equation 1 can be related to the average ve-
locity �U across the duct multiplied by the cross-sectional
area of the duct (22). The Doppler technique then requires
not only an estimate of the average velocity in the vessel
but knowledge of the vessel area as well.

Commercially available Doppler volume flow meters,
although not commonly used in biomedical applications,
can be attached to a pipe or duct wall as with transit time
meters. The commercial Doppler flow meters measure vol-
ume flow by integrating the measured Doppler shift fre-
quency generated by particles throughout the flow. This
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Figure 4. Bidirectional wave propagation.
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integration is performed over a predefined path length in
the flow and is dependent on the number and type of par-
ticles, their size, and distribution. The meter accuracy is
also dependent on the velocity profile in the flow. Careful
in situ calibrations are often needed to obtain accuracies of
less than 10%. The Doppler meter has several disadvan-
tages when compared with the transit time meter. It re-
quires a fluid that contains a sufficient concentration of
suspended particles to act as scattering sites on the inci-
dent ultrasound wave. These particles must be large
enough to scatter the incident beam with a high intensity
level, but small enough to ensure that they follow the fluid
flow (30). As a result of their dependence on flow profile,
Doppler flow meters are not well suited for measurement
of flow in vessels with curvature or branching. Doppler
flowmeter measurements in blood rely on blood cells to act
as scatterers. Clinical Doppler ultrasound machines, com-
monly used in echocardiography, can also be used to indi-
rectly infer volume flow through the direct measure of the
fluid velocity, and will be discussed later in the subsection
on velocity measurements.

2.1.4. Invasive or Inline Volume Flow Measurement. In-
vasive or inline flow meters must be installed inline as a
part of the piping or vessel network and involve hardware
that is in contact with the fluid. These meters often have a
nonnegligible pressure drop and may adversely interact
with the flowing fluid. As a result, these meters are not
often used in in vivo applications. Meters that fall in this
category are: variable area rotameters, turbine/paddle
wheel meters, and vortex shedding meters. The primary
advantage of these meters is low cost and ease of use.
However, these meters typically exhibit sensitivity both to
fluid properties, which can be dependent on temperature
and pressure, and to flow profile (22).

Variable area rotameters are simple measurement de-
vices that can be used with a variety of liquids and gases.
The flow of fluid through the meter raises a float in a ta-
pered tube, as shown in Fig. 6. The higher the float is
raised, the larger the diameter of the tapered tube, in-
creasing the cross-sectional area of the tube for passage of
the fluid. As the flow rate increases, the float is elevated
higher in the tube. The height of the float is directly pro-
portional to the fluid flow rate. In liquid flow, the float is
raised by the combination of the buoyancy of the liquid
and the fluid drag on the float. Buoyancy is negligible in

gaseous flows and the float moves in response to the drag
by the gas flow. For constant flow, the float reaches a stable
position in the tube when the upward force generated by
the flowing fluid equals the downward force of gravity. The
float will move to a new equilibrium position in response to
a change in flow. These meters must be installed vertically
to operate properly; however, spring-loaded meters have
been designed to eliminate the need for gravity and permit
installation in other orientations.

Rotameters are designed and calibrated for the type of
fluid (fluid properties such as viscosity and density) and
flow range expected. They do not function properly in
nonNewtonian fluids. Use of a meter with a fluid different
from that which the meter was calibrated for, or with a
fluid at a different temperature or pressure, requires a
correction to the meter reading. Meter uncertainty and
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repeatability will vary with operation of the meter, but can
approach a few percent with proper operation.

Turbine and paddle wheel meters measure volume flow
rate through the rotation of a vaned rotor in contact with
the flowing fluid. These meters are intrusive flow mea-
surement devices that produce higher pressure drops than
others in the class of invasive flow probes. The turbine
meter has a turbine mounted across the pipe or duct in full
contact with the flow, whereas the paddle wheel meter has
a vaned wheel mounted on the side of the duct with half of
the wheel in contact with the flow. Accuracy and repeat-
ability is best with the turbine meter, but the pressure
drop is also higher. An AC voltage is induced in a magnetic
pickup coil as the turbine or paddle wheel rotates. Each
pulse in the AC signal represents the passage of one blade
of the turbine. As the turbine fills the flow path, a pulse
represents a distinct volume of fluid being displaced be-
tween two turbine blades. This design provides an accu-
rate direct measure of the volume flow rate.

Flowmeter selection must take into account the type of
fluid, the flow rate range under study, and the acceptable
pressure drop for a given flow application. In general,
these meters have a sensitivity to flow profile, and the
pressure drop is dependent on the fluid properties. The
meters incorporate moving parts within the flow and thus
use bearings to ensure smooth operation. Bearing wear
will affect the meter accuracy and must be monitored for
the life of the meter. The paddle wheel meter operates in a
similar manner as the turbine meter. The primary differ-
ence is that only part of the rotor is in contact with the
fluid and, thus, although the paddle wheel meter is more
sensitive to flow profile, it has a smaller pressure drop.
Installation of these meters often involves a specified
number of straight pipe sections upstream and down-
stream of the meter and may also require installation of
a flow straightener inline upstream of the meter.

Vortex meters operate on the principal of Strouhal
shedding. Separating flow over an obstruction such as a
cylinder or sharp-edged bar results in a pulsatile or oscil-
latory pattern as shown in Fig. 7. The shedding frequency,
o (units of 1/sec), is related to the fluid velocity by:

o¼V � St=L; ð8Þ

where St is the Strouhal number, which is a nondimen-
sional number that is a function of the flow Reynolds
number and geometry of the obstruction, and L is a char-
acteristic length scale (22). For a cylinder, L is the diam-
eter of the cylinder. The Reynolds number is a
dimensionless number that is the ratio of inertial to vis-
cous forces in the flow and is defined as

Re¼V � L=n: ð9Þ

Here, V and L are defined as in Equation 8, and n is the
kinematic viscosity of the fluid with units of length
squared per time.

The vortex meter is an intrusive meter that has a
‘‘shedder bar’’ installed across the diameter of the duct.
The flow separates off this bar and generates a shedding
frequency that is transmitted through the bar to a piezo-
electric sensor attached to the bar. The meter is sensitive
to flow and fluid properties, and rated accuracy and pres-
sure drop depend on application.

Volume flow rate can also be estimated through an in-
direct measure of the velocity profile in the flow and the
use of Equation 1. A number of instruments are available
that measure fluid velocity in biomedical engineering ap-
plications. Doppler ultrasound and MR phase velocity en-
coding are standard clinical techniques used to measure
velocity of a flowing fluid noninvasively. In vitro systems
that are commonly used to measure fluid velocity, in ad-
dition to Doppler and MR, are laser Doppler velocimetry
(LDV), particle image velocimetry (PIV), and thermal ane-
mometry. Besides an estimate of volume flow rate, fluid
velocity measurement can provide quantification of flow
profiles, fluid wall shear, pressure gradient, and flow mix-
ing. The following section summarizes velocity measure-
ment techniques commonly used in biomedical/
bioengineering applications.

2.2. Velocity Measurements

2.2.1. Thermal Anemometry. Thermal anemometry is
an invasive technique used to measure fluid velocity or
wall shear. A heated element is inserted into the flow and
specialized electronic circuitry is used to measure the rate
of change in heat input into the element in response to
changes in the flow field (31). Thermal anemometry, when
used properly, is characterized by high accuracy, low noise,
and high spatial and temporal resolution. Its main disad-
vantages are sensitivity to changes in fluid temperature
and properties, particulates and bubbles suspended in a
fluid, nonlinear response to velocity, and its invasive char-
acteristics (geometry, size, vibration, etc.).

Hot-film anemometry has been used to measure blood
velocity and wall shear in biomedical and bioengineering
applications both in vitro and in vivo. Arterial blood flow
velocity measurements were performed by Nerem et al.
(32,33) in horses and by Falsetti et al. (34) in dogs. Tarbell
et al. (35) used flush-mounted hot films to measure wall
shear in the abdominal aorta of a dog. In vitro applications
of hot-film anemometry include the measurement of wall
shear in an LVAD device (36) and the in vitro measure-
ment of flow in rigid models of arterial bifurcations by

Figure 7. Vortex shedding from a circular cylinder. Picture from
White (22), courtesy of the U.S. Naval Research Laboratory.
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Batten and Nerem (37). Although rarely used in biomed-
ical applications now, we will briefly present hot-film ane-
mometry here for completeness. The reader is referred to
the text by Bruun (38) and the symposium proceedings by
Stock (39) for a detailed presentation of thermal ane-
mometry.

Thermal anemometry operates on the principal of con-
vective cooling of a heated element. A thin wire or coated
quartz element, mounted between supports, is heated and
exposed to a fluid flow, as shown in Fig. 8. The element is
heated by passing a current through the wire or element.
The amount of heat generated is proportional to the cur-
rent, I (measured in units of amps), and the resistance of
the element, R (ohms), by I2R. The element is convectively
cooled by flow until an equilibrium state is reached be-
tween electrical heating of the element and flow-induced
convective cooling; DE/Dt¼WþH, where E is the thermal
energy stored in the element, W is the heat added by Joule
heating, and H is the heat loss to the environment by
cooling. At equilibrium, DE/Dt¼ 0 and W¼H.

Changes in flow velocity will increase or decrease the
amount of convective cooling and produce changes in the
equilibrium state of the element or the temperature of the
element. Commercial anemometers employ a four-arm
electronic bridge circuit to maintain constant element
temperature, current, or voltage in response to changes
in convective cooling. As convective cooling changes, the
anemometer output, current, or voltage changes in re-
sponse to maintaining the desired set condition. This equi-
librium condition assumes that radiation losses are small,
conduction to supports is small, temperature is uniform
over the length of the sensor, velocity impinges normally
on the sensor, velocity is uniform over the sensor length
and is small compared with the sonic speed, and, finally,
the fluid temperature and density are constant.

An energy balance between convective heat cooling and
Joule heating can be performed to derive a set of govern-
ing equations that relate input current, I, to convective
velocity, V. The ‘‘King’s Law’’ is the classic result of this
energy balance:

I2R2
¼V2

o ¼ ðTw � TaÞðAþB � Vn
Þ; ð10Þ

where Vo is the measured voltage drop in response to a
velocity, V, and Tw and Ta are the wire and ambient fluid
temperatures (degrees C), respectively. The coefficients, A
and B, and power, n, are determined through careful cal-
ibration over the velocity and temperature range that will
be observed experimentally. In the event of a three-com-
ponent flow, the probe must be calibrated for yaw and
pitch angles between the probe and the flow velocity vec-
tor, and the velocity, V, in Equation 10 must be replace by a
term related to the velocity vector magnitude. Bridge-type
circuits are also prone to stable and unstable performance
under unsteady operation. Thus, the overall calibration of
a hot-wire/film system must involve the element and elec-
tronics as a system, and must also involve dynamic cali-
brations to characterize the frequency response of the
system.

Hot-wire/film probes come in a variety of sizes, shapes,
and configurations. Probes are manufactured from plati-
num, gold-plated tungsten, or nickel-plated quartz, and
come in single- or multi-element configurations for mea-
surement in a variety of flow conditions. The reader is re-
ferred to the hot-wire/film manufacturers for a complete
summary of probe types and conditions for use. In general,
wire probes are used when possible because of lower cost,
improved frequency response, and ease of repair. How-
ever, wire probes are more fragile compared with film-type
probes and are usually restricted to air flows. Film probes
are used in rough environments, such as liquid flows.

The following considerations should be addressed to
ensure accurate measurements when using thermal ane-
mometry. The type of flow should be assessed for velocity
range, flow scales, and fluid properties (clean gas or par-
ticle contaminated liquid, etc.). The flow characteristics
will define the right probe, anemometer configuration, and
A/D setup to use. Perform appropriate calibrations with
complete hardware setup. Perform the experiment and
post calibrations to ensure that the anemometer/probe
calibration has not changed.

2.2.2. Doppler Ultrasound and Magnetic Resonance Flow
Mapping. The focus of this subsection is to introduce the
concept of Doppler ultrasound and MR flow mapping for
local velocity measurement. Flow measurement with clin-
ical Doppler can suffer from the same limitations as the
small Doppler meter, but has several advantages over
these small meters. Most ultrasound machines can oper-
ate in continuous wave or pulsed Doppler modes of oper-
ation; see Weyman (29) for a more detailed discussion of
the modes of operation.

Pulsed Doppler ultrasound offers the advantage of lo-
calizing a velocity measurement within a flow and can be
used to measure the velocity profile across a vessel or le-
sion. This information coupled with echocardiographic
imaging of the geometry can be used to calculate the
flow rate from Equation 1. Unfortunately, the implemen-
tation of this technique is not straightforward because of
limitations in resolution, velocity aliasing, and the need to
know the relative angle between the transmitted ultra-
sound beam and the local flow.

Velocity aliasing in pulsed-mode Doppler occurs be-
cause the signal can only be sampled once per pulse trans-
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Figure 8. Illustration of a hot wire or film element.
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mission (e.g., the pulse repetition frequency). Frequency
aliasing, or the ambiguous characterization of a wave-
form, occurs in signal processing when a waveform is
sampled at less than one half of its fundamental fre-
quency, referred to as the Nyquist condition in signal pro-
cessing. In a pulsed Doppler system, velocity aliasing will
occur when the Doppler shift of the moving particles ex-
ceeds half of the pulse repetition frequency. As the pulse
repetition frequency is a function of the depth at which a
sample is measured, the alias velocity will vary with imag-
ing depth. Increasing the imaging depth will lower the
velocity at which aliasing will occur. Continuous wave
Doppler signals are typically digitized at higher sampling
frequencies, limited by the Nyquist frequency associated
with the frequency of the transmission wave. Velocities
observed clinically produce Doppler shifts that are gener-
ally lower than sampling frequencies used in continuous
wave Doppler. As a result, velocity alias is not usually ob-
served with continuous mode Doppler in clinical applica-
tions.

Aliased signals that are processed by the measuring
system are not directly proportional to the Doppler shift
generated by the velocity of the particle but can be related
to the Doppler shift. Undersampling a wave under esti-
mates the frequency and produces a phase shift. Most
clinical Doppler machines use the frequency and phase of
the sampled wave to infer both velocity magnitude and
direction. Velocity alias will produce a lower velocity mag-
nitude with increasing Doppler shift above the alias limit.
As frequency is by definition positive and Doppler ma-
chines use the signal phase to determine direction, the
measured frequency is usually reported as a negative ve-
locity above the alias limit, which is often displayed as an
increasing positive velocity magnitude with increasing
Doppler shift up to the alias limit. Further increases in
the Doppler shift (particle velocity) result in a sign change
at the velocity magnitude of the alias velocity with a con-
tinued decrease in velocity with increasing Doppler shift.
Velocity alias can be reduced or eliminated by frequency
unwrapping and baseline shifting, or through the careful
selection of machine settings during data acquisition.

Frequency unwrapping is simply correcting the re-
ported aliased velocity by a factor that is related to the
alias velocity limit and the magnitude of the reported neg-
ative velocity. This correction is, roughly speaking, adding
the relative difference in magnitude between the mea-
sured aliased velocity and the velocity alias limit to the
velocity alias limit. This method of addressing velocity
alias is often accomplished by baseline shifting in com-
mercial Doppler machines. In baseline shifting, the phase
angle at which a negative velocity is defined is shifted with
the effect of a relative shift in the reported alias velocity.
Baseline shifting or frequency unwrapping does not elim-
inate velocity alias but provides a correction to extend the
measurement to higher frequencies.

Velocity alias can be ‘‘eliminated’’ by reducing the
Doppler frequency of moving particles and thereby shift-
ing the measurable range below the alias limit, which can
be accomplished by reducing the carrier frequency of the
ultrasound wave, which will in turn reduce the Doppler
frequency shift induced by a moving particle and increase

the maximum velocity that can be recorded before reach-
ing the Nyquist limit. Alternatively, the Doppler shift fre-
quency can be reduced by increasing the angle between
the propagation of the ultrasound wave and the velocity
vector, which reduces the magnitude of the Doppler shift
frequency by the cosine of this included angle. Angle cor-
rection has limitations in that the flow direction must be
known and the uncertainty in the correction increases
with increasing included angle. As color flow mappers op-
erate in the pulsed Doppler mode, they are subject to ve-
locity alias. Color flow mappers indicate velocity direction
by a color series (for example, shades of red or blue). Ve-
locity alias is displayed as a change in a color series from
red-to-blue or blue-to-red.

The clinical measurement of many velocity ensembles
across a vessel and the integration across the vessel ge-
ometry can be time-consuming and problematic in pulsa-
tile flow through a compliant duct. Furthermore, lesions
are often complex in shape and cannot be adequately de-
fined by echo. Doppler echocardiographers and scientists
have exploited the physics of fluid flow to develop diag-
nostic tools that complement these capabilities of commer-
cial Doppler systems. The text by Otto (40) provides an
excellent review of these diagnostic tools. Techniques,
such as the PISA (proximal isovelocity surface area) or
proximal flow convergence, use the capability of color
Doppler flow mapping machines to estimate volume flow
through an orifice, such as a heart valve. Figure 9 illus-
trates the concept of the proximal flow convergence
method.

The flow accelerating toward a small circular orifice
will increase in velocity Va, until a maximum velocity at
the orifice Vj is reached. This acceleration occurs in a
symmetric pattern around the orifice and is characterized
by hemispheres of constant velocity. As the orifice is ap-
proached, the velocity increases and the radius of the
hemisphere decreases. The regurgitant flow through the
orifice can then be calculated as:

Q¼ ð2pr2ÞVa: ð11Þ

The combined imaging and Doppler characteristics of
color Doppler flow mapping are exploited in the PISA ap-

Vj

Va

accelerating proximal flow

Heart valve lesionregurgitant jet
orifice velocity

Figure 9. Illustration of the proximal isovelocity surface area
(PISA) concept.
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proach. The location of the alias velocity in the flow map
provides a measure of Va, which is then coupled with a
measure of the radial location from the orifice using the
imaging capability of color flow mapping. As flow is veloc-
ity times area, the hemispheric assumption provides a
shell with a surface area of 2pr2 that velocity Va is passing
through. Figure 10 illustrates the concept of PISA with a
color Doppler flow image of valvular regurgitation in a
patient.

The PISA approach assumes a round orifice with a
hemispherical acceleration zone. In clinical applications,
orifices are rarely round and the acceleration zone is not
hemispherical with the result of under or over estimation
of the flow rate depending on what radial velocity contour
is used in Equation 11. The semielliptic method is one ap-
proach at considering nonhemispheric geometries in an
attempt to correct for errors associated with the PISA
technique.

The combination of continuous wave and pulsed Dopp-
ler ultrasound is exploited in the turbulent jet decay
method of measuring flow through a stenotic lesion or a
regurgitant valve. Although continuous wave Doppler
does not suffer from velocity alias as does pulsed Doppler,
it cannot provide spatial localization of the velocity. The
turbulent jet decay method uses continuous wave Doppler
to measure the high velocity at the lesion orifice and then
uses pulsed Doppler to measure the velocity decay at spec-
ified location downstream of the orifice. Turbulent jet the-
ory can be used to relate the flow rate of the turbulent jet
to the decay of the jet velocity downstream of the orifice, as
in Equation 12:

Q¼ ðpV2
mx

2Þ=160Vj: ð12Þ

The velocity Vm is measured by pulsed Doppler at location
x measured from the jet orifice, whereas the orifice veloc-
ity, Vj, is measured by continuous wave Doppler, Figure
10b illustrates this decay phenomenon. This equation is
valid for round jets and has been extended to jets with
other geometries by Cape et al. (41) with the resulting

change to Equation 12:

Q¼ ðV2
mHxÞ=5:78Vj; ð13Þ

where H is the width of the jet measured by color Doppler.
Doppler velocity measurements are also used to esti-

mate pressure gradients in various cardiovascular appli-
cations. The Bernoulli equation can be used to estimate
the pressure drop across a stenotic lesion or through a
valve by measuring the velocity upstream and down-
stream of the lesion or valve. The Bernoulli equation is:

DP¼ ðP1 � P2Þ¼ 1=2 � rðV2
2 � V2

1Þ; ð14Þ

where position 1 is often measured upstream of the lesion
and position 2 is at the lesion or downstream. In this
equation, the pressure drop DP has units of Pascal’s (PA).
A Pascal is a Newton (N) per square meter, where a New-
ton has units of mass (kg) times length (meter) per time
squared. Bioengineering and biomedical applications of-
ten use the units of millimeters of mercury (mmHg) in
defining a pressure value. A mmHg is related to a Pa by
the conversion 1mmHg¼ 133.32Pa.

Magnetic resonance flow mapping has the advantage
over Doppler that it can measure the full three component
velocity field over a volume region (42–44), which elimi-
nates the uncertainty in flow direction and enables the use
of standard fluid dynamic control volume analysis. The
advantages of MR flow mapping come at the cost of long
imaging times and increased sensitivity to motion arti-
facts in in vivo applications, where phase locking to the
heart rate or breathing cycle can increase complexity.

The velocity of moving tissue can be detected by a time
of flight technique (45) and by phase velocity encoding
(46,47). The time-of-flight method tracks a selected num-
ber of protons in a plane and measures the displacement of
the protons over a time interval defined by the imaging
rate. In vivo (48), and phantom (49) studies have shown
that the time-of-flight technique is capable of accurate ve-
locity measurement up to velocities at least as high as
0.5m/s. However, the time-of-flight method requires a
straight length of vessel on the order of several centime-
ters for accurate velocity estimation. This requirement re-
duces its usability in most in vivo applications. The phase

Potential
jet core

Vj = Vj max

Vj (x)

Vj max

Vj

x

(a) (b)

Valve lesion

iso-velocity contour measured
by color Doppler flow mapping

Orifice jet Vj

Jet decay
Figure 10. (a) Color Doppler flow map image of
the proximal isovelocity surface area (PISA) in
valvular regurgitation. (b) Illustration of the jet
decay downstream of an orifice. V is the Jet ve-
locity and x is measured from the orifice.
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velocity encoding method has become the preferred tech-
nique in most clinical applications.

Phase velocity encoding directly relates the local veloc-
ity of nuclei to the induced phase shift in an imaging voxel.
Properly defined bipolar magnetic field gradients are pro-
duced in the direction of interest for velocity measure-
ment. The velocity of hydrogen nuclei are then encoded
into the phase of the detected signal (50). Chat-
zimavroudis et al. (51) and Firmin et al. (52) provide a
discussion of the phase encoding technique with an as-
sessment of its accuracy and limitations for flow measure-
ment.

The technique uses two image acquisitions to provide
velocity compensation and velocity encoding. Velocity in-
formation in each voxel is obtained by a voxel-by-voxel
subtraction of the two images with respect to the phase of
the signal. Like Doppler ultrasound, phase velocity en-
coding can suffer from aliasing effects, alignment error,
and limits in spatial and temporal resolution. Velocity es-
timation using phase shift measurement is limited to a
maximum range of phase of 2p radians without ambiguity
or aliasing. However, the estimation of the phase shift us-
ing phase subtraction between two images reduces that
sensitivity to this problem. Studies have been conducted
that show MR phase velocity encoding can measure ve-
locities covering the complete physiologic range up to sev-
eral meters per second (53). Misalignment of the flow
direction with the encoding direction will produce a neg-
ative bias in the measured flow where the measured ve-
locity will be lower than the true velocity. Like Doppler,
this bias follows a cosine behavior where Vmeas¼Vact -
cos(y), where Vmeas is the measured velocity, Vact is the
actual velocity, and y is the misalignment angle. This error
is typically less than 1% in most applications.

The size of a voxel and the sampling capabilities of the
hardware characterize the spatial and temporal resolution
of the system. Spatial resolution affects the size of a flow
structure that can be measured without spatially filtering
or averaging the structure or velocity measurement. Spa-
tial velocity gradients that are small relative to the voxel
size will not be adequately resolved and will be averaged
over the voxel volume (54). In addition, rapidly varying
velocity fluctuations in time will produce a similar low-
pass frequency filtering effect if these fluctuations occur
with a time scale that is much smaller than the imaging
time scale of the measurements. Turbulent flow can pro-
duce spatial and temporal scales that could be small rel-
ative to the imaging characteristics and can result in what
is referred to as signal loss in the image (55). Stenotic le-
sions and valvular regurgitation are clinical examples
where turbulent flow can occur with spatial and temporal
scales that could compromise measurement accuracy.

Phase velocity encoding has the drawback of fairly long
imaging or magnet residence times, which is particularly
true for three-component velocity mapping. Although long
imaging times acceptable for in vitro testing with flow loop
phantoms, it can present problems and concerns with clin-
ical measurements. Patients can be exposed to long time
intervals in the magnetic with the associated problems of
patient comfort and care. In vivo velocity measurements
are often phase-locked with cardiac cycle or breathing

rhythm. Long imaging times can increase potential for
measurement error caused by patient movement and vari-
ability in the cardiac cycle or breathing rhythm, which can
cause noise in the phase-averaged, 3-component velocity
measurements. Research, in recent years, has focused on
hardware and software improvements to increase spatial
resolution and reduce imaging time, for example, Zhang et
al. (56).

Magnetic resonance phase velocity encoding provides
coupled 3-D geometric imaging using traditional MR
imaging methods with three-component velocity informa-
tion. This coupled database provides a powerful diagnostic
tool for blood flow analysis and has been used extensively
in in vitro and clinical applications. Jin et al. (6) used this
coupled imaging flow mapping capability to study the ef-
fects of wall motion and compliance on flow patterns in the
ascending aorta. Standard imaging was used to measure
aortic wall movement and the range of lumen area and
diameter change over the cardiac cycle. This aortic wall
motion was phase-matched with phase velocity encoded
axial velocity distributions in the ascending aorta. Similar
to the PISA approach in Doppler ultrasound, a control
volume approach using phase velocity encoded MR veloc-
ities can be applied to the assessment of valvular regur-
gitation (57,58). The control volume approach is
illustrated in Fig. 11.

2.2.3. Laser Doppler Velocimetry. The Doppler shift of
laser light scattered by particles or cells in a fluid is the
basis of laser Doppler velocimetry. Detailed presentations
of the LDV technique are provided in the works by Adrian
(75), Drain (59) and Durst et al. (60). The scattered radi-
ation, from a laser beam directed at moving particles in a

V3

Mitral valve
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V1

V2CV

Aortic
outflow

Figure 11. Illustration of the control volume method in MR
phase velocity assessment of valvular regurgitation. The control
volume (CV) is the heavy dotted line box around the mitral re-
gurgitant orifice. The box edges are usually selected to correspond
with rows and columns in the MR image. Vi represents the 3-
component velocities measured with MR through the i faces of the
box. Faces 4 and 5 are in the plane of the image at7 Z offsets from
the plane of the image. The regurgitant flow Qr is the sum of the
ViAi on each face.
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fluid, has a Doppler-shifted frequency defined as:

fD � ð1� V=C1Þf
0; ð15Þ

where Cl is the speed of light in a vacuum, V is the particle
velocity, and f 0 is incident light frequency. The Doppler-
shifted frequency is very small relative to the frequency of
light and, thus, dual-beam or fringe mode LDV is the sys-
tem configuration of choice. The dual-beam mode of oper-
ation is schematically shown in Fig. 12. In fringe mode
LDV, two coherent laser beams of the same wavelength or
frequency are focused to a common point (control volume)
in the flow field. The scattered light from a particle moving
through the control volume is received by a photodetector.

The crossing of two, coherent, collimated laser beams
forms interference fringes as the propagating light waves
constructively and destructively interfere with one an-
other. This interference creates a series of light and dark
bands with spacing, df, of:

df ¼ l=2 sinðkÞ: ð16Þ

The number of fringes, NFR, in the measurement volume is
given by:

NFR¼ 1:27d=D�2e ; ð17Þ

where d is the spacing between the two parallel laser
beams before the focusing lens and D�2e is the beam di-
ameter before the lens. Figure 13 illustrates the probe ge-
ometry generated by the intersection of two focused
coherent laser beams with a common wavelength.

The spatial resolution of a dual-beam system is affected
by the distribution of the light intensity at the intersection
of the two focused beams, referred to as the probe or mea-
surement volume. When the laser is operating in the
TEMoo mode, the laser cavity sustains a purely longitudi-
nal standing wave oscillation along its axis with no trans-
verse modes. The laser output has an axisymmetric
intensity profile that is approximately a Gaussian func-
tion of radial distance from the axis. In the far field, the
beam divergence is small enough to appear as a spherical
wave from a point source located at the front of the lens. A
lens is used to focus the beam into a converging spherical
wave. The radius of this wave decreases until the focal
point of the lens is reached. At the focal point, the beam
has almost a constant radius and planar behavior. The
beam is focused to its minimum diameter or focal waist,

d�2e and is defined as:

d�2e ¼ ð4lf Þ=ðpD
�2
e Þ; ð18Þ

where l is the wavelength of the laser beam and f is the
focal length of the lens. A single pair of laser beams gen-
erates an ellipsoidal geometry having dimensions of major
axis lm and minor axis dm given by:

lm¼d�2e = sinðkÞ and dm¼d�2e = cosðkÞ; ð19Þ

where k is the half angle between the two laser beams, as
illustrated in Fig. 13.

The particle velocity is calculated by the fluctuating
light intensity collected by the receiver as the particle
passes through the measurement volume and scatters
light from the fringes. The intensity change of the scat-
tered light from the light and dark fringes is converted
into an electrical signal by a photomultiplier tube (PMT).
The electrical signal represents an amplitude-modulated
sine wave, with frequency proportional to the Doppler fre-
quency shift (fD) of the particle traveling through the
measurement volume. The particle velocity is then equal
to the Doppler frequency multiplied by the fringe spacing.
In a two-beam LDV system, the measured velocity com-
ponent is in the plane of the two laser beams and in the
direction perpendicular to the long axis of the measure-
ment volume.

Coherent laser beams with the same frequency produce
stationary fringes. A particle moving in either direction
across the fringes will produce the same frequency inde-
pendent of sign, such that a stationary fringe system can
only determine the magnitude of the velocity, not the di-
rection. To avoid this directional ambiguity, one of the la-
ser beams of a beam pair is shifted to a different frequency,
using a Bragg cell, to provide a moving fringe pattern. One
laser beam from each beam pair passes through a trans-
parent medium such as glass, in which acoustic waves,
generated by a piezoelectric transducer, are traveling. If
the angle between the laser beam and the acoustic waves
satisfies the Bragg condition, reflections from successive
acoustic wave fronts reinforce the laser beam. The beam
exits at a higher frequency and a prism directs the beam to
its original direction. The Bragg shift causes the fringes in
the probe volume to move at a constant speed in either the
positive or negative direction relative to the flow. The
measured frequency by the PMT and processor is then the
sum or difference of the Bragg cell frequency (typically
40MHz) and the Doppler shift frequency. This measured
frequency is then downmixed with a frequency that is a

Flow w/particles

Two coherent laser beams

Scattered light
Photo
detector

Figure 12. Illustration of the dual-beam or
fringe mode LDV setup.
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percent of the Bragg frequency (called the shift frequency)
producing a frequency that has a zero shifted to a higher
baseline frequency (usually on the order of several MHz).
This zero shift eliminates directional ambiguity in LDV
signal processing.

Laser Doppler velocimetry has excellent spatial and
temporal frequency response compared with most other
measurement systems. It is considered a gold standard
measurement technique in biomedical applications and is
the noninvasive measurement system of choice for turbu-
lence measurements. Two disadvantages of LDV worth
noting are: (1) LDV noise and (2) velocity bias. The LDV is
noisy when compared with other turbulence measurement
systems, such as thermal anemometry, because of the use
of photomultiplier tubes. These optical detectors, used for
their sensitivity and high-frequency response, suffer from
higher noise floors then other photo detectors.

Velocity bias is a result of the random sampling char-
acteristics of LDV. As a velocity ensemble is randomly re-
corded when a particle passes through a probe volume, the
statistics of the measured velocity ensembles are not in-
dependent of the particle velocity. A greater number of
higher speed particles will cross the measurement volume
over a specified time than will slower speed particles.
Standard ensemble averaging will produce mean velocity
estimates that are biased toward higher velocities. This
velocity bias can have a significant impact on the velocity
statistics, particularly in turbulent flow. In addition to ve-
locity bias, two other biases may occur, fringe bias and
gradient bias.

Fringe bias is an error that is minimized by frequency
shifting. This type of bias is created by not having enough
fringe crossings to satisfy processor validation criteria
when calculating a velocity, which occurs when a particle
crosses the edge of the probe volume or if the particle ve-
locity is nearly parallel to the fringes. Thus, velocity en-
semble averages weight velocities from particles traveling
near the center of the measurement volume or those par-
ticles that cross more fringes than others. By frequency
shifting with a fringe velocity at least two times greater
than the flow velocity, particles moving parallel to the

fringes can cross the minimum number of fringes for val-
idation by a processor.

Gradient bias results from a nonnegligible mean gra-
dient across the probe volume. This bias depends on the
fluid flow and the measurement volume dimensions. The
mean velocity and the odd order moments are the only
statistics affected by gradient bias. In general, LDV trans-
mitting optics are chosen to provide as small a measure-
ment volume as possible to increase spatial resolution and
reduce gradient bias. As the LDV measurement volume is
longer than it is wide, experiments should be designed to
ensure that the LDV optical setup is oriented to position
the measurement volume diameter in the direction of the
maximum gradients in the flow.

Several postprocessing techniques have been developed
to reduce velocity bias. The recommended technique is to
use a transit time weighting when computing the velocity
statistics. This transit time weighting approximates the
ensemble average as a time average. The reader is re-
ferred to the reference by Edwards (61) for a detailed dis-
cussion of the transit time technique and its
implementation in LDV data processing.

Multiple pairs of laser beams with different wavelength
(color) or polarization can be used to produce a multicom-
ponent velocity measuring system. Two or three laser
beam pairs can be focused to the same point in the flow.
Each beam pair can then be used to independently mea-
sure a different component of the velocity vector. As more
than one particle can pass through a measurement vol-
ume at one time, it is possible to get valid velocity compo-
nent estimates from different particles. The ellipsoidal
geometry of the measurement volumes exaggerates this
problem. As a result, LDV data are often processed in one
of two modes, random and coincident.

Random mode processing records every valid velocity
ensemble as it arrives at the measurement volume, which
can generate uneven sample distributions in the different
velocity components or LDV channels being measured.
Random mode processing has a negligible impact on mean
velocity statistics but can be detrimental to turbulence
estimates. Coincident mode processing uses hardware and
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Figure 13. Illustration of the measurement vol-
ume generated in fringe mode LDV.
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or software filters to ensure that each velocity component
ensemble is measured from the same particle. Filters are
used to ensure that the Doppler bursts measured on the
different LDV channels overlap in time. Bursts generated
by one particle should be measured on each channel with
perfect overlap. Time window filters are used to reject
bursts that do not occur within a window defined by a
percentage of the burst length. The effect of coincident
mode processing is usually a reduction in the overall data
rate by a factor of at least two, but provides the necessary
data quality for turbulence measurements.

Laser Doppler velocimetry is primarily an in vitro tool,
although systems have been developed for blood flow mea-
surement (16,62). Blood is a multiphase fluid composed of
a carrier liquid, plasma, and a variety of cells and other
biochemical components. Plasma is optically clear to the
wavelengths of light used in LDV. The optical opacity of
blood is caused by the high concentration of cells, in par-
ticular red cells. On the microscopic level, however, blood
can transmit light over a short distance because of the
plasma carrier fluid. Clinical style probes have been de-
veloped to measure the velocity of blood cells in blood us-
ing catheter type insertion into vessels of suitable size or
through transcutaneous measurement of capillary flow
below the skin. These in vivo systems are designed with
very short focal length transmitting lenses providing a
small measurement volume located a very short distance
from the transmitting lens. Laser light is propagated
through the plasma and focused a few millimeters from
the probe tip. Blood cells act as particles in the fluid and
scatter light that is collected by the transmitting lens and
directed to a PMT system for recording of the Doppler
bursts. Manning et al. (63) and Ellis et al. (64) have used
LDV to measure the velocity fields around mechanical
heart valves in in vitro studies. Figure 14 shows the mea-
sured velocity distributions associated with impact of a
Bjork–Shiley monostrut valve (63).

2.2.4. Particle Image Velocimetry and Particle Tracking
Velocimetry. Particle image velocimetry (PIV) and parti-
cle tracking velocimetry (PTV) have been applied in fluid
flow applications for over a decade. They are noninvasive
experimental techniques that provide a quantitative, in-
stantaneous velocity vector field with good spatial resolu-
tion; an appealing feature when studying complex, time-
dependent fluid flows that can occur in biomedical appli-
cations. The methods allow the quantitative visualization
of instantaneous flow structures over a spatial region, as
opposed to a point measurement like LDV, which can pro-
vide insight into the flow physics. The two techniques, PIV
and PTV, differ in the way particle displacements are
measured. Particle tracking follows and tracks the motion
of individual particles, whereas PIV measures the dis-
placement of groups of particles within the flow. PTV, al-
though not commonly used, is a subset of the more
common PIV technique and is still used in specific appli-
cations of PIV. Raffel et al. (65) provides a comprehensive
discussion of the PIV and PTV techniques with a detailed
presentation of the physics, processing tools, capabilities,
and errors.

The instantaneous velocity field is computed by mea-
suring an instantaneous particle displacement field over a
specified, finite time interval. Laser-based PIV and PTV
are noninvasive velocity measurement tools that require
good optical access to the flow field. As a result, they are
essentially in vitro tools (66,67) that are of limited use in
vivo. Figure 15 shows an example of the use of PIV in a
bioengineering application of flow through one chamber of
an artificial heart (68). X-ray-based PTV systems are be-
ing developed and will be capable of in vivo use. In this
section, we will focus on PIV; however, system concepts
(seeding, acquisition, processing, noise, and errors) would
be applicable to some degree to systems like x-ray PTV
(69).

Particle image velocimetry uses a double pulsed light
source, usually a laser, to illuminate a thin sheet in the
flow field. Particles suspended in the fluid scatter light
during each pulse, and this scattered light is recorded on a
digital camera. The optimal setup has the recording device
located 90 degrees to the illumination sheet. Figure 16 il-
lustrates the typical PIV setup.

Two lasers with coincident beam paths are used to il-
luminate a desired plane of the flow by incorporating op-
tics to produce thin laser sheets. During image
acquisition, the two lasers are pulsed with the specified
time separation (typically 1–1000 ms). A trigger system,
referred to as a synchronizer, controls the firing of the two
lasers relative to the shuttering of a CCD camera. The
camera, usually placed orthogonal to the laser sheet, col-
lects the light scattered by tracer particles in the flow and
records an image. The synchronizer, used in cross-corre-
lation-based PIV systems, delays the firing of the first la-
ser such that the camera shutter is centered between the
firing of the two lasers. This synchronization technique is
called frame straddling and produces two sequential im-
ages of each laser beam pulse. Although the time between
successive camera frames may be much larger than the
time duration between laser pulses, the two images of the
particle field created are separated by the specified time
interval between the two laser pulses.

A discussion of PIV must begin with a brief introduc-
tion of the terminology commonly used. Figure 17 provides
a schematic representation of geometric imaging. The
‘‘light plane’’ is the ‘‘volume’’ of the fluid illuminated by
the light sheet. The ‘‘image plane’’ is the image from the
light plane captured on the CCD sensor. It is important to
note that the light plane is a 3-D space or ‘‘volume,’’
whereas the image plane is a 2-D space or ‘‘surface.’’ The
subvolume selected from the light plane for cross correla-
tion is called the ‘‘interrogation subvolume.’’ The corre-
sponding location of this interrogation volume captured on
the image plane is called the ‘‘interrogation subregion.’’
Please note that the displacement vectors in an interro-
gation volume are three-component vectors, whereas
those in an interrogation area are two-component vectors.
‘‘Particle’’ is the physical particle suspended in the fluid
volume. ‘‘Particle image’’ is the image of each particle in
the image plane. Particle density, intensity, and pair refer
to particle properties, whereas image density, intensity,
and pair refer to particle image properties.
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Most commercial systems use a cross-correlation-based
image processing technique to compute the particle dis-
placement. Images are subdivided into small ‘‘interroga-
tion regions,’’ typically a fraction of the overall image size,
and the same two subregions are cross-correlated between
the two images to obtain the average displacement of the
particles within that subregion. From this displacement
and the known time delay, the velocities within the inter-
rogation region are obtained.

Statistical PIVassumes all particles in an interrogation
subregion move a similar distance and direction. The pro-
cessing algorithm then computes the mean displacement
vector for the particles in the interrogation volume. There-
fore, the local particle distribution pattern captured on
each exposure should be similar; but the group of local
particles is displaced from image to image. Statistical PIV

is then ‘‘pattern recognition’’ of the particle distribution
within an interrogation subregion, instead of the averaged
particle displacements. Sophisticated pattern recognition
schemes have been developed by a number of researchers;
however, the cross-correlation tends to be the algorithm of
choice. The use of a cross-correlation as opposed to an au-
tocorrelation eliminates directional ambiguity in the ve-
locity measurement. Most commercial systems use
advanced cross-correlation algorithms, such as the Hart
correlation, developed to improve signal to noise in the
correlation estimate and enhance resolution (70,71).

The cross-correlation function for two interrogation
subregions of frames A and B is defined by:

RIIðs;G;DÞ¼ hIðx;GÞI 0ðxþ s;G0;DÞi; ð20Þ
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where s is the shifting vector of the second interrogation
window, G is the series of location vectors for each particle
in the interrogation volume, D is the displacement vector
for each particle, x is the spatial domain vectors within the
interrogation area, I is the intensity matrix for the inter-
rogation area from frame A, and I0 is the intensity matrix
for the interrogation area from frame B. A detailed math-
ematical derivation of the cross-correlation for (group)
particle tracking is beyond the scope of this presentation.
The location of the maximum value of cross-correlation
function represents the mean particle displacement for
the interrogation image. Figure 18 is an example of a
cross-correlation function between two images.

The location of the cross-correlation peak should be de-
termined with subpixel accuracy. Several curve fitting al-
gorithms have been developed to identify the peak in the
cross-correlation. Gaussian, Parabolic, and Centroid are
three common methods in commercial software, although

others exist. A Gaussian peak fit is most commonly used
because the cross-correlation function of two Gaussian
functions also yields a Gaussian function, which means if
the intensities of individual particle images in the inter-
rogation area fit a Gaussian shape, the cross-correlation
function can be accurately approximated by the Gaussian
function, which occurs only under the condition of low
displacement gradient, so that the particle distribution
pattern is preserved in windows A and B. The cross-cor-
relation function in distorted, particle image intensity dis-
tribution patterns are less accurately approximated by a
Gaussian distribution. A three-point estimator for Gauss-
ian fit works better with a narrow and symmetric peak.
Centroid peak finding should be considered when the
cross-correlation peak is expected to have asymmetric
and irregular patterns. Such cases occur for particle im-
ages larger than 2–3 pixels in diameter, for a low intensity
ratio of particle image to background noise, or for a high
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Figure 16. Schematic of a PIV setup (65; Chap-
ter 1, pg 4, fig 1.4., with kind permission of
Springer Science and Business Media).

16 FLOW MEASUREMENT



gradient displacement field. For ‘‘correlation-based correc-
tion,’’ the centroid peak finding might be more suitable
than Gaussian because the multiplications could distort
the cross-correlation peak.

The use of a digital CCD camera presents an error
source known as ‘‘peak locking.’’ This error impacts the
accuracy of the subpixel estimation in the correlation peak
and thus impacts the velocity measurement. This error
will be discussed later.

Like LDV and Doppler, PIV and PTV require that the
fluid be seeded with tracer particles that follow the fluid

motion. The particle density, the number of particles per
unit volume of fluid, determines what technique should be
used, PIV or PTV. Flows with a low particle density are
more suited to PTV, whereas PIV works best in high par-
ticle density flows. It is assumed that the tracer particles
follow the flow accurately to give an exact representation
of the flow field at various times and locations. The par-
ticle density, however, should be sufficiently low to pre-
serve the original flow dynamics. Such a dilute condition is
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expressed by the inequality:

ðrppd
4
pvrÞ=ð18md

3
pÞo1; ð21Þ

where dp and rp are the particle diameter and density,
respectively, m is fluid viscosity, vr is the averaged particle
velocity relative to neighboring particles, and dp is the av-
erage distance between particles.

Particles must be small enough to follow the fluid flow
but large enough to be seen. The particle relaxation time,
ts, should be small relative to the flow time scales.

ts¼d2
pðrp=18mÞ: ð22Þ

In practice, ts is made small by using very small particles.
The Stokes number for PIV experiments, StPIV, can be de-
fined as ts/tPIV, where tPIV is the small finite separation
time between two observations (pulse separation time).
StPIV should be much less than 1 to assure negligible par-
ticle-fluid velocity differences over the pulse separation.
However, particles must be large enough to scatter suffi-
cient light energy to be visualized on the recording device
(e.g., a CCD camera) with the goal that a particle image is
at least several pixels in size. Increasing the light source
energy can improve visibility, but a saturation point is
reached where increasing light source energy does not
help. Furthermore, high energy can damage windows and
plastic test models.

The time separation of the two laser pulses must be
small enough to minimize particle loss through too large a
particle displacement between the first and second frames
of the interrogation window. However, the time separation
must be long enough to permit adequate displacement of
particles at the lowest measurable velocities in each ve-
locity component and to minimize the impact of pixel peak
locking (72). Complex and highly 3-D flows can be biased
in a 2-D PIV system. PIV can provide very high spatial
resolution, but suffers from low temporal resolution. Fur-
thermore, high magnification imaging used in high reso-
lution PIV introduces additional constraints and
limitations that must be overcome to achieve high-qual-
ity vector maps.

The challenge for PIV is to correctly track particle mo-
tion. Figure 19 shows an example of a PIV particle image.
The statistical cross-correlation approach is used to track
the displacement of a ‘‘group’’ of particles within an indi-
cated small volume or subregion. The location of a velocity
vector is at the center of the subregion spot. The spatial
resolution for a ‘‘velocity vector’’ in PIV is the size of the
interrogation subregion. Overlapping adjacent interroga-
tion subregions is commonly used to reduce the distance
between adjacent vectors and provide additional vectors in
the overall vector map. However, this does not increase
the spatial resolution of the velocity field, which is limited
to the size of the interrogation subregion.

Commercial PIV systems use a multigrid recursive
method to reduce interrogation subregion size. In the hi-
erarchical approach, a PIV measurement with large in-
terrogation subregions is first computed. Subsequently,
the initial interrogation area is evenly divided into smal-

ler areas for processing. Each smaller interrogation area is
offset by the displacement obtained from its parent inter-
rogation area. This process is repeated until the smallest
possible interrogation size is reached (for example,
128�128! 64�64! 32� 32! 16� 16) for the given
flow field. An iterative method can be applied at the final
grid level. Similar to the multigrid method, the iterative
method uses the obtained displacement from the first
cross-correlation to offset the second window for the next
cross-correlation. The difference is that it does not break
down the interrogation areas into smaller windows. This
process is repeated until the difference between the dis-
placements from successive cross-correlations is less than
one pixel. If the window B is shifted by the converged dis-
placement, windows A and B should be virtually the same,
as long as the gradient is sufficiently low. Iterative cross-
correlation is another way to increase accuracy.

A minimum number of particle pairs (on the order of
10) are required in PIV processing. The particle density in
the flow will determine the minimum size subregion that
can be used to obtain adequate vector maps. Thus, the
spatial resolution is governed by the particle density. In
near-solid surfaces, the particle density is often lower in
flows with strong wall gradients. Reducing the interroga-
tion window size increases spatial resolution. However, an
overly small window causes in-plane particle loss because
of particles moving out of the interrogation spot. Several
techniques exist to capture the particles moving out of the
window without enlarging the interrogation spot. The first
is simply to enlarge the second window to cover the ex-
pected displaced particle. The original interrogation win-
dow (frame A) is enlarged to the same size as window B
and zero-padded at the extended part. The second tech-
nique is to offset the second window to the location of an-
ticipated displacement.

Errors in PIV processing can occur from several
sources. The spatial resolution for a velocity vector is the

Figure 19. Example of a PIV particle image.
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dimension of the interrogation volume. If the particles are
evenly distributed, the center of an interrogation volume
can be used as the vector location. The accuracy of the
displacement depends on both the subpixel accuracy of the
peak finding algorithm and the image quality. A one-tenth
pixel is the best accuracy (65). Time resolution for the ve-
locity is the separation time between two pulses, as the
information during this period is not recorded. The veloc-
ity error is composed of systematic and residual error.
Systematic errors come from the algorithm and experi-
ment setting or image quality, which can be minimized
and uncertainty in the time separation. Residual errors
are inherent in the processing, such as errors caused by
the peak finding algorithm. The residual errors are usu-
ally not a function of Dt. Therefore, a too small separation
time increases the velocity error as this error is propor-
tional to 1/Dt.

The following discussion is relevant to the effect of im-
age quality on PIV accuracy. Large particle images can
result in wide cross-correlation peaks, which can reduce
the accuracy of the peak finding algorithm. In addition,
large particles require larger interrogation spots to con-
tain an appropriate number of particles, which leads to a
reduction in spatial resolution. Particle images smaller
than 2 pixels in diameter, or particle displacements that
are less than 2 pixels, can introduce a displacement bias,

called ‘‘peak locking.’’ The displacement peaks tend to be
biased toward integer values. Peak locking presents itself
as a ‘‘staircased’’ velocity pattern, in a region with a ve-
locity gradient where the velocity distribution should be
smooth. The calculation of spatial derivatives of this vec-
tor map then produces a mosaic pattern in the gradient
map. Figure 20 illustrates these patterns. Techniques,
such as multigrid or continuous window-shifting or itera-
tive image deformation, have been proposed to overcome
peak locking. Image preconditioning, such as filtering, or
defocusing can optimize the image diameter. The resolu-
tion of the CCD sensor, therefore, also limits the use of
smaller particles to increase the velocity resolution.

The methods developed to increase displacement accu-
racy rely on the assumption of low displacement gradient.
High gradient tends to bias the displacement toward low
values because the particles with smaller displacements
are more likely to remain in the interrogation volume
longer than those with higher displacements. This bias
can be minimized by reducing the size of the interrogation
volume and separation time. For high distortion of the
particle pattern in a high gradient spot, the centroid peak
finding algorithm is more suitable than the Gaussian.
However, PTV, as it follows an individual particle, is not
affected by high gradient. Several research groups use the
displacement results from PIV to guide the local search
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areas for PTV in a coupled PIV/PTV processing algorithm.
These coupled techniques relieve the gradient limit in PIV
and increases resolution of both velocity vectors and ve-
locity fields.

The motion across the light sheet in highly 3-D flows
can bias the local velocity estimation caused by perspec-
tive projection, if the particle has not left the light sheet.
The effect of perspective projection velocity bias, illus-
trated in Fig. 21, is usually more severe at the edges of
the image, where the projection angle increases. At high
image magnification, the focal length becomes shorter and
the projection angle increases, which worsens the perspec-
tive projection. Strong perspective projection could vary
the magnification factor through the image plane result-
ing in an image distortion.

In general, the light sheet thickness is smaller than the
depth of focus, dz. The light sheet thickness, therefore, de-
termines the thickness of the effective interrogation vol-
ume: All illuminated particles are well focused. Most
commercial systems using standard-grade Yag lasers
with appropriate optics can generate light sheets that
have a thickness on the order of one to two hundred mi-
crons, although light sheets can be as thick as a 1mm. In
high magnification imaging, the depth of focus can become
smaller than the light sheet thickness. The thickness of
the effective interrogation volume is then constrained to
the depth of focus. In this case, particles located beyond
the focal plane but within the illuminated plane are out-

of-focus and appear as highly nonuniform background im-
age noise and can affect the cross-correlation. In addition,
the thickness of the effective interrogation volume deter-
mines the tolerance to out-of-plane motion. A smaller ef-
fective volume thickness increases the probability for out-
of-plane particle loss. In general, the estimated maximum
out-of-plane motion should be less than one fourth of the
effective volume thickness.

Data validation is another source of uncertainty in PIV.
Bad velocity vectors will ultimately appear within a vector
map because of noise in the displacement estimation. Sev-
eral filtering algorithms have been developed to remove
these bad vectors. These filter routines operate on thresh-
olding velocity at a particular location and using the mag-
nitude of the velocity estimate; the mean, the median, or
the rms within a predefined subregion; or other more com-
plicated thresholds to low-pass filter the estimates. Im-
proper application of a validation scheme can over filter
the velocity map and throw away good data. For example,
rms validation techniques should be carefully used in tur-
bulent shear layers where high rms values are normally
encountered. It is possible to inadvertently filter good in-
stantaneous turbulent velocity ensembles with a tight rms
filter setting. In general, some knowledge of the flow un-
der study is needed to accurately perform vector valida-
tion.

Commercial PIV systems can be two-component or
three-component, planar or volume systems. A two-com-
ponent, planar PIV system provides information on two
components of the velocity vector. In two-component PIV,
the measured displacement vector is the projection of the
three-component velocity vector on the 2-D plane of the
light sheet. Flow information for highly three-component
flows can be inaccurately represented by planar PIV im-
ages. Stereographic and holographic PIV systems have
been developed for three-component measurement in a
plane or volume, respectively. Although the instantaneous
velocity field obtained by PIV is an advantage over LDV
(or Doppler), two-exposure PIV only provides information
on the particle motion during the two exposures and also
suffers from poor temporal frequency response in the mea-
surement of adjacent vector maps in time. Particle accel-
eration cannot be measured by direct two-exposure PIV.
Four-exposure systems have been developed to permit cal-
culation of the particle acceleration by Hassan and Phillip
(73) and Lui and Katz (74), although the temporal resolu-
tion for the acceleration is not yet comparable to that of
LDV.
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1. INTRODUCTION

Force is measured in a wide range of biomedical engineer-
ing activities, including gait analysis, implant develop-
ment and testing, material property measurement,
clinical diagnostics, and the study of structure and func-
tional relationships in living tissue. In this article, we will
discuss some principles of force measurement, provide the
reader with an overview of commonly used force measure-
ment systems, and describe some applications of force
measurement in biomedical engineering.

Figure 1 illustrates the principal elements of a force
measurement system, composed of a force transducer
(force sensor or load cell), conditioning equipment that in-
clude an amplifier and filter, and a data acquisition sys-
tem. The transducer contains a sensing element that
produces an electrical signal that is functionally related
to deformation in the element. The electrical signal from
the element is usually processed to an acceptable or re-
quired format using conditioning equipment, which per-
forms tasks such as amplification, removal of noise, and
filtering of unwanted frequencies.

Choosing a force measurement system involves careful
consideration of several important factors, including am-
plitude and frequency range, linearity, accuracy, reliabil-
ity, and sensitivity (1). The characteristics of a force
measurement system can be studied by plotting the out-
put of the transducer against the applied force, thus gen-
erating a response curve. Data are collected up to the
maximum value, or the rated capacity, for the transducer.

It is usually assumed that the signal output from a
force transducer is linearly proportional to the applied

force. However, this is not strictly correct as there is usu-
ally some degree of nonlinearity, particularly at the higher
end of the force range. There can also be hysteresis pres-
ent: The unloading curve does not follow the same path as
the loading curve (Fig. 2). Manufacturers sometimes pro-
vide a calibration factor that can be used for converting
the signal from the transducer into units of force, usually
newtons or multiples of newtons (kilonewtons, meganew-
tons, etc.). Careful consideration must be given to inter-
preting the signal from a force transducer, particularly if
it is being operated at an extreme end of its range or if
dynamic measurements are being taken. This later point
will be discussed below.

Perhaps the most commonly used method for force
measurement involves the sensing of mechanical strain
in an elastic material (e.g., plastic and metal) when it is
subjected to an external force. In uniaxial loading of a
prismatic bar, strain (e) is defined as the change in length
(DL) divided by the original length (L) (Fig. 3). Strain can
be compressive or tensile and is often expressed in units of
microstrain (me, i.e., 10� 6

� e) due to the small magnitude
of strains measured. A sensing element such as a thin-film
resistive strain gauge or piezoelectric device can then be
used to measure the strain in the elastic material under
load. The sensing element or device is one principal con-
stituent of a force transducer.

A typical force transducer can be modeled as a very stiff
mass-spring system (Fig. 4). The acceleration of the end-
face mass, M, above the elastic element of stiffness, K, will
influence the measurement, particularly at or near the
natural frequency (fn) of the transducer. The natural fre-
quency, in Hertz (Hz), is given by the equation:

fn¼
1

2p

ffiffiffiffiffi

K

M

r

:

Force transmissibility, the ratio of measured force to true
force, as a function of driving frequency resembles the
graph in Fig. 5. A general rule of thumb is to limit the
maximum frequency measured to 10% of the transducer’s
natural frequency. At this frequency, the relative error
will be typically 1%. High-frequency force measurements
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Figure 1. Diagram of a basic force measurement system. The
transducer, or load cell, contains a sensing element that will gen-
erate an electrical signal as a result of an applied force/load, Fo.
The output signal from the transducer is usually processed by
passing through a signal conditioner, where the signal is also
amplified and filtered to remove unwanted frequencies, and then
recorded using a data acquisition system.
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Figure 2. Typical response curve showing the output character-
istics of a force measurement system, which include nonlinearity
and hysteresis.
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generally require a stiff force transducer. A stiff force
transducer will undergo less strain, and the sensing ele-
ment experiences less deformation under load. Thus, a
stiffer transducer will be less sensitive to force.

Accuracy of dynamic force measurement can also be
severely affected by a phenomenon known as aliasing.
High-frequency components of a force signal, which has
been digitized, can be misinterpreted as other frequency
components if the digital sampling rate is too low. The
aliasing phenomenon has been illustrated in Fig. 6: Points
sampled from a high-frequency signal describe a low-fre-
quency waveform. Aliasing can be avoided by (1) using a
sampling frequency that is more than twice the maximum
frequency of interest in the signal, and (2) low-pass filter-
ing the raw, predigitized signal to remove components
with frequencies greater than the maximum frequency of
interest (2).

The method of coupling a force transducer between test
structure and load delivery device is another very impor-
tant consideration, particularly when conducting mechan-
ical impedance measurements to characterize the
vibration properties of a structure. This is commonly re-
ferred to as modal testing (2) and involves multisite mea-
surement of the displacement, velocity, or acceleration
response to a force, often delivered by an electrodynamic
or servohydraulic shaker. It is usually assumed that the
force as measured by a transducer interposed between
structure and shaker is uniaxial, acting along the axis of
the sensor. Rigid attachment between force transducer
and shaker can result in the delivery of indeterminate
shear forces and bending moments to the structure that
will influence the accuracy of the test. Bending and shear-
ing forces can also illicit a signal response from the sensor
that will combine with the axial force signal. The solution
is to interpose a flexible length of wire, commonly referred
to as a stinger rod, between the force transducer and the
shaker. The stinger is designed to be axially stiff yet flex-
ible in bending (2).

2. STRAIN SENSING FOR FORCE MEASUREMENT

There are two basic classes of devices for sensing strain:
passive and active. Passive devices, which include electri-
cal resistance strain gauges, require an external power
source for sensing strain. Active devices, such as piezo-
electric load cells, do not require an external power source.
However, signal conditioning is still required. Both types
are described below.

Electrical resistance strain gauges are fabricated from
metals that alter their resistance when strained. They
come in a variety of forms, including single wires, thin
films of metal either sputtered or evaporated on to the
transducer’s elastic material, and foil strain gauges. The
foil type is perhaps the most popular sensing element and
is used in most material test machines, gait analysis
equipment, and many other applications (Fig. 7). The
foil type sensing element is normally configured in a
grid format, consisting of long parallel loops, which
change resistance with strain during deformation. The
grid pattern maximizes gauge resistance while minimiz-
ing the length and width of the gauge. Multigrid gauges
called rosettes with two (tee rosettes), three, or four grids
at various angular orientations are also available (Fig. 8).

A characteristic of electrical resistive strain gauges is
strain sensitivity, or gauge factor (GF), a nondimensional
number that is a measure of the ratio of relative electrical
resistance change to relative change in length (or strain)

L ∆L/2 ∆L/2 

FoFo

Deformed Material Un-deformed Material 

Figure 3. The above diagram shows an elastic
material that has been deformed due to an ap-
plied load, Fo. The change in length of the de-
formed material is DL, where L is the length of
the undeformed material. The strain in the ma-
terial is the ratio of DL/L. Strain (e)¼DL/L.

M

K

Fo

(a) (b)

Fo

Transducer 

Elastic 
Element 

Stiffness K

End Plate 
Mass M 

Figure 4. (a) Typical force transducer can be modeled using a (b)
simple stiff mass-spring system. Fo is the applied force on the end
plate of mass M.
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Figure 5. Graph of force transmissibility, the ratio of measured
force F to true force Fo, as a function of the normalized driving
frequency (f/fn), where fn refers to the natural frequency. Recom-
mended maximum frequency of force measurement is 10% of the
transducer’s natural frequency for relative errors of approxi-
mately 1%.
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(3):

GF¼
ðDR=RÞ
Strain

¼
ðDR=RÞ
ðDL=LÞ

:

Note that the higher the GF the more sensitive the gauge
and the greater the electrical output. A typical gauge fac-
tor for an electric resistance strain gauge is around 2 (3).
Factors such as temperature, material properties, and
type of adhesive can affect the measured resistance from
a strain gauge, and this may need to be compensated for
[e.g., using a dummy gauge to compensate for temperature
changes in a material (4)].

Strain-induced changes in resistance are usually very
small. To measure these changes, the strain gauge is com-
monly connected to a Wheatstone bridge circuit (Fig. 9). A

strain gauge can be connected to one, two, or all four arms
of the bridge for quarter-bridge, half-bridge, or full-bridge
configurations, respectively, depending on the required
application. Quarter-bridge and half-bridge configura-
tions are balanced with fixed-value resistors of the same
value in the unused arms. A dc supply is used to excite the
circuit. An expression for the output voltage of the bridge
due to an excitation voltage VInput is given below:

VOutput¼VInput
R3

R3þR4
�

R2

R1þR2

� �

:

(a) 

(b) 

Figure 6. Diagram illustrates how a low sam-
pling rate can lead to the aliasing phenomenon
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Backing (Carrier) 
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Figure 7. Schematic diagram of an electrical resistance foil type
strain gauge. A resistive wire filament is configured in a grid for-
mat, consisting of long parallel loops, and mounted on a backing
(carrier) material.

(a)

(c)

(b)

(d)

Figure 8. Examples of multigrid strain gauges or rosettes. (a)
Tee rosette, (b) rectangular rosette, (c) delta rosette, and (d) t-
delta rosette types.
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When R1/R2¼R4/R3, the output voltage VOutput¼ 0. When
this is true, the bridge is said to be balanced; thus, any
change in resistance of the strain gauge due to an applied
load will unbalance the bridge and cause a measurable
change in voltage according to Ohm’s Law: V¼ IR. The
order of magnitude of the generated output signal is usu-
ally in the millivolts (mV) range. Output signals are com-
monly passed through a signal conditioner to smooth the
signal, cut off unwanted high and low frequencies, and
amplify the signal before acquisition.

Strain gauge force transducers consist of strain gauges
bonded to a beam or structural member (an elastic ele-
ment) that deforms when a force/load is applied (4). Types

of strain gauge transducers include bending beam (Fig.
10), canister/column (Fig. 11), shear beam, load button,
and s-type and ring-type (Fig. 12) designs.

Force transducers that use electrical resistive strain
gauges exhibit high linear strain sensitivity in the elastic
range, good accuracy and repeatability, low hysteresis,
and a good fatigue life (for dynamic measurements).

Another passive strain sensing technology, the semi-
conductor strain gauge, essentially operates on the same
basic principal as the electrical resistance strain gauge:
An applied force/load induces a change of resistance in the
sensing element. In this case, the change is due to the
piezoresistive effect present in semiconductor materials.
Semiconductor strain gauges can have much higher gauge
factors (range of around 50–200) than standard electrical
resistance foil-type strain gauges (5).

Semiconductor strain gauges are commonly con-
structed using silicon or germanium. A basic layout of
the strain gauge includes a band or strip of semiconductor
material, with an electrical connection attached (Fig. 13).
The device can be encapsulated and mounted via the en-
capsulation material to a test object, or it can be bonded
directly without encapsulation. One advantage of the
semiconductor strain gauge is its high strain sensitivity,
which is useful for applications involving measurement of
small magnitude forces. For example, Kirton et al. have
used a semiconductor-based transducer for measuring
forces in rat trabeculae in the milliNewton range (6).
There are also several disadvantages of this device, in-
cluding drift, sensitivity to temperature variation, light
and humidity, and high nonlinearity in the relationship
between resistance and strain. It is possible, however, to
compensate, to a certain extent, for the nonlinearity of
response by careful wiring of the gauges in half- or full-
bridge configurations in the Wheatstone bridge circuit (5)
or through software compensation. Some advantages of
semiconductor strain gauge-based transducers include
low hysteresis, high GF (50–175), small size, and high fa-
tigue life (5).

Active force sensors include those that are based on the
piezoelectric effect. When piezoelectric materials such as
crystalline quartz are loaded, an electric charge collects at
the end faces of the material. A piezoelectric force trans-
ducer is carefully constructed so that the quantity of
charge that collects can be measured and then related to
the force on the transducer. The piezoelectric sensor is
electrically comparable with a capacitor (Fig. 14), and the
charge produced is normally in the pico-Coulomb (pC)
range. These very high output impedance devices are com-
monly coupled, using a high-resistance insulated cable, to
a signal conditioning amplifier that converts the charge
signal to a usable low-impedance voltage signal. The
charge leakage follows an exponential decay. Some piezo-
electric transducers include a built-in miniature amplifier
that outputs a low-impedance voltage signal, thus avoid-
ing cable leakage problems. This type requires a power
supply to run the built-in amplifier.

Piezoelectric transducers are among the most rigid of
all force sensors and are used to measure forces with fre-
quencies of up to 100kHz (1). The leakage of the charge
from the sensor generally rules out the use of piezoelectric

R1 R4

R3R2 

Output 

Excitation 

Figure 9. Wheatstone bridge circuit diagram. One, two, or four
arms of the circuit can be replaced by a strain gauge for quarter-
bridge, half-bridge, and full-bridge configurations, respectively.

FoStrain Gauges 
in Tension 

Strain Gauges in 
Compression 

(a)

(b)

Figure 10. Schematic of a simple bending beam-type force trans-
ducer. The transducer is designed to be mounted at one end and
loaded at the other. Strain gauges are employed on the (a) top and
(b) bottom for measuring tension and compression as a result of
an applied load.
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transducers for static force measurements. However, with
adequate insulation resistance and signal conditioning,
very low-frequency measurements (much less than 1Hz)
can be performed.

3. EXAMPLES OF FORCE MEASUREMENT

The following will illustrate the use of the sensor technol-
ogy described above in two typical biomedical engineering
applications. The first example will illustrate how strain

gauge and piezoelectric sensors are used in the measure-
ment of relatively large forces, and the second how semi-
conductor sensors are used to measure relatively small
forces.

Container 
(Housing) For 

Column Sensor

Column 
Sensor 

Fo

Strain 
Gauges

Fo

(c)

(d)

Hollow 
Tube 

Strain 
Gauges 

(b)

(a) 

Figure 11. Schematics of simple canister/col-
umn type force transducers. (a) This transducer
uses a beam in the upright position to measure
applied loads. Strain gauges are commonly
mounted on the surface of the beam in the lon-
gitudinal and transverse directions. The bend-
ing beam sensor is housed within a container,
through which applied loads are transmitted to
the sensor. (b) The hollow tube in this trans-
ducer acts as both the housing and the sensor
element. (c) Top and (d) cross-sectional views
illustrate how strain gauges are mounted on
the inner surface of the hollow tube in the lon-
gitudinal and transverse directions.

Electrode 
Plates 

Piezoelectric
Element 

Undeformed State 

Deformed or Stressed State

Fo
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Figure 14. Schematic of a piezoelectric sensor in the undeformed
and deformed states. Charges form in the deformed element due
to an applied force, Fo.

(a) (b)

(c) (d)

Figure 12. Example of (a) a shear beam, (b) a load button, (c) an
S-shaped load cell, and (d) ring-type transducers.

Backing Semiconductor

Lead Wires

Figure 13. Schematic of a typical layout of a semiconductor
strain gauge viewed from above.
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3.1. Gait Analysis

Gait analysis is essentially the study or analysis of a per-
son’s style of walking and the forces and moments, or ki-
netics, associated with it. In particular, the kinematics
and kinetics of gait about the ankle, knee, and hip joints
are of greatest interest. Gait analysis is often used to aid
in the assessment or diagnosis of pathological gait, such as
cerebral palsy, injury related, and amputee gait. It is also
commonly used to assess interventions or treatments for
pathological gait, such as surgical procedures, orthotic de-
vices, implantable devices, and artificial limbs.

An essential part of gait analysis is determining the
forces and moments acting about the joints of the lower
limbs. These forces and moments are difficult to measure
directly, and so indirect approaches have been developed
and are widely used for this purpose. In essence these in-
volve measuring forces during foot-ground contact of gait,
and using an inverse dynamics approach along with a
model of the body to determine the forces and moments
acting about the joints.

The most commonly used device for measurement of
forces during foot-ground contact is a force plate, which is
essentially a force transducer that is constructed with ei-
ther strain gauge or piezoelectric sensing elements. Force
plates can be used in two ways, embedded either within a
surface or walkway (Fig. 15) or within an instrumented
treadmill. Embedded force plates, usually the strain

gauge sensor type, must be placed such that the top sur-
face is level with the rest of the walkway. This can be ac-
complished by either placing the force plate in a pit within
the walkway or building a raised walkway around the
force plate itself. These types of force plates are usually
six-component force sensors, which measure three orthog-
onal components of resultant force acting on the plate, as
well as the three components of resultant moment in the
respective planes. In particular, the three components of
force measured are in the vertical, lateral, and frontal di-
rections (Fig. 16).

Standard treadmills with piezoelectric-type force plates
built into them are also used in gait analysis. These
instrumented treadmills are, however, more limited than
the embedded type of force plate in that they can usually
only measure forces in the vertical direction from foot-
ground contact. One advantage of using an instrumented
treadmill is that vertical forces can be obtained for several
consecutive footsteps, whereas the number of consecutive
force measurements that can be obtained from embedded-
type force plates depend on the number of force plates
used.

3.2. Material Properties of Cardiac Muscle

The cardiac muscle structure is very complex. As a result,
experimental testing commonly focuses on small samples
of cardiac muscle, rather than on the muscle as a whole.
Testing has been carried out on samples of cardiac muscle
such as myocardial sheets, papillary muscles, cardiac
trabeculae, isolated myocytes, actin filaments, titin mole-
cules, and other structural elements of cardiac muscle.
Different methods and force measurement devices have
been used for testing of these structural elements. The
following will look at one example of a semiconductor-
based transducer device.

This force measurement device consists of a silicon
cantilever beam mounted on a header (Fig. 17). Resistors
are implanted on either side of the cantilever beam for
measurement of tension and compression loads. The sili-
con beam transducer works on the piezoresistive effect of
silicon, where changes in resistor values due to an applied
force depend on the deflection of the beam as well as the
beam dimensions. The first known reference to the appli-
cation of this device was a study by ter Keurs et al. (7),
who used the silicon beam transducer to measure force
from rat cardiac trabeculae (7). This study investigated
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Figure 15. Schematic of a typical walkway with an embedded
force plate for measuring ground reaction forces during stance of
gait. Forces can be measured in three orthogonal directions when
a subject’s foot comes into contact with the force plate and a re-
sultant force vector can be obtained.
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Figure 16. Typical ground reaction force results in the vertical, lateral, and frontal planes for
walking gait.
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the effects of calcium concentration and sarcomere length
on force development. Other more recent studies have also
used this force measurement device to investigate the
strain softening behavior of rat cardiac trabeculae (6,8).
In the experimental setup for these force measurement
studies, the samples of cardiac trabeculae to be tested are
usually securely mounted on to a device such as a glass
hook (6). This is then attached to the rigidly mounted sil-
icon strain transducer via some form of adhesive. When
the tissue is excited, forces generated in the tissue can
then be directly measured by the force transducer. The
forces measured from these samples of cardiac tissue are
in the milliNewton range.
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1. INTRODUCTION

The foreign body reaction is the end-stage response of the
inflammatory and wound healing responses initiated by
tissue injury in the process of implantation of a biomate-
rial, medical device, or prosthesis. A foreign body reaction
is composed of macrophages and foreign body giant cells
(FBGC) at the in vivo tissue/material interface, which is
itself surrounded by a fibrous capsule composed of fibro-
blasts and collagenous fibrous tissue. It is important to
understand that the foreign body reaction is a later com-
ponent in the continuum of host reactions following im-
plantation of a medical device (Table 1). The intensity of
these responses as well as their time duration is a function
of the extent of injury in the implantation process. Unlike
the early responses that are time-dependent for biocom-
patible materials, the foreign body reaction and the fi-
brous capsule are present for the lifetime of the medical
device or prosthesis in the host. The foreign body reaction
with its macrophages and foreign body giant cells
(FBGCs) at the tissue/implant interface, for example, the
surface of the biomaterial or implant, is determined by the
size, shape, and chemical and physical properties of the
biomaterial. Of particular importance are the surface
properties of the biomaterial that may ultimately control
the extent and intensity of the foreign body reaction and
fibrous capsule.

Figure 1 illustrates the sequence of inflammatory,
wound healing, foreign body reaction, and fibrous capsule
formation events. The figure illustrates surface events at
the biomaterial/tissue interface with monocyte adhesion,
macrophage differentiation, macrophage fusion, and for-
eign body giant cell formation on the biomaterial surface.
The second component of the figure illustrates events that
occur within the exudate and tissue surrounding the im-
plant at the tissue/material interface. Major cell types in-
volved in each of the events are indicated, and it should be
appreciated that interactions occur between monocytes,
macrophages, and foreign body giant cells at the surface of

the biomaterial with other cell types present within the
exudate and tissue that surround the implant. Clinically,
diagnoses of the foreign body reaction with macrophages
and foreign body giant cells are commonly indicated as
chronic inflammation. As seen in Fig. 1, chronic inflam-
mation is composed of monocytes and lymphocytes and is
most commonly found with infections. Thus, the foreign
body reaction with macrophages and foreign body giant
cells is distinctly different in its cellular component than
chronic inflammation.

Certain host reactions following implantation of med-
ical devices are significant in the development of the for-
eign body reaction. Important reactions include protein
adsorption, monocyte adhesion, macrophage development
and activation, and macrophage fusion with foreign body
giant cell formation. These significant events in the for-
eign body reaction will be discussed in this article. Early
host reactions, such as acute inflammation, chronic in-
flammation, and granulation tissue, as well as late host
reactions, for example, fibrosis/fibrous capsule develop-
ment, will not be extensively addressed, but obviously
these events play a yet unknown role in the development
of the foreign body reaction as well as are, in part, a result
of the foreign body reaction.

The form and topography of the surface of a biomaterial
can determine the composition of the foreign body reac-
tion. The composition of the foreign body reaction and the
implant site may be controlled by the surface properties of
the biomaterial, the form of the implant, and the relation-
ship between the surface area of the biomaterial and the
volume of the implant. For example, high surface-to-vol-
ume implants such as fabrics, porous materials, particu-
late, or microspheres will have higher ratios of
macrophages and foreign body giant cells in the implant
site than smooth-surface implants, which will have fibro-
sis as a significant component of the implant site with only
a one- to two-cell layer thickness of macrophages and for-
eign body giant cells.

2. PROTEIN ADSORPTION

In the very early process of implantation, blood/material
interactions occur with protein adsorption to the bioma-
terial surface and development of a blood-based transient
provisional matrix that forms on and around the bioma-
terial. The provisional matrix is the initial thrombus/blood
clot at the tissue/material interface. Obviously, protein
adsorption and fibrin-predominant provisional matrix for-
mation are intimately linked in their mechanistic re-
sponses. An injury to vascularized connective tissue not
only initiates the inflammatory responses, it also leads to
thrombus formation involving activation of the extrinsic
and intrinsic coagulation systems, the complement sys-
tem, the fibrinolytic system, the kinin-generating system,
and platelets. These protein cascades may be intimately
involved in the dynamic phenomenon of protein adsorp-
tion and desorption that is known as the Vroman effect of
protein adsorption. From a wound healing perspective,
blood protein deposition on a biomaterial surface is de-
scribed as provisional matrix formation.

Table 1. Host Reactions Following Implantation of
Medical Devices

Injury
Blood-material interactions
Provisional matrix formation
Acute inflammation
Chronic inflammation
Granulation tissue
Foreign-body reaction
Fibrosis/fibrous capsule development
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The complex 3-D fibrin structure, known as the provi-
sional matrix, furnishes both structural components and
biochemical components to the processes of wound healing
and foreign body reaction. The fibrin network with at-
tached adhesive proteins, for example, fibronectin, com-
plement components, immunoglobulins, and so on,
provides a substrate for the adhesion, migration, and ac-
tivation of macrophages. The presence of mitogens,
chemoattractants, cytokines, and growth factors within
the provisional matrix provides for a rich milieu of acti-
vating and inhibiting substances for proliferative and syn-
thetic processes modulating macrophage activity, along
with the proliferation and activation of other cell popula-
tions. The provisional matrix may be viewed as a natu-
rally derived, biodegradable sustained release system in
which mitogens, chemoattractants, cytokines, and growth
factors are released to control subsequent phases of wound
healing.

The interaction of adsorbed proteins with adhesion re-
ceptors present on the inflammatory cell populations con-
stitutes the major cellular recognition system for
implantable synthetic materials and devices (1).

It has been proposed that because synthetic materials
and devices immediately and spontaneously acquire a
layer of host proteins prior to interacting with host cells,
it is highly probable that the types, levels, and surface
conformations of the adsorbed proteins are critical deter-
minants of tissue reaction to such implants (2–4). Con-

versely, the types, concentrations, and conformations of
the surface adsorbed proteins are dependent on biomate-
rial surface properties that dictate the adhesion and sur-
vival of cells, especially macrophages and FBGC, on the
protein-coated surfaces (4,5).

Surface chemistry has been identified as the major
modulator of the material surface adsorbed protein layer
(3,6). It has been reported that on hydrophobic surfaces
proteins can unfold, and within a very short period of time
undergo surface denaturation by loss of the normal sphere
of hydration in contact with a hydrophobic surface
(1,3,6,7). Additionally, hydrophilic surface chemistries
have been found to decrease the expression of the inflam-
matory and wound healing cytokines by the inflammatory
cells adherent to the biomaterial as well as cells present in
the surrounding exudates, thus directing the overall re-
sponse to the implanted material (8). Although a number
of studies have suggested complete denaturation of ad-
sorbed proteins, most probes for biological activity suggest
that the changes are more subtle (1). Specifically, proteins
retain at least some of their activity in the adsorbed state.

The contribution to inflammatory and wound healing
responses of the adherent cells is linked to the presence of
adsorbed proteins such as albumin, fibrinogen, fibronec-
tin, and immunoglobulin reported to adsorb on synthetic
materials, such as polyester terephthalate, expanded
polytetrafluoroethylene, polydimethylsiloxane, polyure-
thane, and polyethylene (3,9–11). The conformational

Fibrous capsule formation

Injury, implantation

BiomaterialExudate/tissue

Chronic inflammation

Granulation tissue

Inflammatory cell infiltration
PMNs, Monocytes, Lymphocytes

Acute inflammation
PMNs

Monocytes

Lymphocytes
Th2:  IL-4, IL-13

Monocyte adhesion

Macrophage differentiation

Macrophage mannose
Receptor upregulation

Macrophage fusion
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and migration

Capillary formation

Foreign body giant
cell formation

Figure 1. Tissue or cellular host response to
injury. The presence of the injury and the de-
vice induce an inflammatory and wound heal-
ing response that successively proceeds
through the following phases: acute inflamma-
tion, chronic inflammation, granulation tissue,
and fibrous capsule formation. During this pro-
cess, macrophages and foreign body giant cells
undergo ‘‘frustrated phagocytosis’’ in an at-
tempt to breakdown the device.
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changes of adsorbed proteins have been detected using
various techniques such as sodium dodecyl sulfate elution,
scanning angle reflectometry, scanning force microscopy,
and attenuated total reflectance Fourier transform infra-
red spectroscopy (3,12). It has been suggested that the re-
sulting conformational changes of an adsorbed protein
may expose previously embedded epitopes recognized by
inflammatory cell receptors (3). The mechanism of confor-
mational change, epitope(s) exposure, and the integrin re-
ceptor recognition process is not fully understood.
However, some of the mechanisms by which monocytes
from the vasculature ultimately develop into FBGC in the
presence of an implant have been elucidated and are re-
viewed in the following sections.

3. MONOCYTE ADHESION

Following emigration from the vasculature, monocytes
differentiate into macrophages. Monocyte emigration con-
tinues for days to weeks, depending on the injury and the
nature of the implanted material. In parallel, chemotactic
factors for monocytes are released in the local environ-
ment.

Although the exact nature of such factors has not been
elucidated, reports indicate that monocyte migration and
subsequent adhesion is propagated by chemokines such as
the monocyte chemoattractant CC chemokine ligand 2
(CCL2), also known as monocyte chemotactic protein-1,
MCP-1 (13). CCL2 can be synthesized by almost every cell
type and its specificity is limited to the distribution of its
sole receptor, CCR2, which is restricted to mainly mono-
cytes/macrophages, memory T lymphocytes, and natural
killer cells (13).

The protein layer adsorbed to the surface of a bioma-
terial implant is dependent on the surface chemistry,
which, in turn, can determine the degree of monocyte ad-
hesion. Similarly, the protein layer also influences the ac-
tivation of these cells and the types and levels of secreted
cytokines by engagement of monocyte cell surface recep-
tors to the appropriate ligands (5,14,15). Brodbeck et al.
have shown that the presence of serum alone in the initial
in vitro culture was sufficient to optimize monocyte adhe-
sion and survival rates. However, the presence of heat-in-
activated serum led to a significant decrease in monocyte
adhesion. The study concluded that the monocyte’s adhe-
sion and survival on biomaterial surfaces was optimized
by adsorbed heat labile proteins (4).

The monocyte adhesion relies on the surface receptors
these cells express. Monocytes have been shown to express
receptors for various blood components, and they also rec-
ognize naturally occurring foreign surfaces such as inva-
sive micro-organisms (16). This latter recognition is
achieved via receptors for opsonins such as fragments of
complement component C3 (16) and immunoglobulins.

It has been proposed that exposure to blood during ma-
terial implantation may lead to extensive opsonization
with the labile fragment C3b and the rapid conversion of
C3b to its hemolytically inactive but nevertheless opsonic
and more stable form, C3bi. This opsonic fragment is rec-
ognized by distinct leukocyte receptors such as CD11b/

CD18 and CD11c/CD18 (16–18). Furthermore, one of the
major plasma proteins that adsorbs to biomaterials, fi-
brinogen, is another described ligand for the CD11b,c/
CD18molecules, which together with CD11a/CD18 consti-
tute a subfamily of integrins that is restricted to leuko-
cytes (10,15,16,19,20). McNally et al. have exploited
differently modified polystyrenes, specific component-de-
pleted sera, and monoclonal antibodies to leukocyte inte-
grins to ask what adhesion mechanisms mediate human
blood monocyte adhesion to different surfaces in vitro (16).
It was found that monocyte interaction with fluorinated,
siliconized, nitrogenated, and oxygenated surfaces was
reduced by 50–100% when complement component C3-de-
pleted serum was used for adsorption (16). Further, mono-
cyte adhesion to serum-adsorbed surfaces was inhibited
by monoclonal antibodies to the leukocyte integrin b sub-
unit, CD18, and partially inhibited by a monoclonal anti-
body to the a subunit, CD11b, suggesting adhesive
interactions between adsorbed C3bi and the leukocyte
integrin CD11b/CD18 (16).

Beta-2 integrins, also known as the CD18 family of
leukocyte-specific integrins, have been implicated in ini-
tial monocyte adhesion to chemically modified polystyrene
culture surfaces (21). In addition, immunoglobulin G (IgG)
is another adhesion-mediated protein that has been pro-
posed to interact with monocytes through receptors for its
Fc constant region, and fibronectin, for which monocytes
also express multiple types of receptors (16). Vitronectin
and von Willebrand Factor have also been proposed as li-
gands for a/b integrin heterodimers modulating monocyte
adhesion to biomaterials (22). On the other hand, albumin
was found to passivate the biomaterial surfaces (16). As a
result of this integrin-protein ligand interaction, the ad-
herent monocyte begins a phenotypic transformation into
macrophages that is characterized by an increase in cell
size, increased secretion of inflammatory mediators, such
as cytokines and chemokines, and increased expression of
membrane receptors, such as aMb2 integrin (CD11b/
CD18), aXb2 integrin (CD11c/CD18), CD14, CD16, CD26,
vitronectin receptor (CD51/61), and ICAM-1 (CD-54) (22).
Thus, the type, amount, and conformational state of ad-
sorbed proteins have been proposed to modulate macro-
phage adhesion, activation, and cytokine release.

4. MACROPHAGE ADHESION AND ACTIVATION

After adhering to a material surface, monocytes become
activated macrophages that secrete a large number of
products including proteolytic enzymes, reactive oxygen
species, lysosomal enzymes, cytokines, and growth factors
(23–30). Initial macrophage adhesion is followed by con-
trolled spreading based on the production and nucleation
of new cytoplasmic actin filaments that are mediated
through cell-surface receptor binding with proteins ad-
sorbed onto the surface (31–35). Tang et al. reported on the
role of P- and E- selectins in modulating the macrophage
migration to and adhesion onto biomaterial surfaces. Tang
et al. have used transgenic molecule knock-out mice and
found that (1) a deficiency in P-selectin reduced
polymorphonuclear neutrophil (PMN) levels at the site
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of the implant, but not monocyte/macrophage transmigra-
tion and adhesion; (2) the absence of both P- and E- se-
lectin dramatically reduced the PMN population and
macrophage recruitment to the peritoneal cavity and ac-
cumulation onto biomaterials; and (3) the impaired in-
flammatory response in P/E-deficient mice significantly
reduced the extent of the fibrotic response (36).

Through their reactive oxygen species and lysosomal
enzyme production, macrophages create a local low-pH
environment at the implant surface. These factors may
synergistically act to oxidize and damage the material
surface through mechanisms such as oxidative chain
cleavage, hydrolysis, or environmental stress cracking
(28–30). Wiggins et al. have used bipolar coaxial pace-
maker leads composed of an outer silicone rubber insula-
tion and an inner polyether-urethane (PEU) insulation to
investigate their electrical dysfunction (37). It was re-
ported that PEU chemically degraded via oxidation of
the ether soft segment because of the presence of hydroxyl
radicals as a result of the decomposition of permeating
hydrogen peroxide. Furthermore, the reason for physical
damage was associated with the presence of increased
numbers of inflammatory cells, such as macrophages, re-
sponsible for releasing hydrogen peroxide into the local
environment. The increased inflammatory cell presence
was associated with areas of high intercorporeal move-
ment, such as cardiac movement (37).

The actual material surface chemistry dictates protein
conformational changes that occur during the adsorption
process onto an implant. As previously described, it is the
protein layer adsorbed onto the surface of an implant that
modulates the cellular adhesion, in this instance, macro-
phage adhesion. The modulation in adhesion is also ac-
companied by a modulation in the cytokine production of
these cells (14). The biomaterial-dependent cytokine ex-
pression has been previously described when examining
secretions of interleukin 1b (IL-1b), interleukin 6, 8, 10
(IL-6, IL-8, IL-10), tumor necrosis factor a (TNF-a), and
interleukin 1RA (IL-1RA) by adherent macrophages
(28,38–40).

In terms of biomaterial biocompatibility, cytokines are
described based on their role in influencing the foreign
body response to implanted materials promoting either
inflammation or wound healing (14). IL-1b has been rec-
ognized as a pro-inflammatory/pro-wound healing cyto-
kine because of its ability to activate inflammatory cells
(lymphocytes and monocytes) as well as wound healing
cells (fibroblasts) (14). IL-10 acts in the opposite fashion by
down-regulating the activity of inflammatory cells and
suppressing further cytokine production leading to an
anti-inflammatory/anti-wound healing effect (8). IL-6, IL-
8 and TNF-a are considered pro-inflammatory/anti-wound
healing cytokines because of their collective ability to pro-
mote inflammation by cellular activation and chemotaxis
(14). Finally, IL-1RA is considered anti-inflammatory/pro-
wound healing as this cytokine inhibits the inflammatory
response and promotes wound healing (14). In two sepa-
rate studies, Brodbeck et al. have demonstrated the im-
portance of surface chemistry in modulating the cytokine
expression. The authors concluded that hydrophilic sur-
faces induce a decreased expression of pro-inflammatory

cytokines, such as IL-6, IL-8, and IL-1b, rendering these
surfaces better candidates for improved material biocom-
patibility compared with the hydrophobic, anionic, or cat-
ionic surfaces (8,14). In the first study, performed in vitro,
the authors assessed the levels of IL-8 production by the
adherent monocytes/macrophages on each of the surfaces
mentioned above. It was found that the hydrophilic and
anionic surfaces allowed for less cellular adhesion, hence,
less monocyte/macrophage adhesion-dependent IL-8 pro-
duction than the hydrophilic and cationic surfaces (8,14).
However, in a follow-up in vivo study involving a mouse
model and using similar material chemistries as described
above (hydrophilic, hydrophobic, anionic, and cationic),
the same authors identified specifically the hydrophilic
surface chemistries as having significant effects on leuko-
cyte cytokine responses by decreasing the expression of
inflammatory and wound healing cytokines (IL-6, IL-8,
IL-1RA, and IL-13) by inflammatory cells adherent to the
biomaterial as well as present in the surrounding exu-
dates (8,14). Following adhesion and activation, macro-
phages undergo fusion at the material surface generating
FBGC, the hallmark of the foreign body reaction.

5. MACROPHAGE FUSION AND FOREIGN BODY GIANT
CELL FORMATION

FBGCs are observed at the tissue-material interface of
medical devices implanted in soft and hard tissue and are
observed at the implant-tissue interface for the lifetime of
the device in vivo, which in some cases may extend over 30
years (41). In addition, FBGCs have been implicated in the
biodegradation of polymeric medical devices.

Although it is generally considered that the chemical
and physical properties of the biomaterial are responsible
for macrophage activation, the subsequent events regard-
ing the activity of macrophages at the material surface are
not clear. Tissue macrophages, derived from the circulat-
ing blood monocytes, may coalesce to form multinucleated
FBGCs. It is not uncommon to see very large FBGCs con-
taining large numbers of nuclei on the surface of a bio-
material. Although these FBGCs may persist for the
lifetime of the implant, it is unknown if they remain ac-
tivated, releasing their lysosomal constituents, or become
quiescent (Fig. 2) (42).

Identifying the mechanism of induction of FBGCs on
biomaterials and the physiologic and material bases for
their formation is fundamental to developing biomaterials
that predictably modulate the foreign body reaction. Early
studies featuring lymphokines in the induction of FBGC
formation used a wide variety of experimental conditions
and resulted in both positive and negative modulation of
FBGC formation. A number of these studies used condi-
tioned media or supernatants. One approach to providing
a clearer identification of cell-derived agents that produce
FBGCs has been the use of recombinant human lymph-
okines with freshly isolated human monocytes in an in
vitro system (41). Such a controlled environment has pro-
vided an in-depth insight into FBGC formation and elim-
inated unidentified problems that might result from the
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use of transformed cell lines and conditioned media and
supernatants (41).

McNally et al. and Kao et al. have reported on the role
of IL-4 in inducing the formation of FBGCs from human
monocyte-derived macrophages. The pro-fusion role of IL-
4 was further optimized with either granulocyte-macro-
phage colony-stimulating factor or IL-13, dependent on
the concentration of IL-4, and specifically prevented by
anti-IL-4 (41,43,44). Very large FBGCs with randomly ar-
ranged nuclei and extensive cytoplasmic spreading were
consistently obtained. Rates of macrophage fusion in these
studies reached, on average, 72%.

IL-4 is a downregulator of several pro-inflammatory
responses of macrophages. It is known to inhibit the ex-
pression of pro-inflammatory cytokines, such as IL-1,
TNF-a, and IL-8, and synergizes with steroids to inhibit
macrophage inflammatory activity (45,46). McNally et al.
and Collier et al. have shown that IL-4 greatly enhances
macrophage mannose receptor activity, which has been
proposed to be indicative of the alternative activation phe-
notype in macrophages (43,45). It has been proposed that
the mannose receptor has an essential role in the mech-
anism of IL-4- and IL-13-induced macrophage fusion as
demonstrated by prevention of fusion in vitro when inhib-
itors to the mannose receptor were used (43,45). In an-
other study, McNally et al. brought into focus the
cooperation between b1 and b2 integrins in the cell-subst-
rated adhesive interactions required for multinucleated
FBGC formation in the presence of IL-4 in vitro (21).

Kyriakides et al. have reported on the involvement of
CCL2 in FBGC formation, and suggested that FBGCs are
not the primary determinants of fibrous capsule formation
in the foreign body reaction (13). It was shown that the
blocking the CCL-2 function by localized gene delivery in
wild-type mice hindered FBGC formation despite normal
monocyte recruitment. The requirement of CCL-2 in fu-
sion was confirmed by the ability of both a CCL-2 inhib-
itory peptide and an anti-CCL-2 antibody to reduce FBGC
formation from peripheral blood monocytes in an in vitro
assay (13).

The cytoskeleton regulates many critical functions of
macrophages during the inflammatory and wound healing
response including adhesion, spreading, phagocytosis, and
secretion (45,47–49). As the adhesive interactions between
a cell and a biomaterial led to the rearrangement of the
cytoskeletal microfilaments, it was proposed that these
adhesive interactions could lead to redistribution of sur-

face receptors functionally associated with the cytoskele-
ton (21,45,50). The actin filaments of the cytoskeleton play
an active role in the process of phagocytosis (51).
Phagocytosis mediated by either complement or Fc recep-
tors is sensitive to treatment of drugs that disrupt actin
polymerization (for example, cytochalasins) (51,52). De-
Fife et al. reported that the mannose receptor present on
the surface of macrophages, which mediates the internal-
ization of micro-organisms via phagocytosis, requires an
intact F-actin cytoskeleton to induce macrophage fusion
into FBGCs. In a follow-up report, the same authors, using
IL-13 as an inducer for macrophage fusion, reported on
the dynamic cytoskeletal reorganization and adhesive
structure development that occur during the phenotypic
progression frommacrophages to FBGCs (38). Specifically,
cytokine-induced FBGCs were characterized by a restric-
tion of podosomes (non-focal adhesions) to the extreme
periphery of the ventral cell surface (21,45,50). Hence,
cytoskeletal and adhesive structure studies of in vitro
FBGC formation have demonstrated that podosomal
structures, and not focal contacts, are the major adhesive
structures present in macrophages and FBGCs on sur-
faces (41).

The identification of surfaces that do not permit mono-
cyte or macrophage adhesion or macrophage fusion into
FBGCs is paramount in developing biocompatible implan-
table substrates. Jenney et al. demonstrated that long-
chain hydrocarbon groups on glass surfaces markedly re-
duce macrophage adhesion and nearly eliminate IL-4-in-
duced FBGCs (41,53). In contrast, polyethylene oxide
chains on glass surfaces do permit macrophage adhesion,
but the level of IL-4-induced FBGC formation is markedly
reduced (41,54). In the case of clean glass surfaces, adher-
ent macrophage densities are high enough to allow max-
imal levels of FBGC formation; however, negligible FBGC
formation is observed (41). These cumulative results lead
to the hypothesis that the composition and conformation
of proteins adsorbed on surfaces provide signals or ligands
for the adhesion of monocytes and macrophages, as well as
macrophage fusion (41). As a result, long-term macro-
phage adhesion and IL-4- or IL-13-induced FBGC forma-
tion are surface-dependent phenomena.

Apoptosis, defined as the programmed cell death of
macrophages, has been observed on biomaterial surfaces.
Macrophage apoptosis appears to be a surface-dependent
phenomenon. No evidence of foreign body giant cell ap-
optosis in vitro or in vivo has been identified to date. These

Monocyte

Blood

Chemotaxis 
Migration

Chemotaxis 
Migration 
Adhesion 
Differentiation

Adhesion 
Differentiation 
Signal transduction 
Activation

Activity
Phenotypic
expression

Tissue Tissue/biomaterial Biomaterial

Macrophage Foreign body giant cell Figure 2. The inflammatory and wound heal-
ing response induced because of the presence
of an injury as a result of device implantation
is characterized by the migration of blood
monocytes from the ruptured vessels to the
site of implantation where they become tissue
macrophages. Through cellular fusion, tissue
macrophages that had adhered onto the sur-
face of the device migrate toward each other
forming foreign body giant cells. These cells
have been known to have similar tissue char-
acteristics as the individual adherent macro-
phages.
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findings have suggested that macrophages may escape
apoptosis by fusion into foreign body giant cells (55).

Multinucleated FBGCs have long been observed in
chronically inflamed tissues and yet their pathophysiolog-
ical significance remains unknown (21). Considerable ev-
idence supports the anti-inflammatory function of IL-4
and IL-13, as well as their role in inducing formation of
FBGCs. To resolve the apparent conflict, it is speculated
that IL-4- induced macrophage fusion leads to a state of
multinucleation that facilitates the formation of highly
differentiated cell types with acquired wound healing po-
larized functional capabilities (21). Thus, FBGCs may se-
quester phagocytic cell activities at the cell-substrate
interface and express anti-inflammatory or wound heal-
ing functional capabilities at the cell-host-tissue interface.
The adhesive interactions that are engaged during differ-
entiation and development of multinucleated macrophag-
es must transduce critical environmental signals that
support and facilitate these complex processes (21). As
has been emphasized in the previous section, surface
chemistry plays a significant role in the survival of the
adherent inflammatory cells. In an in vitro study, Brod-
beck et al. have reported on the modulation of apoptosis of
macrophages at the material/tissue interface as it related
to surface chemistry (56). This study supported previous
in vitro studies by the same group that showed that hy-
drophilic and anionic surfaces induced apoptosis of adher-
ent macrophages at higher levels than hydrophobic or
cationic surfaces. But, interestingly, it was also reported
that the tendency for macrophage apoptosis was inversely
related to the ability of these cells to form FBGCs. Hence,
the authors proposed that macrophages fuse into FBGC to
escape apoptosis (56).

6. FIBROUS ENCAPSULATION

Once the local tissue inflammation response has deter-
mined that the material cannot be ingested or expelled, it
is effectively walled off from the local tissue environment
by complete fibrous encapsulation (42). The thickness of
the fibrous capsule around the material has been used as a
measure of the biocompatibility (42). The nature of this
capsule is determined mainly by macrophage mediation in
response to particulates or other agents originating from
the material. Relative motion at the implant site is an-
other aspect influencing the macrophages to produce fib-
rogenic agents that result in thicker capsules (57). Type
III collagen is predominant, especially in early stages of
wound healing, and its synthesis by fibroblasts is in-
creased as the network of collagen fibers is oriented par-
allel to the implant surface, forming a capsule of
concentric layers around the implant (42,58). However,
with time, the amount of type III collagen decreases as it is
replaced by type I collagen, which is the primary collagen
composition surrounding implanted biomaterials. An as-
sessment of the type III and type I collagen surrounding
the implant in association with the fibrous capsule thick-
ness evaluation then can be used as an indicator for bio-
compatibility (42,58–60).

Regardless of the type of active device, the fibrous cap-
sule generates a physical barrier between the device and
the local biological environment. As a result, mass trans-
port across the fibrous capsule is temporally reduced.
Sharkawy et al. had reported on the differences in diffu-
sion properties between rat subcutis and rat capsular tis-
sue grown in vivo for 4 weeks (61,62). Based on the
mathematical modeling developed using experimental fi-
brous capsule data, it was reported that a 200-mm thick
capsular layer would increase from 5 to 20min the time
required for subcutaneously implanted sensors to detect
95% of the blood glucose concentration. The authors have
also suggested that the implementation of a physical sur-
face modification, such as a porous surface, would allow
tissue ingrowth and, hence, be more responsive to blood
analyte fluctuations through potentially enhanced vascu-
larization at the material/tissue interface (61,62). Espe-
cially for biosensing devices, the fibrous capsule induces a
significant delay, at best, of the analyte to be measured,
whereas for the drug delivery systems it obstructs the
temporal therapeutic effect of the released drug, as the
diffusion through the fibrous capsule toward the target
site is either limited or absent (61,62).

7. SUMMARY

The foreign body reaction represents the end-stage of the
inflammatory and wound healing response. The cellular
components of the foreign body reaction, the macrophages,
and the FBGCs represent the key players in determining
the in vivo fate of any implantable material, device, or
prosthesis. The amplitude of such cellular response is de-
termined by the size, shape, and chemical and physical
properties of the biomaterial. Of particular importance are
the surface properties of the biomaterial that may ulti-
mately control the extent and intensity of the foreign body
reaction and fibrous capsule. Efforts have been made to
understand the role of these cellular populations and in-
telligently modulate the material surface properties to in-
duce better overall healing. It is working with the natural
defenses of the in vivo environment, not against them,
that will ultimately allow for better material-tissue inte-
gration and potential regeneration instead of repair.
Clearly, a knowledge and understanding of the foreign
body reaction in tissue-material interactions will provide
biological design criteria for the future development of
new biomaterials.
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FORWARD PROBLEM
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1. GENERAL PERSPECTIVE

To explain the term ‘‘forward problem,’’ it is instructive to
start with an explanation of a related problem: the ‘‘in-
verse problem.’’ Inverse problems arise when data are re-
corded in the form of measurements or observations, and
one wishes to use these data to extract information about
a certain phenomenon, which cannot be extracted from
the recorded data directly. An example is that one ob-
serves the height of the sea level using satellite altimetry
(1), and one wishes to determine the large-scale ocean
currents. Although the time-varying sea surface topogra-
phy contains information about the requested currents,
this information can only be extracted indirectly, using
mathematical models that relate the observed sea level to
the quantity of interest. Another example is that one ob-
serves electrical potential differences over the human skin
using electroencephalography (EEG) equipment, and one
is interested in the location and geometry of the electric
sources that are underlying the observed potential differ-
ences (2,3).

In the examples mentioned above, the problem of ex-
tracting the quantity of interest from the observed data is
called an inverse problem. A typical way to address this
problem is to develop mathematical models that predict
the observations (potential differences), based on a certain
guess of the quantity of interest (the source positions). The
implicit assumption that the better the prediction agrees
with the observations, the better the quality of the guess
must have been, yields a principle to develop an algorithm
that finds an estimate of the quantity of interest from the
observed data. The mathematical model that predicts the
observations is often called the forward problem or the
direct problem.

Forward/inverse problem combinations arise in many
subfields of scientific research (e.g., geo-physics, oceanog-
raphy, and biomedical engineering). Often, the inverse
problem is denoted by terms like source localization, im-
age reconstruction, (impedance) tomography, or data as-
similation, depending on the specific application.

The simplest forms of forward/inverse problems are
formulated in terms of parameter estimation problems
(4,5). Herewith, the quantities of interest are represented
by a finite number of a priori unknown parameters. The
forward model is a mathematical function having these
parameters as arguments and a prediction of the mea-
sured data as result. In this sense, a forward model can be
viewed as a curve that has to be fit to the data by consid-
ering all combinations of parameters and picking the one
that best explains the data. The combination of parame-
ters that gives the best fit of the forward model to the data
can be interpreted as the best possible estimate of the
quantity of interest. For that purpose, the quality of a fit is

quantified by means of a cost function, which is a measure
of the difference between data and the model prediction
The parameter estimate is obtained by an iterative down-
hill climbing algorithm that minimizes the cost function.
Typically, the forward model is evaluated for different
combinations of parameters in a sophisticated way, to
find the minimum with the least possible number of cost
function evaluations and to reduce the computational ex-
penses.

The quality of the parameter estimates depends,
among other conditions, on the accuracy of the forward
model. For instance, when photon distributions are used
to estimate the distribution of injected radioactive tracers
in a positron emission tomography (PET) or single photon
emission computed tomography (SPECT) setting (6), the
quality of the estimated distribution will improve when
effects such as photon scatter and scanner geometry are
well accounted for (7). Another example is impedance
tomography, where three-dimensional (3-D) models are
to be preferred over simplified two-dimensional (2-D) mod-
els, as far as accuracy is concerned. When applying EEG
for source localization, one has to account for the geome-
tries and conductivities of the brain, skull, and skin in or-
der to obtain acceptable estimates of the underlying
sources (8,9). However, in practice, there is a limit on
the accuracy of the applied forward models that is deter-
mined by the limited availability of computational re-
sources. Due to the iterative nature of the inverse
problem, the evaluation of the forward model must be im-
plemented as fast as possible, which generally violates the
accuracy requirement. Therefore, in practice, the optimal
choice of a forward problem is a tradeoff between speed
and accuracy, and implementation issues generally play
an important role when addressing the forward problem.

2. BIOELECTRICAL PERSPECTIVE

Several related bioelectrical problems can be formulated
in terms of forward/inverse modeling. One is the already
mentioned EEG source localization problem. For cardio-
logical applications, a similar problem exists, when the
spreading pattern of epi-cardial potentials are estimated
from measured body surface potentials (10). In that case,
the forward problem is to predict the surface potentials,
when the epi-cardial potentials are given, and the geom-
etries and conductivities of the heart, the lungs, the bones,
and the skin are known. A third example is the problem of
electrical impedance tomography (EIT). The goal of EIT is
to extract impedance and geometrical information of the
inside of an object, by injecting known electric currents
into the surface and analyzing the resulting potential dis-
tribution with surface electrodes. As the observed poten-
tial distributions are dependent on the distribution of the
impedance inside the object, estimates of this distribution
can be obtained from the potentials by applying the for-
ward/inverse modelling paradigm, at least in principle
(4,11–13).

What the three above-mentioned examples have in
common is that the forward problems can all be described
with the quasi-static approximation of Maxwell’s equa-
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tions, in combination with Ohm’s law. It can easily be de-
rived that in such an approximation, the potential distri-
bution c(x) is a solution of the Poisson’s equation (14):

divðsgradcÞ¼ � divðJiÞ; x 2 V

@c
@n ¼Js; x 2 @V ;

(

ð1Þ

where V is the object with boundary dV and normal n.
Furthermore, s(x) is the conductivity tensor, Ji represents
the neuronal currents in activated dentrites (in case of
EEG), and Js is the normal component of the current in-
jected into the object (in case of EIT). In the EEG case, Ji

is caused by changes in ion channels of active neural cells
and is usually represented with a current dipole; in the
EIT case, the term is absent (null). The surface current
vanishes in the EEG case. In all cases, the mathematical
forward problem is to find c(x), for a given conductivity
tensor, and a given input current, either Ji or Js.

Electric currents generated by synaptic activity as well
as the resulting volume currents are accompanied by
small magnetic fields. These fields can be measured out-
side the head with highly sensitive equipment, based on
SQUID technology (15). Magnetoencephalography (MEG)
is the magnetic equivalent of the well-known EEG. Sim-
ilar to EEG, MEG can be used to localize electric sources,
and essentially the same inverse methods can be used for
MEG as for EEG; one only has to replace the EEG forward
model by an MEG forward model. The latter models can be
derived by applying Biot–Sarvart’s law to the total current
J¼Ji � sgradðcÞ, (i.e., dendrite plus volume current) (16).
Because of a few differences between the EEG and the
MEG forward model, each technique poses its particular
advantage over the other (17,18). The most important dif-
ferences are that MEG has a much narrower point spread
function and therefore a much larger spatial resolution
than EEG. Moreover, MEG is highly insensitive to the
conductivity distribution, taking away an important
source of systematic errors. But an advantage of EEG is
that it is more sensitive to deep sources and sources that
have a radial orientation (perpendicular to the head sur-
face).

3. SOLUTION METHODS

The tradeoff between speed and accuracy is directly re-
lated to the choice of the solution method of Equation 1.
Algorithms based on analytical solution methods are gen-
erally much faster than numerical ones, but they are con-
strained to simplified geometries. The geometry of the
forward problem is mathematically present in the conduc-
tivity distribution s(x). When the object completely con-
sists of tissues (compartments) with a homogeneous
(constant) and isotropic conductivity, the function s(x) is
a piece-wise constant function. When, moreover, the com-
partments form a set of concentric spheres, or confocal
spheroids, the forward problem can be solved analytically
(19,20). For that purpose, Equation 1 is expressed in
spherical coordinates and the solution can be expressed
as an infinite sum of spherical harmonics. In practice, the

infinite sum is to be truncated at a finite number of terms.
In EEG applications, the number of terms needed to ob-
tain an accurate approximation reduces substantially
with the depth of the current dipole source. Also, the num-
ber of terms can be reduced by adding and subtracting an
appropriately chosen correction term that can be com-
puted either as an infinite sum or without any infinite
summations. The reason is that in this way an infinite
sum of differences appears, with much faster convergence
behavior (21). In the case that there is only one spherical
compartment (the isolated sphere), an analytical solution
exists in closed form (without infinite sums) (22).

The great advantage of the simplified models is that
they can be solved to any desired level of precision, even
when the compartments are anisotropic, in the sense that
they have a radial and tangential conductivity that are
different from one another. However, analytical models
are fundamentally restricted to simple (highly symmetric)
geometries, and therefore, they can only be used as a very
rough approximation of a true head or torso. So-called re-
alistic models of the volume conductor are intended to in-
corporate the individual’s true geometry as accurate as
possible. The resulting mathematical models can only be
solved approximately using numerical methods, as op-
posed to the above-mentioned analytical methods.

When the conductor is modeled as a collection of ho-
mogeneously and isotropically conducting compartments
(e.g., brain, skull, and skin), the boundary element method
(BEM) can be used. This method is based on the transfor-
mation of the Poisson’s equation, (Equation 1) into a
boundary integral equation (23):

spCðxpÞ¼
1

4p

X

i

s�i � sþi
� �

I

Si

CðxÞ
x� xp

x� xp

�

�

�

�
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� dS

�
1

4p

I

@V
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�

�

�

�

dSþCinf ðxpÞ; ð2Þ

where the compartment boundaries are indicated with Si

and the conductivities on both sides of the boundaries are
indicated with sþ and s� . The symbol cinf() is the infinite
medium potential, i.e., the potential distribution that
would be generated by the internal current sources
when they were embedded in a medium of infinite extend
and a constant unit conductivity. Equation 2 is an integral
equation, in the sense that the unknown potential distri-
bution c() is now constrained to the compartment inter-
faces Si and it appears both on the left- and the right-hand
side of the equation. To demonstrate the equivalence of
Equations 1 and 2, the assumption of constant and iso-
tropic conductivity is used to show that c(x) is a harmonic
function inside each compartment. Then, these harmonic
functions are ‘‘concatenated’’ using the assumptions that
the potentials and the normal component of the currents
are both continuous functions when crossing an interface
between two compartments (24).

Analytical solution methods are based on the expansion
of the unknown function in terms of special functions of
mathematical physics. With numerical methods, the un-
known function is typically expanded in a series of base
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functions with local support (i.e., functions that are zero
everywhere, except in the neighborhood of one point), and
the coefficients of this expansion are considered as the new
unknowns:

CðxÞ �
X

N

n¼ 1

cnhnðxÞ: ð3Þ

Here hn(x) are given base functions, for which several
choices can be made (25,26). The functions are typically
derived from the triangular meshes describing the geom-
etry of the compartments (Figs. 1 and 2). When Equation 3
is substituted in Equation 2, and xp is varied over all
nodes, a linear system of N equations can be derived, with
the N coefficients cn as unknowns. Generally, the accuracy
of the BEM improves inversely with the chosen mesh size
of the triangular meshes. However, the smaller the mesh
size, the larger the number of unknowns N, and the more
computer power needed. Contrary to the analytical meth-
ods, the convergence of the approximation to the true so-
lution for smaller and smaller mesh sizes is very difficult
to establish for the BEM. In practice, the BEM accuracy is
always demonstrated by applying the BEM on a concen-
tric sphere geometry and using the analytical solution as a
gold standard (27).

The great advantage of the formulation of the forward
problem as a boundary integral equation is that the un-
known function c(x) is constrained to a 2-D space (the
compartment interfaces) instead of the full 3-D space (the
volume conductor). This constraint implies that the BEM,
compared with other numerical methods, results in a
much smaller number of equations and unknowns N
than other numerical methods. However, in reality, tissue
conductivities are far from homogeneous and isotropic,
and hence, the application of the BEM in inverse modeling
will always lead to systematic errors. To avoid such prob-

lems, Equation 1 should be solved by numerical methods
like finite difference methods (FDMs) (28,29), finite ele-
ment methods (FEMs) (30,31), or finite volume methods
(FVMs) (32). The FDM is based on a straightforward disc-
retization of Equation 1 along a certain well-chosen coor-
dinate system. The FEM and the FVM start off with a
similar approximation as Equation 3, but this time the
base functions are defined over 3-D space instead of the
compartment interfaces. Using different ways of reason-
ing, the methods end up with a linear system of equations
that is to be solved numerically. As explained, the dimen-
sion of this system is generally much larger than the sys-
tem obtained with the BEM. However, contrary to the
BEM, the systems obtained with FDM, FEM, and FVM
are sparse, which means that nearly all matrix elements
are zero. This is so, because the derivations of the system
of equations is such that each node only has a direct in-
fluence on its neighboring nodes, and not on the others.
With the BEM, a full system of equations is obtained, and
therefore with BEM, one cannot take advantage of the
tailor-made solution methods that exist to sparse systems
(33).

Currently, many solution methods of the forward prob-
lem coexist and some new variants are still under devel-
opment. One promising new solution method is based on
perturbation theory. Similar to the BEM, the starting
point is the integral formulation (Equation 2) (34,35).
But instead of describing the surfaces in terms of discrete
triangles, they are expressed as a series of spherical har-
monics. When applied to the EEG or MEG case, the
method takes advantage of the fact that a head is almost
spherical, such that only very few terms are required for
an accurate description of the head’s geometry. Substitu-
tion of this surface representation into Equation 2, yields
a very efficient way to solve the forward problem, which

Figure 1. An example of triangulated compartment interfaces is
presented (brain and skin). Base functions of the BEM are defined
upon these kinds of triangular meshes.

(a) (b)

n

Figure 2. Two types of base functions hn(x) (Equation 3) with
local support are depicted. The functions of case (a) result in a
piecewise linear approximation of potential distribution. This is
obtained by functions that are 1 at each of the nodes, and linearly
fall off to 0 to the neighbouring nodes. In case (b), the approxi-
mation is piecewise constant; i.e., the potential is constant over
each triangle and makes jumps from one triangle to another. The
base functions are 1 at a particular triangle and 0 on all other
triangles.
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moreover avoids numerical problems with the BEM when
the dipole source approaches one of the compartment
boundaries (27).

4. RELATED PROBLEMS

When applying a forward model in an inverse modeling
context, one should face the tradeoff between speed and
accuracy. Part of the errors committed in inverse modeling
originate from the approximations made within the for-
ward model: poorly known conductivities, unknown direc-
tions of anisotropy, neglecting compartments like
cerebrospinal fluid layer, liquid filled lesions, tumors,
and so on. Several attempts have been described in the
literature to obtain this a priori knowledge. For example,
information on the anisotropy can be obtained from spe-
cial magnetic resonance image recordings, known as dif-
fusion tensor imaging (36). The conductivity of skull and
skin can be obtained from EIT techniques, using the EEG
electrodes to inject currents and determine the potential
distribution (37,38).

Another part of systematic errors originates from inac-
curate sensor positions, mis-specification of the number of
sources, ignored correlations in the background noise, and
so on. What makes the problem so complicated in practice
is that these sources of errors are of a similar order of
magnitude. There is little practical significance of solving
only one of these problems and ignoring the rest, and
therefore, the tradeoff between speed and accuracy is a
complicated one.
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1. INTRODUCTION

1.1. Functional Electrical Stimulation (FES)

FES is generally referred to as an artificial electrical stim-
ulation of a muscle that has diminished nervous control,
with the aim of providing muscular contractions and pro-
ducing functionally useful movements. The FES is a tech-
nique that uses bursts of short electric pulses to generate
muscle contractions by stimulating motor-neurons or re-
flex pathways. FES aims to generate functional move-
ments that mimic normal voluntary movements and
restore functions lost after the impairment to the nervous
system. From the first successful FES application on the
peroneal nerves of patients with hemiplegia for walking
by Liberson et al. in 1961 (1), various types of FES have
been applied to patients with hemiplegia. All of the par-
alyzed organs composed of skeletal muscles are targets of
FES. Demand for the clinical use of FES has gradually
increased (2–6).

A simple FES system consists of a main unit, a control
sensor, and adhesive surface electrodes connected with
wires (Fig. 1). The surface electrodes are located on the
surface of the skin, above a targeted muscle or nerve. With
regard to the lower limbs, drop-foot is a common clinical
feature of those who have suffered from stroke, which is
characterized by the inability to dorsiflex the foot during
the swing phase of gait. People affected tend to have a la-
bored and unsafe gait, and compensatory movements such
as hip hiking and limb circumduction may occur. An FES
drop-foot stimulator system aims to correct the problem of
drop-foot by stimulating the ankle dorsiflexors or the com-
mon peroneal nerve to achieve toe clearance (Fig. 2). The
stimulation of the hemoplegic leg can be controlled by a

heel-switch worn on either the hemiplegic or the non-
hemiplegic side. When the switch is on the nonhemiplegic
side, stimulation is initiated by a heel strike and termi-
nated by a heel rise. When the switch is on the hemiplegic
side, the process is reversed. If the patients cannot achieve
a reliable heel-strike, then the use of the nonhemiplegic
side control is preferred. This can save effort in walking,
increase the patient’s ability to walk, and reduce spasti-
city. The confidence of users improves as their ability to
walk improves. In applying FES to the rehabilitation of
upper limbs, the system aims to reduce spasticity; prevent
contractures, joint stiffness, and muscle atrophy; and im-
prove the circulation of blood in the upper limbs.

The sensor in the FES system is used to detect the
subject’s intentions and to control the train of the electri-
cal pulse from the main unit. In the drop-foot system, a
foot switch sensor attached on the heel position is com-
monly used (Fig. 1). The foot switch detects the swing
phase of each gait cycle; the stimulator then transmits an
electrical current to stimulate the ankle dorsiflexors or the
common peroneal nerve to achieve toe clearance. The ar-
tificial electrical stimulation pulse train is a series of rect-
angular electric pulses described by the following
parameters (Fig. 3): amplitude or intensity of pulses, fre-
quency or inter-pulse interval (IPI¼ 1/frequency), pulse
width, and duration of a pulse train. In general, the am-
plitude of a surface stimulation ranges from 10mA to
150mA. The frequency of the stimulation is between 20
and 40Hz, and the pulse width is from 150 ms to 300ms.
Balanced charge stimuli are generally used, in which an
equal charge is delivered in each half-cycle to minimize
the accumulation of charges on stimulated tissues. These
electrical stimulation parameters provide tetanized mus-
cle contraction as required for functional movements and
reduce the rate of fatigue within established safety limits.
A slight tingling sensation may be felt during the stimu-
lation.

1.2. Stroke (Cerebro-Vascular Accident)

The term ‘‘stroke,’’ or ‘‘cerebro-vascular accident,’’ refers to
the neurological symptoms and signs, usually focal and
acute, that result from diseases involving blood vessels.
Strokes are either occlusive (due to the closure of a blood
vessel) or hemorraghic (due to bleeding from vessels).

Foot switch sensor

Stimulation
electrodes

Main unit

Figure 1. Hardware components of an FES drop-foot system.

Drop foot with

inversion

Without FES With FES

Figure 2. A dropped foot stroke patient with and without FES.
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Stroke is the third-leading cause of death and the first
cause of serious disability, mostly in elderly subjects (6).
There are approximately 730,000 new cases of stroke each
year in the United States and an estimated 4 million sur-
vivors (7). The burden of stroke is likely to escalate sub-
stantially in the future, as the population in developed
countries ages. Thus, the demand for effective and pro-
ductive rehabilitation is increasing. As upper limb and
lower limb functions are required for the common activi-
ties of daily living, the restoration of function after stroke
would significantly improve the independence and the
quality of life of persons who have lost such functions.
An increase in independence means higher esteem for the
person as well as a reduction in institutional and family
care.

Current rehabilitation strategies emphasize compensa-
tory training of the unimpaired limbs to maximize func-
tion and prevent the complications of immobility. Recently,
new treatment programs have been developed to facilitate
the motor recovery of the impaired limbs of stroke survi-
vors, thereby maximizing their function and quality of life.
Therapists use different treatment programs that share a
common thread of sensory training for the perception of
movement and repetition to enhance learning (8). Exer-
cising the paralyzed limbs of patients might have a pos-
itive effect on the neurological restoration of the functions
of the limb—this is known as neurorehabilitation. FES is
one treatment program for the rehabilitation of patients
with stroke.

1.3. Objective of FES for Stroke Rehabilitation

Stroke normally affects only one side of the body (produc-
ing hemiplegia) and is often accompanied by cognitive,
speech, and other disorders. Limb movements in persons
with stroke can be affected. Complete or partial paralysis
can result, and persons can find it difficult to coordinate
their movements. FES uses short bursts of electrical
pulses to generate muscle contractions. These pulses elicit
the potential for action in motor-neurons attached to the
targeted muscle and cause the corresponding muscle to
contract. A necessary condition of using FES is that the
motor-neurons of the muscles that need to be stimulated
be intact, which means that the muscles should not be

‘‘denervated.’’ Therefore, FES is generally applied on up-
per motor neuron lesions, of which stroke is one example.
Nerve cells in the brain are damaged after a stroke, but
the paralyzed muscles on the lower and upper limbs can
still respond to the artificial electric pulse train and gen-
erate muscle force from paralyzed muscles for functional
movements. The general role of FES on patients after
stroke is to help the person to become physically and men-
tally active again by optimizing functional motor perfor-
mance and facilitating neurorehabilitation.

2. THEORY

2.1. Fundamentals of FES

Some other terms are frequently used and interchange-
able with FES, such as neural prostheses (also neuropros-
theses), neuromuscular electrical stimulation (NMES),
and functional neuromuscular stimulation (FNS). These
terms aim to precisely describe the application of electrical
stimulation. The term FES is used more commonly, and
FES is a kind of technology that uses the electrical acti-
vation of the nervous system to restore function to persons
with neurological impairment. Neural prostheses are
specified on all devices that enable selective and graded
control of neurotransmitter release, and any target organ
under neural control is a candidate for neural prosthetic
control. NMES and FNS specify the electrical stimulation
to be applied on a neuromuscular system. The above terms
are similar in nature in that electrical stimulation is used
to restore functions during the application of stimulation.
Another term is therapeutic electrical stimulation (TES).
TES electrically produces exercises in which the beneficial
effect occurs primarily offline such as preventing muscle
weakness, and it is not aimed at producing a specific
movement required by the patient to perform a task.

2.2. Principle of Electrical Stimulation of the Motor System

Action potential (AP) is the fundamental unit of commu-
nication in the nervous system. AP propagates along neu-
rons as a flux of ionic current between extracellular and
intracellular spaces. Artificially generated action poten-
tials can be initiated by FES and propagated from the site
of stimulation in the same way as the naturally generated
action potentials. The responses of a model neuron to
stimuli of two different amplitudes are shown in Fig. 4.
In response to the smaller stimulus, the neural membrane
could not activate an AP. The action potential has two
main phases called depolarization and repolarization. In
the depolarization, when the membrane potential is above
a threshold level (about � 30mV in humans), the mem-
brane initiates an AP by opening a sodium channel for
sodium ions to flow from the extracellular space to the in-
tracellular space, causing a region of positive charge
within the axon. In the repolarization phase, the sodium
channels close; potassium channels open wide, potassium
exits the axon, and the charge across the membrane is
brought back to its resting potential with a slight under-
shoot. Finally the sodium/potassium pump restores the
resting concentrations of sodium and potassium ions. This
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Figure 3. Stimulus waveform; amp: amplitude; pw: pulse width;
IPI: inter-pulse interval; BC: balance charge.
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action potential is then propagated down the nerve fiber to
the target organ or to another neuron. All FES systems
use this principle to artificially generate action potentials
on motor-neurons to control target muscles for restoring
functional movements.

3. EQUIPMENTS

3.1. Stimulus Waveform and Electrode

Motor-neurons can be stimulated by both monophasic and
biphasic currents or by voltage pulses. The injected elec-
tric charge depolarizes the membrane of the motor-neu-
ron, which causes the generation of an action potential.
The stimulus waveform must induce a sufficient change in
a transmembrane potential to generate action potentials,
and the underlying tissue must not be damaged by the
stimulus. It is generally believed that the injected charge
should not be allowed to accumulate over time. Therefore,
most FES systems implement biphasic current pulses or
charge balanced waveforms (Fig. 3), allowing the amount
of the charge to depolarize the motor-neuron and then to
balance the charge. In general, the amplitude of a surface
stimulation ranges from 10mA to 150mA. The stimula-
tion frequency is between 20 and 40Hz, and the pulse
width is from 150ms to 300 ms. For safe subcutaneous stim-
ulation, the balanced charge has to be at least 80% of the
charge of the depolarization (9).

The motor-neurons can be stimulated using either sur-
face (transcutaneous), needle (percutaneous), or im-
planted electrodes. Surface FES is more easily accepted
by a person after stroke, because it is noninvasive and
surgical intervention is not required. There are many
commercially available surface electrodes, which have
the following characteristics: even distribution of current,
good skin contact, self-adhesive for ease of application and
removal, and biocompatible with the skin. However, the
stimulating amplitude of a surface FES needs to be more
intensive if the electrical pulse is to pass through the bar-
rier of the skin to the target muscle and affect the area of
the stimulate electrode on the skin. If a person suffers

from a skin allergy to electrical stimulation and is hyper-
sensitive (feels the sensation of pain), then he or she is not
a suitable candidate for the use of the FES system for daily
rehabilitation. Percutaneous stimulation uses wire elec-
trodes that are introduced into deep muscles, which can be
injected using a hypodermic needle either nonsurgically
through the closed skin or through an open incision (10).
Implanted electrodes are attached to the motor neurons or
muscles close to the motor neurons, and they must be
placed surgically. Implanted electrodes have better mus-
cular selectivity, and the risk of infection is reduced com-
pared with percutaneous electrodes. A nerve cuff electrode
(or cuff electrode) is one of the implanted electrodes (Fig.
5). The term ‘‘cuff electrodes’’ applies to those devices that
engulf the entire circumference of a nerve. Cuff electrode
is a new kind of electrode circling the peripheral nerve to
stimulate and record the electrical activity of the nerve
(11). The other type of implanted electrode is the epimysial
electrode, which is a disk-shaped piece of metal with a re-
inforced polymer for shielding the surface away from the
muscle and for suturing to the muscle. The electrode is
placed on the surface of the muscle. The advantages of
implanted electrodes are better selectivity, repeatable ex-
citation, and permanent positioning. However, surface
FES systems are still more commonly used in daily reha-
bilitation for patients after stroke, because the system is
simpler and easier to apply on persons, without the need
for surgical intervention.

The size of a surface electrode for most applications is
from 2.5 cm � 2.5 cm to a larger area. In a larger muscle
group, a large-sized electrode can be applied to recruit
more muscle fibers. The size of the electrode cannot be too
large; otherwise, unwanted adjacent muscles will be stim-
ulated. If the electrode is too small, then a high current
density will flow through the skin. This may cause an un-
comfortable feeling and increase the risk of skin irrita-
tions. A pair of electrodes is commonly used to stimulate
the target muscle. An active electrode (cathode) is placed
over the muscle or nerve to be excited, and the indifferent
electrode (anode) is placed remotely. Most commonly, the
anode is also placed on the same muscle group and nerve,
so that most of the current will flow through the same
muscle and nerve during stimulation (12).

3.2. System Construction

A diagram of an FES system (Fig. 6) shows the three main
components required for restoring motor functions after
an injury of the central nervous system (such as stroke):
main unit (stimulator), sensor, and electrodes. The main
unit normally consists of a micro-controller for generating
stimulation patterns and selection buttons for choosing a
different stimulation pattern and adjusting the stimula-
tion parameters such as frequency, amplitude, and pulse
width (13). The stimulator can be a single-channel or mul-
tichannel system, which depends on the applications. The
main unit captures the intentions of the subject through
the sensor and processes the data with an internal control
strategy, and it then generates a burst of electric pulses to
the target muscle or nerve via electrodes.
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Figure 4. Subthreshold and suprathreshold responses of a nerve
fiber to a stimulus current pulse.
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3.3. Control Strategy

Control of FES-assisted movement requires feedback from
the sensor to capture the subject’s intentions. A mechan-
ical switch can be an input device to trigger the stimula-
tion, which is the simplest design. The other types of
sensors can capture kinematic or kinetic data to identify
the user’s intentions. Kinematic data such as angles and
angular velocities of body segments or joints, as well as the
position, velocity, and acceleration of specific points of the
body could be used for control. Kinetic data such as the
pressure distribution under the feet or on the surface of
the skin on the hand could be used as the other inputs.
These physical quantities can be used to control FES-as-
sisted human movements. In a drop-foot stimulator on a
patient with hemiplegia, a foot switch under the position
of the heel in an insole of a shoe is commonly used (Fig. 1).
The foot switch detects the heel contact pattern. The basic
divisions of a gait cycle are stance and swing. The entire
period during which the foot is on the ground is the stance
phase. The swing phase begins when the foot is lifted from
the floor until the heel is placed on the ground again. If the
heel is off the ground, then the user intends to enter the
swing phase of a gait cycle. The stimulator transmits an
electrical current to prevent drop-foot and to achieve a toe
clearance. When the heel comes into contact with the floor
again, the stimulation is switched OFF. The muscle can rest
and the system waits for the next heel rise event. This ON/
OFF pattern of stimulation can help to minimize muscle
fatigue by giving time for the target muscle to rest. This

muscle activation pattern is similar to the walking pattern
of a healthy person. A patient with hemiplegia with spas-
tic hand or paralyzed hand has little shoulder movement;
therefore, in the FES applications for upper limb disabil-
ity, the residual voluntary shoulder movements can be
used as a command signal to control the pattern of stim-
ulation to activate the paralyzed distal muscles. A kine-
matic sensor could be used as the control source to detect
this kind of residual movement (14).

The other type of sensor is developed to record bioelec-
trical potential signals. The user can activate their resid-
ual voluntary muscle contractions, and the sensor picks
up the residual muscle activation signals through an elect-
romyography (EMG) recording as signals of the subject’s
intention. If the system puts on the same affected muscle
for training, this is called the ‘‘EMG biofeedback treat-
ment’’ (Fig. 7). This treatment on patients after stroke can
increase muscle force, to improve proprioception, and to
support the relearning of motions.

The control strategy of an FES system can be divided
into three levels (Fig. 8). At the highest level, the sensor
captures information about the intention of the user. In
general, the sensors are attached on body parts with re-
sidual voluntary motor functions and a detection algo-
rithm is targeted on a specified movement task to identify
the user’s intention. At the intermediate control level, the
captured user intention provides information about state
transitions in a state model of a specific movement task
and coordinates the pattern of stimulation. For example,
stance and swing phase detection are captured by a heel
switch sensor. Stimulation is activated during the swing
phase and deactivated during the stance phase for drop-
foot stimulation. At the lowest level, a stimulation pattern
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Figure 5. Construction of the cuff electrode.
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Figure 7. EMG-biofeedback FES system.

4 FUNCTIONAL ELECTRICAL STIMULATION (FES) FOR STROKE REHABILITATION



generator controls the electrical pulses delivered to the
muscle or nerve.

When there is spasticity present in the stimulated mus-
cle, it is important that the lowest level controller can
generate a long rising ramp of at least 2s for the electrical
pulse to gradually increase its intensity. This is because a
sudden contraction will rapidly stretch the antagonist
muscle and induce a stretch reflex, and thereby trigger a
stronger spasticity. The result is a reduced range of motion
in the affected joint. A long ramp will also provide a more
comfortable contraction and a smooth transition between
ON and OFF stimulation. In Fig. 9, an extended period of
stimulation is used in the drop-foot stimulator to prolong
the stimulation after the heel strike event. This is de-
signed to give more time for the user to shift the weight of
his/her body on the affected leg. A falling ramp is used to
generate a smooth landing for the whole foot on the
ground.

4. FES ON REHABILITATION FOR PATIENTS AFTER STROKE

FES is increasingly used in neurorehabilitation to im-
prove mobility and upper limb functions. The most com-
mon use is for the correction of dropped foot in a
hemiplegic gait. Recently, upper limb FES applications
in hemiplegia have started and have demonstrated clini-
cal value. Strokes can affect different parts of the brain
and cause different symptoms. Many muscles in the face,
leg, or arm may be paralyzed. Some functions of patients
after stroke gradually return, but often the muscles re-
main weak and are difficult to coordinate. FES on stroke
rehabilitation can be used to

1. Replace orthosis: Electrical stimulation of the dorsi-
flexors in patients with hemiplegia triggered by a
switch in the shoe has been used. Similarly, stimu-
lation of the deltoid has been used to prevent gleno-
humeral subluxation in patients with hemiplegia.
Rather more complex systems are being devised to
enable patients with paraplegia to stand and walk.

2. Reduce joint contractures and increase the joint
range of motion (ROM): FES can provide stretching
effects similar to passive stretching, and this can
extend shortened tendons and reduce joint stiffness.

3. Strengthen weak muscles by repetitive stimulation
exercises on the paralyzed muscle group.

4. Reduce spasticity: When FES stimulates a muscle
contraction, the muscle spindles in the excited mus-
cle are activated and then stimulate inhibitory in-
terneurons to reduce the activity of the motor
neurons of the antagonist muscle. This is known as
reciprocal inhibition, and its effect can be exploited
by stimulating the antagonist muscle to the spastic
muscle. In general, after exercising the antagonists
to the spastic muscles, the level of spasticity can be
reduced and the effect can last from minutes to
hours. Moreover, the synaptic connections can be
strengthened by long periods of exercises and the
spasticity level can be reduced for a longer period of
time. However, most studies have shown that the
treatment needs to be maintained over the long term
for continuous therapeutic benefits. Other studies
also showed that the stimulation of the spastic mus-
cles has a relaxing effect. This is thought to be due to
the antidromic stimulation of the motor neurons and
to have an inhibitory effect on the motor neurons in
the spinal cord, thus reducing spastic activity. Re-
ciprocal stimulation of agonist and antagonist pairs
can be an effective way of reducing spasticity. How-
ever, there are some concerns about strengthening
spastic muscles and the spasticity may be worse
when it returns. In general, in an FES clinical ap-
plication, only the antagonists to the spastic muscles
are stimulated, unless the motion functions of the
spastic muscle are required to be restored for clinical
training tasks.

5. Facilitate muscle control: When a muscle contrac-
tion is activated by electrical stimulation, the sen-
sory organs around can detect the contraction of the
muscle and the motions of the joint. Such prop-
rioceptive feedback from joints, tendons, muscles,
and mechanoreceptors can generate nerve signals
through the remaining pathways to the cortex and
other centers. This stimulation can help to form new
synaptic connections and increase the possibility of
generating new pathways for the brain to have more
control over the affected muscles. This is also known
as ‘‘neurorehabilitation’’ or ‘‘motor-relearning.’’

6. Improve sensory awareness: More sensory input will
encourage new synaptic formations in the sensory
cortex and increase sensory awareness. Sensory im-
provement could enhance motor functions, because
the FES user can sense position and force from their
paralyzed limb. They can achieve functional tasks
with FES in a more coordinated manner.

7. Reduce the pain associated with spasticity or shoul-
der subluxation: Muscles around the shoulder joint
can be strengthened to prevent subluxation of the
shoulder, which causes pain in the shoulder joint (2).
A strong spastic muscle generates a large force on
the tendon and muscle, and this will cause pain and
discomfort.

8. Increase muscle metabolism and blood flow: Electri-
cal stimulation will have the same effect as normal
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electrode
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Figure 8. FES control system.
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voluntary muscle contractions in causing a tempo-
rary increase in muscle metabolism.

4.1. Training Protocol for the Application of FES

At the very beginning, FES exercises should be performed
on a regular basis, ideally once or twice daily. It is sug-
gested that patients use FES at home for a week, for half
an hour on the first day increasing gradually up to one
hour. The stimulated muscles need several sessions to
adapt to the stimulation. The FES system should initially
be practiced at home, and only when the patient feels con-
fident with the system can they then use it outside the
house. In the case of a drop-foot stimulator, the users usu-
ally can walk with FES for several hours. Some active us-
ers can even walk for a whole day. However, as different
patients have different circumstances and abilities, they
should be trained according to the instructions of their
clinician. It is also suggested that patients using FES for
the first time on the street be accompanied by a family
member. Regular follow-up is required to ensure that the
exercises are performed correctly.

The electrode positions will be marked with indelible
markers in the first 2 weeks. It is not uncommon that the
positions of the electrodes will need to be adjusted as pa-
tients progress (15). Some patients experienced problems
when placing the electrodes. After identifying the position
of the stimulation after the first 2 weeks, an electrode
placement locator, which is made of thermoplastic (Orfit
Micro) materials, was used to model the shape of the
shank, and two holes were cut to place the electrode.
The user just needs to use this locator to remind him/her
of the correct positions, and the locator will be removed
after the electrodes are attached in the correct position.
Written instructions, electrode position diagrams, and
stimulation intensity levels are supplied to them for ref-
erence.

For upper limb applications, the training protocol is
similar to that for the drop-foot stimulator. The frequency
of the use of this device depends on the adaptation of the
FES system and the physical condition of the user. The
user’s progress will be monitored closely, and follow-up
sessions are required. In every follow-up session, users

will be evaluated using the Jebsen–Taylor hand function
test, active and passive ROM, the Ashworth scale for test-
ing spasticity, and two-point discrimination for testing
sensory function.

Normally, the number of muscle groups to be exercised
should be kept to a minimum. Most patients can cope with
up to two muscle groups. An FES system could also be
applied in other clinical situations such as incomplete spi-
nal cord injuries. Contraindications may include the ap-
plication of a pacemaker, epilepsy, severe joint
contractures, skin problems, and poor joint stability.
This is because interference from the stimulator may pre-
vent the detection of bradycardia, and some anecdotal in-
cidents of increased symptoms of epilepsy when using
electrical stimulation have been reported (16). Contract-
ure and poor stability will also affect the function move-
ments.

4.2. Rehabilitation Systems for Walking

A person often recovers a large degree of function by nat-
ural neurologic recovery in the first few months immedi-
ately after a stroke. However, drop-foot is a long-term
disability suffered by approximately 10% to 20% of stroke
survivors. Drop-foot typically involves an inability to do-
rsiflex the foot during the swing phase of the gait. Some-
times, there is a loss of normal knee flexion and an
inability to ‘‘push-off,’’ which is accompanied by spasticity
of the calf muscle group as the result is inversion (Fig. 2).
A drop-foot stimulator (DFS) activates the dorsiflexors
during the swing phase to achieve toe clearance for im-
provement in walking (17). The stimulator transmits elec-
trical currents to stimulate ankle dorsiflexors or the
common peroneal nerve.

4.2.1. Surface DFS. The first reported use of electrical
stimulation to correct hemiplegic drop-foot was in 1961 by
Liberson et al. (1). The use of multichannel FES was also
proposed by Kralj and Bajd (3). The three stimulation
channels enabled different muscle groups to be controlled
independently, such as ankle dorsiflexors and knee flexors
and extensors. Nowadays, the new DFS systems are por-
table in size, easy, and quick to set up, and they are ergo-
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nomically acceptable to the users. The following are
among the few FES systems in clinical use. The Odstock
Dropped Foot Stimulator (ODFS, the Department of Med-
ical Physics and Biomedical Engineering, Salisbury Dis-
trict Hospital, Salisbury, U.K.) was used widely in the
United Kingdom, which was a single-channel hard-wired
stimulator using a heel-switch to control the stimulation
timing (18).

Electronic ankle-foot orthosis (EAFO, Rehabilitation
Engineering Center, the Hong Kong Polytechnic Univer-
sity, H.K.) is another single-channel surface system using
programmable microprocessor technology to control stim-
ulation parameters and with a datalogger to record the
use of the FES system for up to several months. The record
includes the number of steps, the time, and the duration of
the FES application. This can help a clinician monitor the
progress of each patient. It was also used a heel-switch to
trigger the stimulation.

The other two commercial systems are the footlifter
(Elmetec A/S), which is a two-channel surface system us-
ing a foot switch, and the Walkaide system (Neuromotion,
Inc.), which uses a tilt sensor built directly into the stim-
ulation unit to control the timing of the stimulation in-
stead of a heel-switch. More than 5000 persons have used
the surface DFS (9).

4.2.2. Implanted DFS. An implanted DFS has elimi-
nated some problems, such as eliminating the need to po-
sition electrodes on a daily basis, the problem of skin
allergies, and the sensation of stimulation experienced in
a surface DFS. Strojnik et al. (19) developed an implant
system (IPPO) with a single unit, incorporating the elec-
trodes and receiver within the same assembly. The com-
pactness of the implant assembly simplified the surgical
procedure, and the whole process would take less than
30min under local anesthesia. Haugland et al. (20) used
microprocessor technology to develop a two-channel im-
plantable stimulator controlled by an external foot-switch
controller with a 12-polar nerve cuff. The nerve cuff is fit-
ted to a common peroneal nerve above the knee. In 2000,
the Haugland Group developed a combined implanted
sensing and stimulation system. It used a ‘‘nature’’ sen-
sor to detect the nerve signals from a sural nerve and ex-
tract the nerve signals to detect heel-strike and heel-off
events, to replace the external foot switch.

4.3. Rehabilitation Systems for Grasping and Reaching

FES has been applied in the upper extremities in stroke
rehabilitation to restore hand functions (21). With the lat-
est electronic and sensing technologies with a wearable
stimulator and implantable electrodes, FES has become
more mature. The greatest improvement in the quality of
life of persons after a stroke lies in the restoration of some
basic hand functions, such as the key pinch and palmar
grasp. The key pinch provides thumb flexion and adduc-
tion against the lateral aspect of the index finger for hold-
ing a small object such as a spoon or a pen. The palmar
grasp provides finger flexion against an abducted or op-
posed thumb for holding a large cylindrical object such as
a glass (Fig. 10). Different FES systems have been devel-

oped to restore these hand functions through electrical
stimulation, and an increase in independence in daily ac-
tivities has been demonstrated (22–26). The spastic mus-
cles of some patients after stroke also affected the
functional activities of their hands. They have the force
to close their hand and grasp an object, but they lack the
extensor muscles to open the hand and extend the wrist.
Therefore, the FES system is also designed to open the
spastic hand by stimulating the wrist extensor and thumb
abductor (Fig. 11).

4.3.1. Surface Hand Systems. Two systems have been
clinically available: the Handmaster (Ness, Israel) (27,28)
and the Bionic Glove (University of Alberta, Edmonton,
Canada) (24). The Handmaster is a three-channel surface
stimulation system and consists of a plastic orthosis that
houses the surface electrodes and wires. One advantage of
the Handmaster is that it is easy to put on and remove.
This is very important for a surface FES system. The
Handmaster is controlled with a push button that triggers
the functions of opening and closing the hand. Both sys-

(a) (b)

Figure 10. (a) Lateral grasp and (b) palmar grasp.

(a)

(b)

Figure 11. Opening a spastic hand using FES (a) before stimu-
lation and (b) after stimulation.
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tems are used as an exercise tool for subjects of stroke and
are commercially available.

4.3.2. Internal Hand Systems. Internal stimulation sys-
tems use implanted electrodes or percutaneous electrodes
(20,27). Wireless communication is commonly used to
transmit stimulation patterns and power from the exter-
nal controller through the skin to the implanted stimula-
tion unit. A transmitting coil is worn externally over the
location of the implanted stimulator for the wireless com-
munication. One system has been clinically available: the
FreeHand (Case Western Reserve University, Cleveland,
OH) (23), which is an implanted FES device intended for
the restoration of hand function in C5- and C6-level
tetraplegics. A skin surface-mounted position detector is
mounted on the skin surface of the subject’s opposite
shoulder to control the device by shoulder movement.
The strength of the grasp is proportional to the distance
moved by the shoulder. Both palmar and lateral grasps
can be selected by pressing a button on the shoulder con-
troller. There are more applications of this type of internal
stimulation system for patients with spinal cord injuries,
because both sides are affected after such an injury. How-
ever, patients with hemiplegia normally still have one
sound side, and they can use this sound side to complete
most of the unilateral tasks in their daily activities. There-
fore, patients after stroke commonly use the surface FES
hand system.

4.3.3. Control Interface for Hand Systems. Both surface
and internal systems require a user control interface to
capture the intentions of a user, which are then processed
to trigger the required stimulation. Different sensors have
been investigated for capturing a subject’s intentions by
sensing relevant movements of the user’s shoulder, elbow,
and wrist. In current commercial external stimulation
systems, either a simple ON/OFF switch (Handmaster) (27)
or a joint-angle transducer (Bionic glove) (24) is employed
to control the opening and closing of the hand. For each
use, a user has to place a sensor together with surface
electrodes on the surface of the skin. In the internal stim-
ulation system (FreeHand), either an externally mounted
angle-sensor is used to detect shoulder motions (29) or an
internally mounted angle-sensor is used on the wrist joint
(30). In addition to physical sensors, myoelectric control
systems use the degree of muscle activation (Electromyo-
gram, EMG) from a user to control the stimulation (31–
33). One system called the myoelectrical controlled func-
tional electrical stimulator (MeCFES) has been developed
to use residual myoelectric signals from the paretic wrist
extensor (extensor carpi radialis muscle) to control stim-
ulation of either the wrist extension (i.e., the same muscle;
Fig. 7) or the thumb flexion. A monotone function (e.g.,
linear) is used to control the stimulation parameter with
the amplitude of the myoelectric signal (33). If the end
user generates a larger residual EMG signal on the wrist
extensor, then the controller will deliver a higher electri-
cal current to the target muscle group to generate a larger
output force.

4.4. Future Development

The future development of FES for stroke rehabilitation
should provide additional functions for both users and cli-
nicians to control and monitor the systems, enhance reli-
ability, and apply and remove easily. More natural user
interfaces will be provided and costs will be reduced. New
types of nerve cuff electrodes could be further developed to
interface with peripheral nerves for recording or stimula-
tion (34). An implanted FES system will be the next rev-
olution, which consists of a sensor module, actuator
module, and centralized powering system (35). The FES
system should be adjustable to suit different individual
needs, as well as controllable by various man–machine
interfaces. The man–machine interfaces and the simulator
must be robust, reliable, easy to implement, and appealing
to both users and clinicians. The reliability of the system
will be enhanced by advanced control strategies to adjust
for disturbances, such as fatigue and spasticity.
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1. BACKGROUND

In the early nineteenth century, Franz Gall, a German-
born physician and neuroanatomist who studied and
worked in Vienna, proposed that specific functions or
behaviors are controlled by particular regions of the
cerebral cortex. Although Gall extended this proposition
to develop the (incorrect) doctrine of phrenology, it was the
first account of localization of function in the cerebral
cortex. Forty years later Gall’s ideas were extended by
Paul Pierre Broca, who in 1861 published an account of a
patient who could understand language but could not
speak. Postmortem examination of the patient’s brain
showed a lesion in the posterior area of the frontal lobes,
an area that has become known as Broca’s area. This
intriguing finding led to the search for more functionally
distinct regions of the cerebral cortex and, in 1870, Fritsch
and Hitzig reported that electrically stimulating the pre-
central gyrus in the dog resulted in movements of the
contralateral limb. Fritsch and Hitzig had found what is
now known as the primary motor cortex. Investigation of
localized functional regions of the cerebral cortex in-
creased at a rapid pace and by the mid-twentieth century
it was well established that the cerebral cortex could be
divided into discrete regions on the basis of cytoarchitec-
tonics (type, density, and layering of cells) and physiolo-
gical function. Localization of function in the cerebral
cortex is perhaps best demonstrated in the mammalian
visual cortex, where in the primate and presumably the
human, more than 30 distinct cortical regions associated
with the analysis of visual information exist.

The localization of function in the cerebral cortex has
traditionally relied on techniques such as lesion studies,
neuroanatomical tract tracing and single-cell electrophy-

siology in animal-based experiments, or on clinical studies
where behavioral symptoms are correlated with postmor-
tem findings of underlying cortical pathology or where
specific regions of the cerebral cortex are electrically
stimulated during neurosurgical procedures for disorders
such as epilepsy. In addition to these techniques, a num-
ber of imaging techniques are now available, including
positron emission tomography (PET), functional magnetic
resonance imaging (fMRI), and optical imaging of intrinsic
signals (OIIS). In functional imaging of the cerebral
cortex, the relationship between regional cerebral blood
flow (rCBF) and function is exploited to correlate localized
cortical activity with physiological function.

OIIS is a minimally invasive means of determining
patterns of neural activity over large areas of the cortex
(typically on the order of 25mm2) with resolution as fine
as tens of micrometers. The signal is manifest as a
darkening of the cortex; that is, it occurs when the light
absorption of the tissue increases and its reflectance
decreases. These light-related phenomena closely corre-
late with underlying neural activity and are largely
because of the fact that cerebral blood flow (CBF) and
energy metabolism are regulated at such a fine scale.

2. THEORY

In order to illustrate the components of the intrinsic signal
and its underlying mechanisms, it is convenient to con-
sider an example. Figure 1 shows ocular dominance
columns in the visual cortex of the cat. In response to a
brief visual stimulation of one eye, a column of some
thousands of cortical neurons becomes active. This activ-
ity requires energy; an integral part of cerebral energy
metabolism is a reaction involving oxygen and glucose.
Specifically, more than 85% of cerebral glucose is used by
neurons, largely for the maintenance of (presynaptic)
membrane voltages and the restoration of ion gradients
affected by synaptic activity (1). The column, therefore,
draws oxygen from the local capillary bed, where hemo-
globin (the protein in red blood cells that binds to oxygen)
becomes deoxygenated leading to an increase in the con-
centration of deoxyhemoglobin.

Several hundred milliseconds subsequent to synaptic
activity onset, rCBF and blood volume increase (hyper-
emia). Although the exact mechanism driving the increase
is unknown (some argue that the trigger is increased
tension of carbon dioxide, a byproduct of cerebral metabo-
lism, or reduced oxygen tension in the microvasculature,
whereas others argue neurogenic triggers), this transient
hyperemia meets, and indeed exceeds, local oxygen de-
mand. Therefore, ultimately and somewhat paradoxically,
after an initial increase, the response to increased synap-
tic activity is a decreased concentration of deoxyhemoglo-
bin and an increased concentration of oxyhemoglobin.
This hyperemic transient then decays over the course of
10 to 30 s.

The sequence of events—synaptic activity, hypo-oxyge-
nation, and delayed hyperemia—affects the tissue’s ab-
sorption and reflection of light, which is first because
neuropil (areas of cerebral gray matter rich in synapses,

1
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dendrites, and axons) scatters light when activated. This
phenomenon is believed to be associated with neurotrans-
mitter release and with ion and water movement and
related shrinkage of the extracellular space (2,3).

Second, the level of oxygenation of hemoglobin in the
local capillary bed, assuming the total concentration of
hemoglobin remains constant, affects the absorption of
light. Figure 2 (4) shows the absorption spectra of oxyhe-
moglobin and deoxyhemoglobin. If the cortex was illumi-
nated at 605nm, for example, the increased
deoxyhemoglobin concentration associated with the initial
hypo-oxygenation and the concomitant decreased oxyhe-
moglobin concentration make for increased light absorp-
tivity; at 605nm, deoxyhemoglobin is approximately five-
fold more absorptive than oxyhemoglobin. For this reason,
if the cortex is illuminated at an isobestic wavelength such
as 570nm (where the absorptivities of oxyhemoglobin and
deoxyhemoglobin are equal; see Fig. 2), the initial deox-
ygenation cannot be measured.

Third, note that the ordinate units in Fig. 2 are L /
mmol / cm. Therefore, increased blood volume makes for
increased absorption. Of the three compartments compris-
ing the cerebral microvasculature, the arteriolar, capil-
lary, and venular, the volume increase is believed to take
place for the most part in arterioles and capillaries (5,6).
For the former, this is due to dilation and for the latter, to
recruitment (6,7). In highly vascular areas, the measured
change in reflectance may be dominated by the blood

Figure 1. Ocular dominance columns in the
primary visual cortex of the cat (unpublished
data, present authors). The top panel shows a
‘‘plain view’’ of the cortex (illumination at
approx. 540nm). In the lower panel, those
areas depicted light are areas of cortex that
respond preferentially to visual stimulation of
the right eye, forming so-called columns (which
extend several millimeters normally to the
surface of the cortex). Areas depicted dark
respond preferentially to visual stimulation of
the left eye. The stimuli used were square-
wave gratings with period 0.2 cycles per de-
gree, duty cycle 0.5, and drift rate 2 cycles per
second. Illumination was at a wavelength of
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Figure 2. Absorption spectra for oxy- (1) and deoxyhemoglobin
(2). The left-most vertical, dashed line indicates an isobestic
wavelength of 570nm (i.e., where the absorptivity of oxy- and
deoxyhemoglobin are equal). The right-most vertical, dashed line
indicates a commonly used imaging wavelength of 605nm (spec-
tral data taken from Ref. 4).
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volume component and only weakly correlated with loca-
lized neural activity. Therefore, special care must be taken
in the image processing phase to isolate the signal of
interest (see the discussion on single condition maps in
the section on Image Processing below).

Although the precise composition of the intrinsic signal
and the relative contribution of its components are subject
to ongoing study, the following physical model, or slight
variations of it, is well held (8):

DRðl; tÞ � KoðtÞeoðlÞþKdðtÞedðlÞþLSðtÞ;

where DR is the intrinsic signal, a function of wavelength,
and time relative to the stimulus onset; Ko is the oxyhe-
moglobin concentration, an approximately linear function
of time relative to stimulus onset; eo is the absorptivity of
oxyhemoglobin, a function of applied wavelength; Kd and
ed are the equivalent concentration and absorptivity for
deoxyhemoglobin; and LS is the light scattering compo-
nent, a wavelength-independent function of time since
stimulus onset. The light-scattering component of the
intrinsic signal is the most spatially correlated with
synaptic activity. As the amplitude of this component is
invariant with respect to wavelength, it dominates the
intrinsic signal at near red and infrared wavelengths,
where the absorptivity of oxy- and deoxyhemoglobin and
their contributions to the intrinsic signal are compara-
tively small. Mayhew et al. (9) estimated the light-scatter-
ing component to be 50 times that of the oxyhemoglobin
and deoxyhemoglobin components at 590nm in anesthe-
tized rat somatosensory cortex. At shorter wavelengths,
the deoxyhemoglobin and oxyhemoglobin components
make a greater contribution to the signal, which is readily
reconciled with the amplitude of the spectra shown in Fig.
2, where at shorter wavelengths, deoxyhemoglobin and
oxyhemoglobin are significantly more absorptive. Of the
two ‘‘blood’’ components, the deoxyhemoglobin component
is the most tightly spatially correlated with synaptic
activity, whereas the oxyhemoglobin component is some-
what coarse (10). Whereas the deoxyhemoglobin signal is
driven by the early hypo-oxygenation, the oxyhemoglobin
component is driven by the delayed hyperemia. To borrow
the analogy of Malonek and Grinvald (11), the hyperemic
oxygenation of the cortex is coarse, a case of the entire
garden being watered for the sake of a single thirsty
flower. Malonek and Grinvald (11) reported the oxyhemo-
globin component, in the cat visual cortex, as being
approximately an order of magnitude greater than the
deoxyhemoglobin component.

3. TECHNIQUE AND EQUIPMENT

The aim of this section is not an exhaustive review of the
method (for an exhaustive review, the reader is referred to
Grinvald et al. (12) among others). Rather, the aim is to
canvas the typical optical imaging setup, which poses an
involved biomedical engineering problem drawing from a
broad set of skills, including animal physiology, optics,
electrical engineering, and image processing. A schematic
of the optical imaging setup is shown in Fig. 3. In short, a

brief sensory stimulus is presented to the animal while the
cortex is imaged. The cortex is exposed via a small
trephine hole and illuminated at a single wavelength.
The acquired data, comprising prestimulus, or resting-
state images, plus images of the neural response to the
sensory stimulus, are then analyzed with reference to the
stimulus onset.

The requisite synchronization of the stimulus and
recording devices is not uncommon to neurophysiological
techniques generally, such as single-cell electrode record-
ings, scalp recordings of evoked potentials, fMRI, or PET
imaging. Likewise, the stimuli typically employed (e.g.,
the mechanical stimulation of a single rat whisker, or
visual stimulation of the cat retina) are well-established in
the neurophysiological literature. Specific to optical ima-
ging, however, is the amount of data involved and the
numerous sources of noise. The significant noise sources
include: (1) thermal noise intrinsic to the imaging device
and to the light source; (2) quantum noise associated with
low light levels; (3) microscopic movement of the tissue in
question (inevitable where in vivo preparations are con-
cerned); and (4) biological variability of the animal (e.g.,
variability in microvasculature perfusion that is uncorre-
lated with synaptic activity). These noise sources are
typically difficult to mitigate beyond the order of magni-
tude of the small signal of interest. Some direct measures
involve the preparation of the animal; a bilateral pneu-
mothorax is commonly undertaken to limit the translation
of intrapleural pressure to the cerebrospinal space, which
in turn reduces brain pulsation. To further reduce arti-
facts caused by brain pulsation, stimulus and acquisition
are often synchronized to the cardiac and respiratory
cycles of the animal. Further, multiple imaging sequences
for a given stimulus condition are often required to facil-
itate averaging. As a result, the amount of data the
experimenter acquires is often significant. For example,
examining a single cortical response to a single stimulus
condition may involve in excess of two gigabytes of data
acquired over a period of tens of minutes. Given the state
of technology at the time of writing, this fact poses
considerable demands on the computer operating the
imaging device. Other means typically employed to reduce
artifacts and noise are discussed below with reference to
specific elements of the experimental setup. Additionally,
a novel data acquisition technique was recently proposed
by Kalatsky and Stryker (13), who employed continuous
data acquisition with periodic presentation of the stimulus
condition to mitigate the effects of cardiac and respiratory
artifacts. By controlling the period of the stimulus pre-
sentation, they were able to localize the spectral content of
the response in an area of the spectrum free of noise and
artifacts.

3.1. Cranial Window

At its simplest, the cranial window involves a thin layer of
mineral oil applied to the tissue, which is then covered
with a microscope cover slip (14) (in this case the dura
mater is left intact). More typically, a length of stainless-
steel tube (height o1 cm; inside diameter B 2.5 cm) is
secured to the skull by way of bone or dental cement, the
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skull being exposed after the scalp is reflected. Trephina-
tion and reflection of the dura is then performed within
the tube and the tube is then filled with mineral oil and
capped with a microscope slide. Aside from guarding
against tissue dehydration, the column of fluid provides
some hydrostatic pressure, which mitigates noise caused
by brain pulsation. The chamber may involve ports for
cycling of mineral oil and removal of air bubbles. Some
chronic preparations involve the placement of an artificial
dura, made from thin, transparent silicone rubber, prior to
filling the chamber (8), which, with the addition of the
local administration of antibiotics, guards against infec-
tion. Cranial windows are reviewed in Kontos (15).

3.2. Illumination

The exposed cortex is illuminated from above, so-called
epi-illumination. The light source is typically incandes-
cent and broad-spectrum (e.g., a 100-watt tungsten-halo-
gen lamp). That is, power is distributed approximately
equally across visible and infrared wavelengths. Stable
epi-illumination is of paramount importance; therefore,
the power supply to the light source is typically regulated
such that fluctuations are limited to less than one part in
1000. Alternatively, the light source may be supplied by a
deep-cycle battery. A flexible light guide and an interfer-
ence filter are used in combination with the light source so
as to target specific components of the intrinsic signal. For
example, an orange-red filter with peak at 605nm and
width-at-half-height equal to 10nm may be used to in-
vestigate the initial hypo-oxygenation, as mentioned in
the Theory section. Note that the cortex may be illumi-
nated by broad-spectrum light and filtering applied by
way of attachments to the camera (or imaging device)
itself. The angle of incident light and its intensity are
important factors in retrieving the intrinsic signal. Alter-
native means of illumination, such as light-emitting
diodes (LEDs), have also been employed successfully by
some investigators, including the present authors.

3.3. Camera Lens

A lensing system is required to focus the cortex onto the
imaging device. A ‘‘tandem lens’’ is commonly used (16),

wherein an adaptor connects two lenses front-to-front, an
objective lens (closest to the tissue) and an imaging lens
(attached to the imaging device). The tandem lens allows
shallow depth of field (DoF) and magnification (M) accord-
ing to the focal lengths of the lenses:

M¼
fimaging

fobjective
:

It is common practice that two identical, commercially
available, 50mm lenses are employed to form the tandem
lens, with the resulting magnification being 1. The macro-
scope allows minimal DoF because of the high f-stop
numbers it obtains; f-stop is the ratio of focal length to
aperture diameter. DoF may be approximated as follows
(17, p. 187):

DoF � 2
CoC

M2
ðFimagingþMFobjectiveÞ;

where Fimaging and Fobjective are the f-stop numbers for the
imaging lens and the objective lens, respectively; M is the
magnification; and CoC is the circle of confusion. The CoC,
specified by the experimenter, is the maximum acceptable
defocus in the imaging plane. For example, stacking two
50mm, f1.2 lenses and choosing 10 mm as the CoC results
in a DoF � 48mm. In most optical imaging applications,
the tissue of interest is several hundred micrometers
below the pia mater comprising the cortical surface. For
example, thalamocortical projections, carrying specific
sensory information, terminate at layer IV of the cortex.
Here, synaptic density and metabolic rate is highest and
the orientation of the capillary network is isotropic (7) (see
Fig. 4 in Ref. 18.). Therefore, the focal plane of the tandem
lens is typically positioned accordingly, which is achieved
by first manually focusing the system on the cortical
surface where numerous anatomical details exist. The
camera-and-lens system is then lowered to the desired
position by way of a micromanipulator. A minimized DoF,
when the focal plane is positioned at depth, defocuses the
more superficial blood vessels, which is a desirable out-
come given that the hemodynamics of these vessels are

Global trigger

Image data
CCD camera

Light source
& light guide

Tandem lens

ECG &
resp.

Sensory stimulus

Figure 3. Schematic of a typical optical imaging
setup. The sensory stimulus and subsequent image
acquisition may be gated against electrocardiogram
(ECG) and respiration in order to reduce motion
artifact.
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less correlated with synaptic activity and often contribute
to artifacts in the acquired data.

3.4. Imaging Device

Optical imaging studies predating the advent of digital
cameras employed photodiode arrays. The spatial resolu-
tion of such arrays is typically limited, yet photodiodes
still find use in conjunction with voltage-sensitive dyes,
where fine temporal resolution of transmembrane activity
is required (e.g., Grinvald et al. (19) reported the use of a
100-photodiode array over a cortical area of 6mm �
6mm), although typically not in applications concerning
the intrinsic signal. More details of photodiode use in
functional optical imaging can be found in Ebner and
Chen (20). Inyushin et al. (14) reported the successful
use of a commercially available 8-bit camera to acquire the
intrinsic signal from rat barrel cortex, a significant ex-
perimental achievement. More typically, a ‘‘scientific-
grade’’ camera is required, wherein each photosensitive
element is digitized to at least 12 bits (therefore, in the
absence of noise, a signal on the order of one part in 4095
may be measured). Scientific-grade cameras are designed
with a mind to tightly packing photosensitive elements
(the camera used by the present authors comprises ele-
ments approximately 7 mm in width) and minimizing noise
typical of solid-state imaging devices: thermal noise or
dark current, read-out noise, etc. A liquid-cooled scientific-
grade camera may demonstrate reduced dark current,
increasing the well depth of a sensor, thereby allowing
for increased exposure time, and effectively mitigating
read-out noise and quantum fluctuations of the signal in
low light conditions. The intrinsic signals measured in the
anesthetized cat are lowpass filtered with a bandwidth of
approximately 0.3Hz (present authors, unpublished
data), suggesting that a frame rate of 0.6 frames per
second is sufficient for measurement of the intrinsic
signal.

3.5. Image Processing

Processing of the imaging data typically begins with
ensemble averaging. A single record, comprised of a
temporal sequence of images may be represented by

g½k;n�;

where k denotes a particular pixel and n a particular
frame number (n¼n0 denotes stimulus onset). The en-
semble average resulting from a number of such records,
pertaining to a particular stimulus condition, is therefore

�gi½k;n� ¼
1

J

X

J�1

j¼ 0

gji½k;n�;

where the subscript i denotes the stimulus condition and J
is the number of records averaged. Assuming that the
noise is additive and uncorrelated from record to record
(e.g., small fluctuations in the intensity of the light
source), then by the central limit theorem, the effect of

ensemble averaging is to reduce the power of the noise by
a factor of J�1/2.

The response to the stimulus, observed in the cortex, is
given by the change relative to a prestimulus reference
frame r (ron0)

�fi½k;n� ¼ �gi½k;n� � �gi½k; r�:

This equation is the first frame method described by
Grinvald et al. (12) and the result is often referred to as
the global signal, because it effectively depicts those
regions of the cortex that respond preferentially to the
given stimulus condition as opposed to all other stimulus
conditions. Single-condition maps are particularly useful
in isolating the signal of interest when imaging highly
vascular areas where the global signal may be dominated
by changes in blood volume in the vessels. The single-
condition map for stimulus condition i is given by

fi½k� ¼ �fi½k;m�
.

fCB½k�;

where m denotes the frame number corresponding to the
maximal response (m4n0) and fCB[k] denotes the so-called
cocktail blank. The cocktail blank is a reference image
given by the sum of the maximal response observed in the
global signal for each stimulus condition, for example,

fCB½k� ¼
1

I

X

I�1

i¼ 0

�fi½k;m�;

where I is the number of stimulus conditions (e.g., eight
orientations of a visual stimulus, each orientation rotated
by 22.51) and m is the frame number corresponding to the
maximal response (e.g., just subsequent to the cessation of
a 2 s visual stimulus). An alternative to the division
method is the difference method, whereby the single-
condition map is obtained by subtracting the cocktail
blank from the frame corresponding to the maximal
response, for example,

fi½k� ¼ �fi½k;m� � fCB½k�:

The experience of the present authors is that the division
and difference equations yield comparable results [see also
Bonhoeffer and Grinvald (2)]. However, some care must be
taken when the amplitude of the maximal response differs
from one stimulus condition to the next. The difference
method better facilitates statistical analysis, as compared
with the division method, as the variance is more easily
calculated. In the literature, Student’s t-test and analysis
of variance (ANOVA) are basic models often employed to
identify significant changes in the cortical response.

The analysis outlined above describes only the basic
operations typically employed and a number of variations
on the method exist. For example, the prestimulus refer-
ence image, r, may be used as a divisor in an attempt to
adjust for uneven illumination, although it may amplify
noise in dark regions of the image. Image registration (see
entry in this volume) may be performed prior to ensemble
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averaging as a means of mitigating movement artifact,
and linear filtering (both temporal and spatial) may be
used to accentuate the signal amongst movement artifact
and speckle noise. Further, Stetter et al. (21) demon-
strated in cat and ferret cortex that principal component
analysis is an effective means of isolating cortical response
from cardiac- and respiration-related artifact, without the
requirement for orthogonal stimulus conditions.

4. DISCUSSION AND OUTLOOK

The remainder of this article is devoted to outlining some
of the more striking applications of OIIS. Bonhoeffer and
Grinvald (22) demonstrated ‘‘pinwheels’’ in the cat visual
cortex (specifically, see their Fig. 2). These pinwheels,
arrayed semi-regularly across the primary visual cortex,
comprise multiple overlapping domains, each of which
responds to visual stimulation by way of a drifting lumi-
nance grating at a particular orientation. Pinwheel cen-
ters, where the multiple domains osculate, are apparently
distributed evenly among left-eye and right-eye ocular
dominance columns (the domains that respond preferen-
tially to stimulus delivered to one eye or the other) and the
pinwheels themselves swirl in outgoing spirals, some
clockwise and some counterclockwise. One critical obser-
vation to be made here is that within a small area of
tissue, all orientations are represented. Therefore, focal
stimulation of the retina, which projects to a small, finite
area of cortex (19), is accurately represented with regard
to its orientation. This ‘‘uniformity of coverage’’ was also
reported in Bosking et al. (23), which demonstrated, in the
visual cortex of the tree shrew, the fine-scale organization
of the retinotopic map. Those authors also reported strik-
ing similarity between imaging data and microelectrode
measurements of neural spiking when both techniques
were applied within the same animal. Bosking et al.
identified overlapping domains of neurons each respond-
ing to a stimulus occupying only a restricted patch of the
visual field, and were able to demonstrate a 100 mm
migration of the activated domain in response to a 0.5 de-
gree shift in visual stimulus. Accordingly, those authors
have asserted that, for such mapping studies, OIIS pro-
vides finer detail as to map organization as compared with
electrophysiological techniques; OIIS effectively averages
million-fold neuronal responses, whereas microelectrode
recordings are perforce confounded by the vagaries of
(expansive) dendritic arbors embedded in the electrotonic
medium. The Bosking study, in effect, highlights simulta-
neously an advantage and a shortcoming of OIIS:
Although it may provide improved spatial detail regarding
the organization of cortical domains, it is effectively blind
to the neural code for populations, at which point the
experimenter must resort to electrophysiological techni-
ques. It is interesting to note that these pinwheel results
corroborate the model of Braitenberg and Braitenberg (24)
who, by way of painstaking extrapolation and interpola-
tion of available single-cell data, proposed a concentric
organization in cat primary visual cortex [for a subse-
quent, more developed model, see Swindale (25)].

Optical imaging has revealed overlap of domains as an
organizing principle in much mammalian cortex, although
not all. Masino et al. ((26), especially their Fig. 4) provide a
striking demonstration of nonoverlapping parcellation in
rat barrel cortex, that is, the part of the somatosensory
cortex devoted to representing mechanical stimulation of
the facial whiskers (27). Deflection of a single whisker was
shown to elicit optical signals in a domain approximately
900 mm in diameter; data from all whiskers, taken to-
gether, was shown to effectively tile the barrel cortex.
Interestingly, Masino et al. imaged the cortex through the
intact, thinned skull—a significant experimental achieve-
ment, obviating the need for a cranial window and sig-
nificantly reducing artifacts because of pulsation. Harel et
al. (28) studied the chinchilla cortex and, within each
animal, simultaneously mapped the tonotopy of primary
(AI) and secondary (AII) auditory cortices. Although these
fields did not overlap, the domains comprising each, that
is, clumps of neurons responding preferentially to tones at
a particular frequency, overlapped significantly. In the
chinchilla, AI and AII are apparently organized along
two almost orthogonal axes, each approximately 2mm in
length, forming an ‘‘L’’ shape in the temporal cortex. With
increasing frequency of stimulation, cortical representa-
tion diverges along these axes. Similar organizing princi-
ples have been demonstrated in the cat auditory cortex, in
response to both acoustic stimuli and functional electrical
stimulation (FES) by way of a cochlear implant (29,30).
Here, AI was plastic; 3-month-long electrical stimulation
increased the sizes of functional domains and increased
the overlap between these domains, corresponding to the
decreased selectivity of electrical stimulation as compared
with its normal, biological counterpart. By contrast, neo-
natally deafened controls exhibited a sort of disintegrated
organization. Further to FES work done by Dinse et al.,
Walter et al. (31) demonstrated the retinotopic response of
the anesthetized cat visual cortex to electrical stimulation
of the intact retina. This study involved a fully implanted
prototype neuroprosthesis and associated electrode array
(with electrodes separated by approximately 750 mm).
Intrinsic signals imaged in the primary visual cortex
suggested discrete points, separated by approximately
5.31, were elicited in the visual field.

Rubin and Katz (32) imaged the rat olfactory bulb.
Here, similar receptors on the sensory epithelium con-
verge in the bulb on so-called olfactory glomeruli — dense
masses of neuropil, approximately 150 mm in diameter,
some 2000 of which comprise the bulb in the rat. These
olfactory domains are some of the smallest physiological
features optically imaged to date. Rubin and Katz demon-
strated that odorants (such as banana oil and peanut
butter) similar in chemical structure elicit similar, but
nonetheless different, patterns of glomeruli activity in the
bulb, which was likewise observed when odorant concen-
tration was varied. Interestingly, similar odors (similar by
the standards of human perception), namely ‘‘caraway’’
and ‘‘spearmint,’’ elicited near-identical response on the
rat bulb. Further experimentation may reveal whether
similar odor representations and odor perceptions corre-
late.
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Clearly OIIS has proven to be a powerful technique in
exploring the functional organization of cortical activity
elicited in response to sensory stimulation, which has been
possible because sensory processing remains largely intact
under anesthesia. In contrast, higher cognitive functions
are significantly depressed under anesthesia, seemingly
precluding the utility of OIIS in studying neural activity
underlying cognitive processes in the cortex. This appar-
ent shortcoming has motivated a number of groups to
investigate the potential for performing OIIS in una-
nesthetized animals. Among the earliest such studies is
that of Grinvald et al. (33), who demonstrated the poten-
tial for OIIS in studying cortical activity in awake mon-
keys, successfully observing functional organisation of the
visual cortex consistent with that previously observed
under anesthesia. Interestingly, Grinvald et al. reported
that the amplitude of the intrinsic signal observed at
630nm was as much as two to three times larger in awake
compared with anesthetized animals.

Based on their success with awake primates, Grinvald
et al. (33) proposed the use of OIIS as a clinical tool for
assessing normal brain activity in human patients during
neurosurgical procedures. Such an application was subse-
quently reported by Haglund et al. (34), who demon-
strated the intraoperative use of OIIS of human cortex
exposed a priori as part of routine surgical treatment of
cortical pathology (e.g., intractable epilepsy or tumor). In
one (awake) patient, Haglund et al. showed that the effect
of electrical cortical stimulation (which is routine in
identifying functional areas bordering diseased tissue
due for dissection or excision) on language was correlated
with OIIS obtained during a cognitive task, wherein the
patient was required to name presented objects. The
cortical area concerned was Wernicke’s area, an area
related to the aforementioned Broca’s area, and respon-
sible for language comprehension and speech. In another
patient, Haglund et al. imaged the spatial extent and time
course of epileptiform afterdischarge (persistent neural
activity associated with epileptic seizure) in an area
slightly anterior to the motor cortex. Interestingly, some
areas of epileptiform activity were bordered by an optical
signal that developed opposite polarity. Similar ‘‘center-
surround’’ intrinsic signals have also been reported by
Tommerdahl et al. (3), who imaged activity in squirrel
monkey somatosensory cortex in response to tactile sti-
mulation of the fingers and hand. It has been proposed
that the surround activity involves neural inhibition act-
ing between functional domains (in Tommerdahl’s case,
between domains corresponding to individual fingers or
locations on the palm), or the shunting of blood to areas of
more synaptic activity, and that this has perceptual
correlates, namely, improved spatial discrimination (3,34).

The work of Haglund et al. (34) lends some support to
the more widespread intra-operative use of OIIS, in con-
junction with electrical cortical stimulation, for the pur-
pose of decision support. However, to date, OIIS has had
little clinical impact [see Pouratian et al. (35)], which is
largely because of the overwhelming artifact that brain
pulsation introduces to data; in clinical settings, as op-
posed to research settings, a cranial window cannot be
used to mitigate pulsation and time constraints limit the

amount of data that may be acquired and hence the
amount of noise-mitigating averaging that may be per-
formed.

Exposure and illumination of the cortex from above
necessarily limits the usefulness of OIIS, in its conven-
tional form, to investigation of neural activity in the
uppermost layers of the cortex. The viability of the reflec-
tance signal recorded is determined by the light absorp-
tion and scattering characteristics of brain tissue at the
wavelengths of interest. Considerable data regarding the
light absorption and scattering characteristics of human
white and gray matter at wavelengths between 400nm
and 2500nm may be found in Eggert and Blazek (36). The
experience of the present authors suggests a practical
upper limit on the depth of tissue that may be imaged
somewhere in the vicinity of 1mm at a wavelength of
605nm. The results of Eggert and Blazek suggest that the
upper limit is likely to be somewhat less at lower wave-
lengths.

Although the majority of previous optical imaging
studies are concerned only with superficial cortical activ-
ity, a number of studies have employed OIIS techniques to
record neural activity within deep-brain structures. For
example, Rector and Harper (37) describe a novel fiber-
optic probe and miniaturized CCD camera for chronic
imaging of intrinsic signals in the hippocampus of freely
behaving cats. Techniques such as this hold great poten-
tial for future developmental and behavioral studies.
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1. INTRODUCTION

In recent years, a large upswing has occurred in research
efforts aimed at augmenting fuzzy logic with neural net-
works. Both approaches offer essential features to the
design of intelligent systems. Neural networks provide
algorithms for learning, classification, and optimization,
whereas fuzzy logic is a powerful tool for reasoning under
uncertainty and for representing ill-defined systems.
Furthermore, fuzzy logic is a viable tool for the develop-
ment of mechanisms that can reason at higher semantic or
linguistic levels. Consequently, the two technologies com-
plement each other (1).

Fuzzy neural network models found very useful im-
plementation in a variety of biomedical engineering ap-
plications. Among such applications are discoveries made
from gene expression data of cancer tissue, diagnosis of
epileptic crisis, online heartbeat recognition, ECG beat
recognition, analysis of digital mammograms, and classi-
fication of tissue and structures in echocardiograms.

By integrating neural networks with fuzzy logic in
biomedical engineering applications, it is possible to bring
the massive parallel computational capability of neural
networks into fuzzy inference systems (2). Generally,
several ways exist to synthesize fuzzy logic and neural
networks. The first approach is to use input-output in-
formation or weights in neural networks as fuzzy sets
along with fuzzy neurons. Gupta (3) presented two generic
combinations for fuzzy neural systems. The first combina-
tion in Fig. 1 consists of a fuzzy inference module followed
by a multiplayer feedforward neural network. The fuzzy
inference engine provides the input to the network. The
neural network weights can be adapted to yield desired
outputs or decisions. The model can be trained with
training data sets. In the second combination shown in
Fig. 2, the neural network drives a fuzzy inference engine.

The neural network can be adapted to produce desired
outputs. The first combination in Fig. 1 is suited to handle
linguistic inputs, whereas the second combination in Fig.
2 handles numeric inputs. The computational process for
these models includes the development of fuzzy neural
models, which incorporate fuzziness into a neural net-
work, and learning algorithms for these models.

The second approach is to use fuzzy membership func-
tions to pre- or post-process signals with neural networks.
Figures 3 and 4 show examples of the representation of
these models. Recently, a special class of the fuzzy neural
network model in Fig. 3 [Adaptive Network-based Fuzzy
Inference Systems (ANFIS) (4)] has been used implemen-
ted in bioinformatics applications related to classifying
gene expression data. A fuzzy inference system can encode
expert knowledge directly using rules with linguistic
labels and fuzzy sets. The design and parameter tuning
of fuzzy membership functions that quantitatively defines
the linguistic labels in such design often require consider-
able computation time. Neural network learning techni-
ques can automate this process and, hence, reduce the
development time and cost while improving the overall
system performance. Lin and Lee (5) proposed a neural
network-based model for fuzzy logic control/decision sys-
tems. In biomedical engineering applications, this generic
model has a potential use in medical decision support
systems (MDSS). The model represents a feedforward
neural network. Input nodes represent input signals and
output nodes represent output decisions or signals. Nodes
in the hidden layers implement membership functions
and fuzzy logic rules. The system can be viewed as a fuzzy
inference mechanism; however, it uses distributed repre-
sentation and learning algorithms of a neural network (2).
Parameters representing membership functions are de-
termined with a backpropagation-learning algorithm
based on a gradient-descent technique. The reader is
referred to Haykin (6) for a tutorial about gradient-
descent learning methods. The Lin and Lee model is
explained in detail in the next section of this chapter.

Furthermore, Pal and Mitra (7) proposed a similar
model where inputs are fed to a preprocessor that acts
as a fuzzifier in a fuzzy inference system (Fig. 4). Those
models are extremely useful in biomedical engineering
applications related to classification of (or pattern recogni-
tion in) diagnostic imaging test results. The output of the
preprocessor represents fuzzy membership values. For
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Figure 1. Model for fuzzy neural system, combina-
tion A.
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each input variable term, linguistic labels are used. If the
input consists of n variables, then the processor block
yields n�m outputs, where m represent the number of
term values used in the model. The output of the pre-
processor is then fed to a multilayer perceptron (MLP)
model that implements a fuzzy inference engine. Also,
another way to combine neural networks with fuzzy logic
is to design a hybrid system wherein some processing
stages are implemented with fuzzy logic and some others
with neural networks. An example of such a system,
shown in Fig. 5, represents a tree classifier. The main
advantages of such hybrid systems are that when the
classification is based on experts’ rules, the fuzzy infer-
ence system can be used, and when the classification is

based on training samples, a neural network is used
instead.

Various fuzzy neural network models are used in
applications related to biomedical engineering. The most
notable of those models are: (i) supervised classifiers, (ii)
unsupervised classifiers, and (iii) fuzzy associate mem-
ories (FAM). Supervised classification models include but
are not limited to: (1) fuzzy neural network models with
fixed or adaptive membership functions (8), (2) ANFIS (4),
(3) fuzzy adaptive control networks (FALCON) (5), and (4)
fuzzy neuron models. Unsupervised classification models
of fuzzy neural networks include: (1) fuzzy completive
learning and (2) fuzzy linear vector quantization. Unsu-
pervised classifiers are beyond the scope of this chapter.
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Figure 2. Model for fuzzy neural system, combina-
tion B.
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In the next section, we review the most popular fuzzy
neural network models with supervised learning features.
We also review FAM (9) as an extended model of associate
memories (10). In the Models in Biomedical Engineering
Applications section, different examples that use fuzzy
neural networks in biomedical engineering applications
are presented. Finally, in the Future Applications section,
some potential applications of fuzzy neural networks in
medical sciences are described.

2. MODELS OF FUZZY NEURAL NETWORKS

One way to build fuzzy neural networks is to fuzzify
conventional neural networks. Each part of a neural net-
work such as the activation function, the weights, the
inputs, and the outputs can be fuzzified. Hence, three
types of fuzzy neural network models have been proposed
in the literature (5): (a) models with fuzzy neurons, (b)
fuzzified neural networks similar to that in Fig. 4, and (c)
neural networks with fuzzy training such as FALCON.
Among the models that implement supervised learning
are: (1) fuzzy neural network models with adaptive mem-
bership functions (8), (2) adaptive network-based fuzzy
inference systems (4), and (3) FALCON (5). Those models
are reviewed in detail in this section because they repre-
sent the most common fuzzy neural network structures in
biomedical engineering applications.

2.1. Fuzzy Inference Decision Systems

The representation of a fuzzy inference decision system is
shown in Fig. 6. The input vector x, which includes the
input state linguistic variables xi, is defined as:

x¼fðxi;Uxi; fT
1
xi; . . . ;T

k
xig; fm

1
xi; . . . ; m

k
xigÞji¼ 1; . . . ;ng; ð1Þ

where Uxi is the universe of discourse (or span) of input
variable xi and Tj

xi is the fuzzy set mapping j of the input
variable xi with the degree of membership of mj

xi. Also in
Fig. 6, the output vector y, which includes the output state
linguistic variable yi, is defined as:

y¼fðyi;Uyi; fT
1
yi; . . . ;T

l
yig; fm

1
yi; . . . ; m

l
yigÞji¼ 1; . . . ;mg; ð2Þ

where Uyi is the universe of discourse (or span) of the
output variable and Tp

yi is the fuzzy set mapping p of the
output variable yi with the degree of membership of mp

yi.
The fuzzification block performs the mapping from an
observed feature space to fuzzy membership functions in
the input universe of discourse Uxi. In other words, a
specific value xi is mapped to the fuzzy set T1

xi with degree
m1xi, the fuzzy set T2

xi with degree m2xi, and so on. Many fuzzy
set representations exist in the literature. The most
common are triangular, trapezoidal, and Gaussian. For
instance, a Gaussian membership function can be repre-
sented by

f ðx; s; mÞ¼ e �
ðx�mÞ
2s2

� �

; ð3Þ
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where m and s are the center and variance of the member-
ship function f(.), respectively. The fuzzy knowledge base
in Fig. 6 contains a set of fuzzy logic rules R. For a multi-
input, multi-output fuzzy inference decision system, this
set is represented as

R¼fR1;R2; . . . ;Rng: ð4Þ

The defuzzification stage in Fig. 6 combines output mem-
bership values and provides a crisp output value. The
defuzzification stage is not needed when the fuzzy infer-
ence system is used as a classifier because the output
membership values can be interpreted as final decisions.

2.2. Fuzzy Neurons

A fuzzy neuron is similar to an artificial neuron, except
that it has the ability to process fuzzy information. Many
models for fuzzy neurons have been suggested in the
literature. Hayashi et al. (11) proposed three types of fuzzy
neurons: (a) fuzzy neuron with crisp signals and fuzzy
weights (Type I), (b) fuzzy neurons with fuzzy signals and
fuzzy weights (Type II), and (c) fuzzy neurons described by
fuzzy equations (Type III).

A fuzzy neuron of Type I is shown in Fig. 7(a). The
inputs to the neuron are represented by vector
x¼ ðx1; x2; . . . ; xnÞ

T . The weights for the neuron are repre-
sented by the fuzzy sets W1;W2; . . . ;Wn. The input signals
are passed through the fuzzy sets that generate the
corresponding membership functions given by
fmW1ðx1Þ; mW2ðx2Þ; . . . ; mWnðxnÞg. The output is computed by
aggregation of the synaptic membership grades of all
inputs, namely,

y¼ mW1ðx1Þ � mW2ðx2Þ � � � � mWnðxnÞ; ð5Þ

where � is the aggregation operator.

A fuzzy neuron of Type II is shown in Fig. 7(b). The
input to the neuron can be represented by a set
fX1; . . . ;Xng, and the weights are represented by the set
fW1; . . . ;Wng. Each input fuzzy set Xi is updated through
the weighting operation according to the following equa-
tion:

X 0i ¼Xi �Wi; ð6Þ

where X 0i is the modified ith input fuzzy set Xi and � is an
operator such as multiplication or addition. All modified
inputs are then aggregated to produce the n-dimensional
output fuzzy set

y¼X 01 � X 02 � � � � X 0n; ð7Þ

where � is the aggregation operator.
A fuzzy neuron of Type III is shown in Fig. 8(a). The

neuron implements a fuzzy IF-THEN rule. The input to the
neuron is represented by x¼ðx1; x2; . . . ; xnÞ

T, where xi

denote input variables that can be fuzzy sets or crisp
numbers. The output of the neuron is y. The neuron
implements the following fuzzy relationship

R¼ f ðx1; x2; . . . ; xn; yÞ; ð8Þ

where f(.) represents the implication method. The neuron
is characterized by the fuzzy function R. A neuron of Type
III can also be used to implement a fuzzy neural network
as an expert system. An expert system with two inputs
and three fuzzy rules is shown in Fig. 8(b). The system
embodies three neurons that implement three rules, and
the final output is computed by the aggregation of the
outputs of the individual rules.
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2.3. Adaptive Neuro-Fuzzy Inference Systems (ANFIS)

Fuzzy modeling methods can express complex nonlinear
mappings. However, the process of rule generation and
tuning of corresponding membership functions is not a
trivial task. Horikawa et al. (12) proposed different types
of fuzzy modeling networks based on the type of rules they
implement. Among the most notable of these networks is
the ANFIS (4) that models fuzzy rules with a consequent
part in the form of a first-order linear equation of the
inputs. The ANFIS model continues to find useful imple-
mentations in biomedical engineering applications related
to bioinformatics, medical diagnosis, pharmacokinetic
modeling, and medical image recognition. This model is
an implementation of a first-order Sugeno fuzzy inference
system (13). For a system represented by a collection of n
data points fx1; x2; . . . ; xng in an M-dimensional space
where the number of input and output variables are
M� 1 and 1, respectively. A general Sugeno rule is in
the following form:

IF x1 isA1 AND x2 isA2 AND . . . xM�1 isAM�1

THEN y¼p0þp1x1 . . . þpM�1xM�1;
ð9Þ

where xi is the ith input, Ai is the corresponding term set,
y is the output, and p0; . . . ;pM�1 are constants. A multi-
input system representation of the ANFIS model is shown
in Fig. 9. Nodes of the same layer have similar functions as
described below. The output of the kth node in layer l is
denoted as Ol,k:

Layer 1: This layer performs the fuzzification process.
It means that the input of each node in this layer is a crisp

value, x, and its related output is a membership function,
m. Therefore, each node can be expressed by:

Ok¼ mAi;j
ðxiÞ; ð10Þ

where i¼ 1; . . . ;M � 1, j¼ 1; . . . ;m, k¼ 1; . . . ;m�M � 1. In
Equation 10, Ok, mAi,j, and xi denote the output of the kth
node, the crisp input value, and its associated membership
function, respectively. As already noticed, the membership
function can be represented by a bell-shape, triangular, or
Gaussian function. In ANFIS, the following Gaussian
function can be used:

f ðyÞ¼ e
�ðy�cÞ2

2s2 ; ð11Þ

where the parameters of the function, mean and standard
deviation, are denoted by c and s. As the values of the
parameters of a Gaussian function change, the function
shape and, hence, the membership functions are chan-
ging. These parameters are referred to as the premise
parameters. Those parameters are depicted in Fig. 9 each
with the subscript label describing the corresponding term
set and associated input.

Layer 2: This layer performs the fuzzy operation AND.
Any T-norm function can be used to represent this opera-
tion, the most common function, however, is Min. The
output of this rule represents the strength of the rule
denoted by w.

Layer 3: This layer performs a normalization operation.
The output of this layer is called normalized rule strength
and is used to determine the final output.
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Layer 4: This layer performs the action represented by
the rule consequent. The output of the kth node in this
layer is

O4;k¼ �wkfk¼ �wkPk k¼ 1; . . . ;m; ð12Þ

where �wk is the normalized rule strength and
Pk¼ ½pk;1; . . . ;pk;M�1� is the parameter set associate with
the rule.

Layer 5: This layer performs an aggregation operation
whereby the final output, y, of the system is obtained.

A number of methods exist to develop adaptive neuro-
fuzzy network and optimize the fuzzy rule-base. These
methods can be grouped into three general categories: (1)
gradient descent method, which can be used to optimize
the parameters of the rule antecedent and consequent to
reduce the output error with respect to training data; (2)
linear least square estimation, which is applicable when
the if-then rules are of Sugeno type (i.e., the parameters of
the rule consequent are defined as a linear function of the
input variables) (13); and (3) hybrid approach, which is
the case in which the membership functions of the rule
antecedent are optimized using the gradient descent
method, and the linear equation representing the rule
consequent is optimized by linear least-squares estimation
(LSE). The ANFIS methodology implements the hybrid
approach for rule optimization. When the ANFIS ap-
proach is used to optimize the rules, the resultant model
is generally more accurate than that obtained from either
of the two preceding approaches. This algorithm is then
the preferred approach. The underlying idea of the hybrid-
learning algorithm is that if system parameters, S, can be
divided to two sets, [S1, S2] where the system output is
linear with respect to S1, then given S1 and using the

least-squares method, elements of S2 can be obtained.
Also, given S2 and using gradient descent method ele-
ments of S1 can be obtained. The whole hybrid learning
process is an iterative process. Each iteration consists of a
forward pass and a backward pass. In the forward pass, it
is assumed that the antecedent parameters (S1) are
known, after an input vector is presented, the outputs in
the network are calculated layer by layer, and this process
is presented for all the training data until all consequent
parameters (S2) are identified by recursive LSE. The error
measure for each training data entry can then be com-
puted. In the backward pass, it is assumed that conse-
quent parameters are known, and the error signals (the
derivatives of the error measure with respect to each node
output) propagate from the output end toward the input
end, and the gradient vector is accumulated for each
training data entry. At the end of the backward pass for
all training data, the parameters in (S1) are updated by
the gradient method.

2.4. Fuzzy Adaptive Learning Control Networks

In this section, we review the fuzzy adaptive learning
control network (FALCON) proposed by Lin and Lee (5).
The structure of the network is shown in Fig. 10. The
FALCON model represents a useful mean to implement
fuzzy neural networks to design intelligent MDSS. The
model consists of five layers. Nodes in layer L1 represent
the input layer, and layer L5 is the output layer. There are
two units for each output variable. The layers of the model
are as follows:

Layer 1: This represents the input layer with the
number of units equal to the number of input features.
Units in this layer only transmit values to the next layer.
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The output for units in L1 is given by:

Outi¼ xi: ð13Þ

Layer 2: Units in this layer implement the membership
functions. For a bell-shaped membership function, the net
input and the output for the units in the layer are given by

neti¼
ðOi �mijÞ

2

s2ij
; Outi¼ eneti ; ð14Þ

where Oi represent the input values obtained from layer
L1, and mij and sij are, respectively, the center and width
of the bell-shaped function of the jth term of the ith
linguistic variable xi.

Layer 3: Nodes in this layer perform the fuzzy AND
operation. Links in the layer are used to perform precon-
dition matching of fuzzy logic rules. The net input and the
output for units in the layer are given by

neti¼minðu1;u2; . . . ;upÞ; Outi¼neti; ð15Þ

where ðu1;u2; :::;upÞ represent the input values obtained
from layer L2.

Layer 4: The units in this layer work in two operational
modes: input-output transmission and output-input trans-
mission. In input-output transmission mode, units per-
form the fuzzy OR operation to integrate the fired rules
that have the same consequent part. The net input and
the output for units that operate in this mode are given by

neti¼
X

p

i¼ 1

oi; Outi¼minð1;netiÞ; ð16Þ

where oi represents the output of unit i in layer L3. In
output-input transmission mode, units in this layer per-
form the function as those in layer L2.

Layer 5: Two types of units exist in this layer. The first
type performs output-input transmission. The net input
and output for units in this layer are given by

neti¼ yi; Outi¼neti; ð17Þ

where yi represents the output of unit i in layer L4. The
second type of unit in L5 performs input-output transmis-
sion. The net input and output for units in this layer are
given by

neti¼
X

p

i¼ 1

wijuij; Outi¼
neti

Pp
j¼ 1 sijuij

; ð18Þ

where uij represents the output of the jth unit in layer L4.
A two-phase learning scheme is used with the above
FALCON model. In the first phase, a self-organized learn-
ing method is employed to locate initial membership
functions and to detect the presence of fuzzy logic rules.
In the second phase, a supervised learning method is used
to optimally adjust the membership functions so as to
minimize the mean-squared error between the desired
output and the actual output of the network. For more
details on the learning scheme of FALCON, the reader is
referred to (5).

2.5. Fuzzy Neural Network Model with Adaptive
Membership Functions

Kulkarni and Cavanaugh (8) proposed a fuzzy neural
network model with adaptive membership functions.
Those models are extremely useful in classification of
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Figure 10. Structure of a fuzzy control net-
work (FALCON) with output-input transmis-
sion.
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diagnostic images from digital mammograms and MRI.
Figure 11 shows an example of such a model with three
layers, each consists of a number of processing units.
Units in layer L2 may be compound units, so as to
implement a desired membership function. During learn-
ing, the parameters of the functions implemented in these
units are updated. Layers L2 and L3 represent a two-layer
feedforward neural network. The connection strengths
between these layers encode the fuzzy rules used in the
decision-making process of the model. The model learns in
two phases. During the first phase, the weights between
layers L2 and L3 are updated so as to minimize the mean-
squared errors between the desired and actual outputs.
Once learning is complete, the model can be used to
classify any unknown input sample. The layers of such a
model are as follows:

Layer 1: The number of units in this layer is equal to
the number of inputs. Units in this layer correspond to the
input features, and they transmit the input vector to the
next layer. The net input and activation function for layer
L1 are given by

neti¼ xi; Outi¼neti; ð19Þ

where neti indicates the net input, and Outi indicates the
output of unit i.

Layer 2: This layer implements membership functions.
The number of units in layer L2 is q times the number of
units in layer L1, where q is the number of term partitions
per variable. The net input and activation functions for
units implementing a Gaussian membership function are

given by

neti¼ xi; Outi¼ e
�
ðxi�mij Þ

2

2s2
ij ; ð20Þ

where mij and sij are, respectively, the center and width of
the jth Guassian membership function of the ith linguistic
variable xi.

Layer 3: This layer, along with layer L2, represents a
simple two-layer feedforward network and implements
the inference engine of the model. Layer L2 serves as the
input layer and layer L3 represents the output layer. The
number of units in the output layer is equal to the number
of output classes. The net input and output for units in
this layer are given by

neti¼
X

j

outjwij; Outi¼
1

1þ expð�½netiþ y�Þ
; ð21Þ

where Outi is the output of unit i and y is a constant.
Initially, weights between layers L2 and L3 are chosen
randomly; subsequently, they are updated during learn-
ing. The membership functions are initially determined
based on the discourse of the input features. The learning
algorithm can be summarized as follows (2):

Step 1: Present a continuous-valued input vector
x¼ ðx1; x2; :::; xnÞ

T to layer L1, and obtain the output vector
o¼ ðo1; o2; :::; omÞ

T at layer L3. To obtain the output vector,
calculations are made in feedforward fashion from layer
L1 to layer L3.

Step 2: Calculate the network weights update by
comparing the output vector o with the desired output

f (xn;�n3,�n3)

x1

x2

xn

o1

o2

o3

om

L3 : Inference
engine layer
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definition layer
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Term sets for input
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Term sets for input
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Figure 11. Three-layer fuzzy neural network model
with adjustable membership functions.
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vector d. The mean-squared error is then propagated
backwards. The change in weights is given by

Dwij¼ � r
@E

@wij
; ð22Þ

where r is the learning rate and E represents the mean-
squared error at L3. The partial differential equation on
the R.H.S of expression in Equation 22 can be expanded as
follows:

@E

@wij
¼

@E

@oj

@oj

@netj

@netj

@wij
; ð23Þ

where

@E

@oj
¼ � ðdj � ojÞ;

@oj

@netj
¼

@f ðnetjÞ

@netj
¼ ojð1� ojÞ;

@netj

@wij
¼ oj:

In Equation 23, oj represents the output of unit j in layer
L2. Substituting Equation 23 into Equation 22, we can
write

Dwij¼ � roið1� oiÞðdi � oiÞoj: ð24Þ

In order to update the membership functions, we need to
find the change in parameters (i.e., mean and standard
deviation for Gaussian representation) that define the
shape of the updated function. Using the steepest descent
method, we define

Dmij¼ � e
@E

@mij
; ð25Þ

where

@E

@mij
¼

@E

@oj

@oj

@mij
; �

@E

@oj
¼
X

n

i¼ 1

diwij

and

di¼ f 0ðnetiÞðdi � oiÞ ¼ oið1� oiÞðdi � oiÞ: ð26Þ

For the Gaussian membership function,

oj¼ exp �
1

2

xi �mij

sij

� �2
 !

; ð27Þ

the partial derivative of its parameters can be expresses
as

@oj

@mij
¼

xj �mij

s2ij

 !

oj;
@oj

@sij
¼
ðxj �mijÞ

2

s3ij

 !

oj: ð28Þ

In Equation 27 and Equation 28, mij and sij are, respec-
tively, the mean value and the standard deviation of the
jth Guassian membership function corresponding to the
ith input feature, and oj represents the output of the node

denoting the jth membership function. Using the deriva-
tive in Equation 25, we can write

Dmij¼ � e
ðxi �mijÞ

s2ij
oj

" #

X

n

k¼ 1

dkwkj; ð29Þ

where e is a positive constant. Also, the change in the
standard deviation can be defined in the same fashion as

Dsij¼ � p
@E

@sij
; ð30Þ

where

@E

@sij
¼

@E

@oj

@oj

@sij

and p is a positive constant (i.e., a learning rate for the
update of the standard deviation of the membership
functions of the model). From Equation 29 and Equation
30, we obtain

Dsij¼ � p
ðxi �mijÞ

2

s3ij
oj

" #

X

n

k¼ 1

dkwkj: ð31Þ

Step 3: Next, the network weights and the membership
parameters are updated with

wijðkþ 1Þ¼wijðkÞþDwij;

mijðkþ 1Þ¼mijðkÞþDmij;

sijðkþ 1Þ¼ sijðkÞþDsij:

The update procedure is implemented in two phases (8).
During the first phase, the weights are updated and the
membership parameters are fixed. During the second
phase, the membership parameters are updated and the
network weights are kept unchanged.

Step 4: Obtain the mean-squared error of L3:

E¼
1

2

X

m

i¼ 1

ðoi � diÞ
2: ð32Þ

If the error is greater than some lower bound emin, steps 2–
4 are repeated. Similar update equations can be derived
for triangular and bell-shaped membership functions.

2.6. Fuzzy Associate Memories

Human memories operate in an associate manner where a
portion of a recollection can produce a larger, related
memory. Associate processing is the most fundamental
brain function of our memory and thought processes.
Because the human memory is characterized by associa-
tive, distributed, and content-addressable structure, each
item is represented by a response pattern of a group of
neural elements.

FUZZY NEURAL NETWORKS 9



Continuous fuzzy sets also behave in associate mem-
ories (9). A fuzzy set can be viewed as a point in an n-
dimensional unit hypercube In¼ ½0; 1�n. Such a represen-
tation allows for measuring the fuzziness of a fuzzy set (9).
The next logical step in this representation is the mapping
of fuzzy sets between two cubes. Fuzzy inference systems
essentially map input fuzzy sets in In to output fuzzy sets
in Ip. We refer to these systems as fuzzy associate mem-
ories (FAMs). FAMs are another representation of fuzzy
neural networks that is useful in pattern-recognition
applications in biomedical engineering. The simplest
FAM encodes the FAM rule as an ordered pair ðxi; yiÞ
that associates fuzzy sets yi with fuzzy sets xi. In general,
a FAM system F : In ! Ip encodes and processes FAM
rules. An adaptive FAM is a time-varying FAM system.
The system parameters gradually change as the system
processes data. FAM mappings can be viewed as fuzzy
vector-matrix multiplication or max-min composition. Klir
and Foger (14) represented the max-min composition
relation by the operator ð�Þ, with which the mapping can
be defined as

y¼M � x; ð33Þ

where x is the input fuzzy set, y is the output fuzzy set,
and M represents the mapping matrix. The ith output
membership value is given by

yi¼ maxðminðmij; xjÞÞ for 1 � j � n: ð34Þ

3. MODELS IN BIOMEDICAL ENGINEERING
APPLICATIONS

In this section, we present some examples of the use of
fuzzy neural networks in biomedical applications. Fuzzy
neural network models are used in a variety of biomedical
engineering areas. Application areas include bioinfor-
matics in which fuzzy neural network classifiers are
used to analyze gene expression data. In physiological
applications, fuzzy neural network models are used to
recognize heartbeat, monitor ECG signals, and model
cardiovascular responses. In medical applications, a num-
ber of MDSSs based on computational intelligence meth-
ods were developed to assist physicians and medical
professionals. As a category of hybrid intelligent architec-
tures, fuzzy neural network models are used in diagnosis,
prognosis, and pharamacokinetic modeling. Also, fuzzy
neural network models are used in diagnostic imaging to
segment MRI images and feature extraction from mam-
mograms.

In (15), Futschik et al. used an evolutionary fuzzy
neural network (EFuNN) to study gene expression. The
choice of fuzzy neural network in this application is
because of the following reasons: (1) micorarray data
have a large noise component and fuzzy classifiers seem
the suitable choice for feature extraction, (2) the varia-
bility of the gene data is large and segmenting gene
expressions into categories like ‘‘high’’ or ‘‘low’’ in a crisp

fashion may lead to over simplification (i.e., the use of
fuzzy membership functions seem more adequate), and (3)
little is known about gene expression on the genomic scale
and defining crisp concepts is difficult. Hence, fuzzy vari-
ables can be useful. Futschik et al. applied the EFuNN to
leukemia and colon cancer microarray data and achieved
profiles for the specific cancers and discovered fingerprints
of putative cancer subclasses. The EFuNN incorporated
unsupervised and supervised learning schemes. For clas-
sification of microarray data, the EFuNN operated in a
classification fashion (i.e., unsupervised learning). Be-
sides the classification of currently known cancer types,
it is suggested by the authors that the unsupervised
learning structure of EFuNNs may indicate new subtypes
of cancer. The discovery of new disease subtypes is an
important field of medical microarray analysis.

In (16), Brasil et al. proposed a hybrid fuzzy neural
network model similar to the combination in Fig. 1 to
diagnose epileptic crises. In developed countries, epilepsy
affects B0.5–1% of the general population. This rate rises
to 1–3% in underdeveloped societies. If poor information
about the epileptic condition is presented to the physician,
it may lead to misdiagnosis and to an unsatisfactory
control of the crisis, which may also result in unnecessary
leaves of absence at work (because of the crisis); in
segregation at school, at work, and in the family; in
unnecessary admissions in public hospitals; and in early
retirement because of impairment. Hence, Brasil et al.
proposed the use of artificial intelligence techniques in the
form of a hybrid fuzzy neural network in an attempt to
help identify different classes of epileptic conditions en-
countered by patients. For the application, an epilepsy
data bank was developed. Information in the data bank
was supplied by physicians working at the University
Hospital of Federal University of Santa Catarina, Brazil.
The data bank contained 36 symptoms and four diagnostic
classes. The authors used a three-layer neural network
with relevant inputs inferred from a fuzzy inference
system. The network has three layers: an input layer
(symptoms), an output layer (diagnosis), and a hidden
layer. The activation function for each neuron in the
hidden layer is selected as the hyperbolic tangent. Differ-
ent training datasets were generated by creating a variety
of population by means of an evolutionary genetic algo-
rithm. In most training test patterns, the developed fuzzy
neural network system was able to identify the proper
diagnosis class.

Linh et al. (17) proposed a new approach to heartbeat
recognition based on fuzzy neural network. The approach
has little sensitivity to the morphological variations of the
ECG signal. The problem of online heartbeat-type recog-
nition on the basis of the registered ECG waveforms
belongs to the difficult measurements problems, because
the beats differ significantly even for the same type and for
the same patient, which is the main reason that the beat
classifier, performing well on the training data, behaves
badly when presented with different patients ECG wave-
forms. Hence, Linh et al. proposed the application of a
modified neuro-fuzzy TSK (Takagi–Sugeno) (13) network
for ECG pattern recognition and classification. The net-
work implements an identification model similar to that of
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the ANFIS presented earlier. The fuzzy neural network
was chosen for this task because it is better suited for the
representation of the inexact and fuzzy nature of the
heartbeat variability. Instead of the original ECG wave-
form, the authors relied on its description using coeffi-
cients of Hermite expansion. These coefficients were used
as the input signals to the neuro-fuzzy network. In the
numerical experiments of the recognition of the ECG beat
types, different patients data were acquired from the MIT/
BIT arrhythmia database representing different arrhyth-
mia and the normal sinus rhythm. Types of arrhythmia
taken from the database to include normal beat, ventri-
cular ectopic beat, branch block beat, atrial premature
beat, and the ventricular flutter wave. The applied neuro-
fuzzy network contained 17 input nodes (equal to the
number of features of the ECG waveform) and 7 outputs,
equal to the number of beat types. Each output represents
one type of arrhythmia or normal beat. The learning set
contained 3611 pairs of input-output vectors. The testing
set had 3668 pairs, corresponding to the beat types.
Through the implementation of the fuzzy neural network,
the efficiency of recognition of different beat types varied
from 89% to 99%. The average misclassification rate for
both learning and testing sets was limited, and the
efficiency of recognition in the testing set mode was above
96%.

In (18), Yeow et al. developed an expert system based
on neural-fuzzy rule sets for the generation of real-time
anti-G control schedule for jet fighter pilots. Modern jet
fighters are far more technologically advanced and man-
euverable than those of World War II. Therefore, high-Gz

acceleration is more severe and is often encountered
during flight. In order to minimize the adverse physiolo-
gical effects of Gz acceleration, an anti-G protection system
is used to apply pressure to the pilot’s body and provide
positive pressure airflow to the pilot’s breathing mask.
The current protection mechanism relies on mechanical
valves to control the pressurization of the anti-G suit and
positive pressure breathing (PPB) systems of the pilots.
The mechanical protection mechanism is adequate in

protecting the pilots for older jet fighters. However, the
vast improvement in the maneuverability and capability
of the new generation of advanced tactical fighter aircraft
over older fighter jets have rendered the current protec-
tion schemes, which depend on momentary Gz, ineffective
in counteracting the adverse effects of faster changing Gz

accelerations. The expert system developed in (18) is
capable of considering the entire complexity of the objec-
tive (measured by sensors) and the subjective (knowledge
and information obtained from experts and subjects) data
during the generation of Gz protection profiles. Through
neural networks, the objective data, such as nominal,
systolic, and diastolic blood pressure, are used to train
the fuzzy rules. The effects of subjective data, such as
pilots’ height, age, and physical conditioning, on Gz toler-
ance are also expressed in fuzzy rules. Given the anthro-
pometric and physiologic data, the expert system will
formulate customized protection control schedules best
suited for each jet fighter pilot. The system consists of
four interlinked modules. Each module has been designed
for use as a stand-alone tool, as well as to be integrated
into an expert system to perform the required tasks. These
components are (i) data acquisition module; (ii) signal
processing and analysis module; (iii) knowledge-base mod-
ule; and (iv) profile simulator module. The first three
modules generate the input parameters to the expert
system, whereas the profile simulator module generates
the appropriate protection schedules according to the
recommendations of the expert system. Figure 12 illus-
trates the architecture of the anti-G expert system.

In (19), Melek et al. used fuzzy logic models trained by
gradient descent learning methods to model pilots’ cardi-
ovascular responses to orthostatic stresses. In this work,
fuzzy logic models were used to predict important varia-
tions in a subject’s cardiovascular dynamics induced by
head up (HU)-to-head down (HD) and HD-to-HU transi-
tions. The developed models are being currently used in
the design of operational recommendations for more G-
tolerant operational flight regimes (e.g., split-S tactical
maneuver shown in Fig. 13) than the ones currently in use
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Figure 12. Expert system for anti-G protec-
tion (18).
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for modern combat aircraft. The cardiovascular response
indices, such as the maximum drop in BP following a HD-
HU transition, the final status of BP once the orthostatic
stress is removed, etc., were defined as the fuzzy model
outputs. They are shown in Fig. 14. The first index (i.e.,
heart-level BP drop in HD position is associated with the
HU-HD G-transition profile). The second and third indices
(i.e., maximum drop in BP following HD to HU transition
and the final status of BP) are associated with HD-HU G-
transition profile. The fuzzy models were used to infer the
cardiovascular response indices given a tilt scenario
(maneuver) represented by the tilt rotation type (pitch
or roll), tilt rate, and HD dwell time. Hence, the models
can be used to predict the BP response expressed by the
characteristic indices in each of a ‘‘multiple’’ consecutive
flight maneuvers (such as split-S maneuver shown in Fig.
13). The models were generated from available experi-
mental data by first clustering the output space (19). The
input partitions were then derived by projecting the out-
put space partitions onto each input separately. The out-
put fuzzy clustering is carried out using a Fuzzy C-Means
(FCM) algorithm (13). The optimization of the fuzzy model
parameters is achieved through minimizing a perfor-
mance index via gradient descent learning techniques
widely used in training multilayer perceptron neural net-
works (6). Two groups of data for pitch and roll orienta-
tions were used as the training sets to generate the
corresponding fuzzy models. In each group of data, the
experimental observations from different subjects were
combined together to form the corresponding training
set. In a training set, the inputs are tilt rates and dwell
times. The outputs are the corresponding BP indices
defined in Fig. 14. The experiments on a laboratory tilt
table (to induce G-stress) were performed for a dwell time
of 7 s, 15 s, and 30 s. The tilt rate was chosen as 151 s�1,
301 s� 1, and 451 s�1. The training sets used to build the
fuzzy models embodied the response of ten different sub-
jects because different pilots can exhibit distinct cardio-
vascular response to orthostatic stress. Hence, the models
developed can be used to infer the BP indices that describe
the cardiovascular response for different tilt scenarios and
for various subjects, which would be beneficial to a priori
prediction of the tolerance of a pilot’s cardiovascular
response to a specific flight maneuver. Moreover, the fuzzy

models of the BP indices can also be used to estimate the
most favorable orientation for recovery from hypogravity
to hypergravity transitions during flight maneuvers. For
instance, one simple form of a split-S maneuver is when a
specific subject undergoes the transition from the normal
gravity (or hypergravity) to hypogravity in pitch rotation
and after a certain dwell time at the hypogravity transits
to hypergravity in roll rotation. By simply predicating the
pressure indices with the fuzzy models for every transi-
tion, one can monitor the cardiovascular response of a
pilot throughout each maneuver. Therefore, any profound
effect on the cardiovascular response (i.e., an intolerable
drop of BP) can be detected a priori and, hence, preventive
measures can be developed and undertaken.

In (20), Verma and Zakos proposed a system based on
fuzzy neural networks for improved feature extraction
and classification in digital mammograms. Current
breast-screening programs can sometimes fail to detect
up to 25% of cancers that are visible on a retrospective
view. The screening program involves problems such as
high costs, inexperienced radiologists, and visual fatigue.
Detection methods are based on clinical exanimation,
mammography (i.e., breast x-ray image), ultrasound,
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and core biopsy. An early detection gives the patient a
good chance of survival, whereas a late detection can be
fatal. A breast cancer once detected can be classified as
benign or malignant. However, it is very difficult to
distinguish a benign microcalcification from one that is
malignant. Consequently, many unnecessary biopsies are
often undertaken because of the high false-positive rate.
Hence, Verma and Zakos attempted to use a fuzzy neural
network system for improved classification in digital
mammograms. The system is a special form of the hybrid
fuzzy neural system in Fig. 5. A fuzzy inference system
based on pixel analysis was used to detect the microcalci-
fication pattern. A three-layer neural network with back-
propagation learning was used to classify the
microcalcification into benign or malignant cases. The
neural network has one hidden layer and the number of
neurons in the hidden layer was changed several times to
achieve optimum classification rates. The training data to
the fuzzy neural network was in the form of 40 cases; 20
benign and 20 malignant. Using different learning rates,
hidden layer neurons, and network biases, the perfor-
mance of the neural network reached an accuracy of
B88.9% in correctly identifying some of the testing cases
that were not originally used during training.

In (21), Brotherton et al. tackled the problem of auto-
mated classification of structures and tissue types in
echocardiogram (i.e., ultrasound of the heart). Automated
structure and tissue classification is the first step required
for any system that is designed to measure cardiac para-
meters such as volume, wall-thickness, and ejection effi-
ciency. The current state-of-the-art in echocardiogram
processing requires human expertise to determine heart-
related parameters. For example, to measure the ejection
fraction (a measure to determine how efficiently the heart
is working), the user is required to outline the areas of
interest. Edge detection is then used within this outline to
determine wall and ventricle boundaries for calculation of
the ejection fraction. The ejection fraction calculation is
prone to error, because it requires a volume estimate
derived from a single image slice of the heart. The ultra-
sound technician selects the slice by probe placement.
Ideally, this slice should be exactly down the middle of
the left ventricle, which is often hard to guarantee. Hence,
Brotherton et al. proposed a multifeature hierarchical
neural network as a solution to the above problem. The
network, called fuzzy min-max (FMM) neural network is
based on fuzzy sets and operates in a fashion that resem-
bles the model given earlier in the Fuzzy Adaptive Learn-
ing Control Networks Subsection (Fig. 11). The input layer
of the network has n input nodes that represent the
original echocardiogram image. The hidden layer has nb

hyperboxes or fuzzy clusters that are adaptable through a
supervised learning procedure. The output layer has m
output nodes describing the gross structure output of the
image. For 25 images (five test patients), the performance
of the fuzzy neural network system was very satisfactory
in correctly identifying major tissue and structures from
the original echocardiogram image.

In (22), Hamrita and Wang used a fuzzy neural net-
work pattern classification structure for modeling and
online diagnosis of bioprocess. The fermentation industry

is becoming increasingly important as pharmaceutical,
food, and chemical industries are being highly commer-
cialized. A well-controlled fermentation process can re-
duce production costs, increase yield, and maintain
quality of metabolic products. During fermentation, the
microbial species continuously undergo physiological
changes contributing to the high nonlinear dynamics of
the process (22). Many researchers define these physiolo-
gical changes as states, phases, or operating regimes of the
microbial population. In every phase, the cell population
expresses stable characteristics and behaves in a fairly
linear manner. Attempting to model or control the process
with a global approach is often a challenging task and may
lead to unsatisfactory results. Hence, Hamrita and Wang
proposed to model and control bioprocesses using a fuzzy
neural network model. The bioprocess is first decomposed
into three phases. The model consists of multiple linear
local models, one for each phase, and its output is the
interpolation of the outputs from the local models. The
model consists of two stages; phase identification and
process modeling. Phase identification is performed using
fuzzy clustering and neural networks. The first stage is
the decomposed process identification based on fuzzy
clustering (13). The bioprocess is decomposed through
fuzzy partitioning into three hidden processes, which
coexist at the same time but to different degrees. Member-
ship functions were used to characterize the extent to
which the overall dynamics are governed by individual
hidden processes. FCM algorithm was used to estimate
the membership functions. Hence, the three outputs of
this stage are membership values that indicate the de-
grees to which the process is governed by the dynamics of
the three phases. Fuzzy clustering results were used to
train a neural network for online phase identification of
gluconic acid fermentation. The network has three layers.
The input layer consists of 11 nodes, two of which are a
time sample of glucose and DO concentrations; the re-
maining nine inputs are fed back from the hidden layer
(i.e., recurrence process). The neural network consists of
three outputs, each representing the degree of member-
ship of any time sample to one of the three phases.
Outputs of the phase identification stage were fed to the
second stage, which is a three-layer recurrent neural
network (6) for process modeling. A neuron in the first
layer of this network consists of inputs that were used to
estimate the product. These inputs are time, DO, and
glucose at the current time, and estimates of the product
for the previous two samples feedback from the network
output layer. The second layer of the network implements
the three linear local models for each of the three phases.
The final layer of the network computes the global output
(i.e., estimated product), as the sum of outputs of the three
local models weighted by the corresponding membership
values from the phase identification stage. The modeling
method was effectively applied to the estimation of pro-
ducts for multiple simulations of gluconic acid batch
fermentation. The fuzzy neural network model outper-
formed the classic nonlinear model in the product identi-
fication process. The fuzzy neural network model can give
more insight into the process being modeled and would be
the better choice for control purposes of those applications.
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The above examples represent few of many existing
biomedical applications that find fuzzy neural networks
useful in solving problems related to classification, learn-
ing, control, modeling, and behavior adaptation. In the
future, it is expected that fuzzy neural network models
will continue to find more essential usage venues in a wide
spectrum of biomedical engineering applications. In the
next section, we present some examples of future trends in
biomedical application for which fuzzy neural network
models will provide advanced means in modeling, control,
and classification.

4. FUTURE APPLICATIONS OF FUZZY NEURAL
NETWORKS

In this section, we present some potential biomedical
engineering areas for which the use of different fuzzy
neural network models can offer advancement in model-
ing, control, or classification of the corresponding domain
applications.

For instance, in (23), Melek and Goldenberg developed
a hierarchical intelligent architecture based on the com-
bination of fuzzy logic and neural network for accurate
position control of modular and reconfigurable robots.
Modular and reconfigurable robots offer versatility in
terms on multiple task execution and can hence be a
useful tool in biomedical engineering applications related
to robotic-assisted surgery. Over the past decade, robots
have been appearing in the operating room. Robotic
technology is now regularly used to aim endoscopes in
minimally invasive surgery and guide instruments to
tumors in brain surgery. The use of a robot to shape bones
in hip replacement surgery was one of the groundbreaking
applications. Based on three-dimensional (3-D) computed
tomography images, the surgeon plans the location of the
prosthetic replacement joint within the femur. In surgery,
the robot moves a high-speed cutting tool to form the
precise shape specified in the presurgical plan. One reason
surgical applications are progressing quickly is the large
technology base that has been developed in robotics
research in the past three decades. Results in mechanical
design, kinematics, control algorithms, and programming
that were developed for industrial robots are directly
applicable to many surgical applications. Robotics re-
searchers have also worked to enhance robotic capabilities
through adaptability and autonomy. For example, in (23),
Melek and Goldenberg proposed neurofuzzy control archi-
tecture for accurate position of robotic arms that can be
applicable in surgical applications. The architecture com-
prises five levels. At the bottom level, the robotic system is
located. The second (from bottom) level is called the
execution level, and it is dedicated to independent robot
joint control. The third level includes the fuzzy-controller
gain-adaptation module as well as the neural-network
online-learning unit. The fourth level is associated with
a skill module that updates the parameters of the fuzzy
adapter when the robot arm is reconfigured offline. On
that same level, a learning law is implemented that
updates the parameters of the neural network in real-
time. The highest level of control deals with task planning

for the configuration under operation. When the robotic
arm is reconfigured to perform some surgical tasks that
are normally not achievable with the current configura-
tion, the skill module can activated offline to update the
adaptive control prior to the actual online control of the
new surgical application.

Another potential application of fuzzy neural networks
models is in the field of health care and, in particular,
assisting physicians in disease diagnosis. In a clinic or
hospital environment, physicians rely on patient informa-
tion captured through chief complaint, history of present
illness, and laboratory test results (if required) to reach a
diagnosis and prescribe a medication for such patient in
some situations. The patient first presents his chief com-
plaint to the physician in the form of symptoms and
complaints. The physician examines the chief complaint,
the patient history information (family, social, present
illness, etc.), and the current medication to arrive at a
preliminary differential diagnosis list (i.e., list of sus-
pected illnesses). This list is modified after a physical
examination is performed. The step of creating the differ-
ential diagnosis list is referred to as subjective analysis of
chief complaint. In the event that further investigation is
required to confirm (or rule out) the existing diseaseðsÞ in
the differential diagnosis list, lab tests, diagnostic ima-
ging, or MRI scan may be ordered. The results of those
tests can be used to infer a likelihood of disease existence.
If such a likelihood percentage is high, a medication may
be initiated or substituted based on the patient complaint
and history of present illness. This step is referred to as
the objective analysis of the chief complaint. The above
diagnosis process represents the generic practice steps
that a physician (general practitioner or specialist) will go
through to analyze a patient’s complaint and arrive at a
correct diagnosis. The process, however, involves several
uncertain facts that can render the diagnosis inaccurate
in several situations. Some of those hurdles are: (1) the
level of experience of the physician plays an important
role in arriving at a comprehensive and accurate differ-
ential diagnosis list; (2) in the objective analysis, avail-
ability of lab facilities dictates the number of tests that can
be completed and, hence, the accuracy of inferring the
likelihood of disease existence; (3) the level of expert
knowledge in adding or deleting disease(s) from the
differential diagnosis list if the physical examination
varies from one specialist to another; and (4) uncertainty
in identifying the importance of symptoms findings, and
effect of some patient history factors often result in the
generation of a long preliminary differential diagnosis list
and, hence, the challenging task of having to narrow down
the selections to be further examined (this problem often
develops with less experienced physicians or interns).
Hence, fuzzy neural network models can serve as a useful
tool in designing an expert system that can help physi-
cians arrive at more efficient conclusions during the two
stages of disease diagnosis (i.e., subjective and objective).
For instance, the hybrid fuzzy neural network-based ex-
pert system in Fig. 15 can be used in the above-mentioned
diagnosis process. The expert system has a fuzzy reason-
ing mechanism and a neural network-based learning
engine. A weighed approach can be used for initial assess-
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ment of the chief complaint. In other words, every symp-
tom and history factor (in every medical specialty) is
assigned a weight in determining if a particular disease
should be included in the preliminary differential diag-
nosis list. Every disease-subjective assessment box is
categorized as a group of associated symptoms and history
factors, each of which is assigned a weight that describes
how important that factor is in selecting the disease in the
differential diagnosis list. If the sum of symptoms and
history weights for a given disease exceed a predefined
threshold for a given chief complaint, then this disease is
included initially in the differential diagnosis list. Finally,
the differential diagnosis list may be updated (some dis-
eases are omitted and others are included) if the physician
performs the physical examination.

In Fig. 15, the knowledge base for objective disease
diagnosis (based on clinical guidelines, specialist or expert
linguistic rules, etc.) is incorporated in the block diagrams
labeled fuzzy rule base 1yfuzzy rule base M. Each rule
base represents a subspecialty of medicine, endocrinology,
oncology, cardiology, etc., and includes a list of the most
common diseases in this subspecialty. The inputs to any
rule base are lab test or diagnostic imaging results, and
the outputs are likelihood of disease existence.

When presented with chief complaints, the software
first performs an initial assessment to determine how
critical the patient condition is. In other words, using
some classic expert system rules (as a preprocessing
stage), we can identify an emergency that required fast
action (ER transfer, etc.) instead of expert system diag-

nosis. If the alarm for fast action is not triggered, the
process of preliminary differential diagnosis list creation
is performed using the chief complaint and other relevant
patient information to determine the set(s) of fuzzy rules
to be used (based on the diseases identified). Next, using
fuzzy reasoning, the objective analysis (i.e., diagnosis) is
performed. The formulation of fuzzy inference can cover a
wide variety of reasoning mechanisms between the Mam-
dani and Formal Logical extremes. Hence, the reasoning
mechanism can provide novelty in terms of its flexibility to
adapt to one of many possible methods of inference, some
of which can be better than others in diagnosis. This
advantage can help handle uncertainty resulting from
the diverse level of experience of various health-care
professionals, as well as the incomplete resources (at
times) available to perform the objective disease diagnosis.

When the diagnosis is made, the physician can store
the results of the encounter in both databases 1 and 2 (Fig.
15) for future usage in learning and trend detection. Over
a sufficient amount of time, and having enough reliable
information in both databases 1 and 2, a gradient-descent
learning law can be used to train an MLP neural network
to better identify a differential diagnosis list prior to
performing a physical examination. The information
available in the database for training will be the outcome
of actual patient encounters and will capture the physi-
cian practice. Also, with the available knowledge in the
database as a training set, we can fine-tune the existing
knowledge base of our expert system and, hence, incorpo-
rate more of the physician practice through learning. This
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Figure 15. Fuzzy neural network hybrid model for medical diagnosis assistance.
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advantageous feature can eliminate uncertainties related
to accurately assigning weights to severity of symptoms
and effects of patient history factors. Hence, a more
efficient and compact preliminary differential diagnosis
list can be produced prior to the physical examination
phase.

Moreover, the fuzzy neural network model can be used
to represent meaningful trends in efficient diagnosis as
time elapses, which can be seen as another form of
learning that would yield more diagnostic rules (that
where not initially captured in the fuzzy knowledge base
because of incomplete or imprecise expert rules), which
can be incorporated into the existing knowledge base
through vertical rule-base expansion. Hence, the fuzzy
neural network model for learning from medical practice
involves: (1) a supervised learning engine that overrides
the existing fuzzy knowledge base with the purpose of
updating its parameters to incorporate new (external to
the system) medical knowledge as it becomes available;
and (2) a multilayer perceptron neural network for iden-
tifying meaningful trends that develop from extensive use
of the existing expert system. Those trends can be used to
learn more about diagnosis and formulate rules that
capture the differential diagnosis list creation from initial
assessment of the chief complaint and the physical exam-
ination. Furthermore, the fuzzy neural network, through
intermediate layers with weight matrices, would allow the
physician to implement reinforcement learning after di-
agnosing a particular disease. In specific terms, for a given
structure of the fuzzy rule base (original or updated using
gradient-descent), the physician can further customize
certain membership parameters and enforce certain rules
that best describe the patient’s condition. Such para-
meters will be stored in the patient electronic medical
record and will be retrieved during the next visit (if a
follow-up is required), which can be seen as customizing
software parameters to ensure more accurate individual
diagnosis. Such unique features would result in a more
efficient diagnosis in health care.

Another potential application of fuzzy neural network
models in health care is in the area of preparation of
billing claims by physicians. A fuzzy neural model can
help reduce the amount of time required in preparing the
claim through the use of a hybrid expert system (similar to
that in Fig. 5). The expert system can help the physician

prepare a claim for billing that is usually submitted to
health-care payers or the ministry of health. An example
of a hybrid fuzzy neural network model for such an
application is shown in Fig. 16. Based on the international
code(s) of diseases (i.e., ICDs), for the service provided by
the health-care provider (diagnosis, lab tests, MRI, etc.), a
neural network can determine the correct service code to
be included in the billing claim prepared by the physician.
This step is often challenging to complete for inexper-
ienced physicians and usually requires a billing expert.
The service code obtained by the neural network is then
used as an input to a fuzzy knowledge base that can infer
the actual dollar value to be included in the claim for
performing the associated services. The rules of such a
knowledge base are obtained from billing experts as well
as previous billing claims that either moved through
successfully or were otherwise rejected. In addition, the
service code can be used as an input to another neural
network that outputs binary values (1’s for YES, and 0’s for
NO) that represent answers to questions relating to in-
formation required to complete the claim (i.e., is the
health-care provider number required? YES¼ 1, NO¼ 0).
Furthermore, additional fuzzy knowledge base(s) can be
constructed to capture the payer fees schedule rules.
Inputs, such as the physicians’ claim and co-payer allow-
ance, can help prepare an efficient claim with minimal cost
as well as accurate estimates of reimbursement for service
amounts (and other variables such as write-offs). The
above fuzzy neural network model can help incorporate
expert billing rules in prepaying efficient claims. It also
uses neural network learning capabilities in identifying
proper service codes and information (about patient,
service type, and physician) needed to complete the claim.
The fuzzy neural network model in this implementation
can help eliminate filling errors (caused by the use of the
wrong service code or missing patient or service provider
information) that may result in claim rejection. The
approach can also reduce the risk of false fraud allega-
tions, which are sometimes the consequence of an inaccu-
rate claim submission without properly following the
provincial (Canada) or U.S. fee schedule and associated
modifiers.
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1. BACKGROUND

F-waves are recorded responses evoked by antidromic ac-
tivation of motor neurons (1,2). F-waves were first ob-
served in foot muscles by Magladery and McDougal (3) in
1950. When the axon of a motor neuron is stimulated, im-
pulses travel in the distal and proximal directions, as il-
lustrated in Fig. 1. Distally traveling (orthodromic)
impulses evoke direct motor responses, or M-waves. A
small subset of the proximally traveling (antidromic) im-
pulses activate motor neurons in the anterior horn cells of
the spinal cord, a phenomenon known as backfiring. Motor
neurons are triggered by depolarization of the low-thresh-
old initial segment of the axonal process. An antidromic
impulse from distal stimulation will pass through this re-
gion and invade the soma. If the somatic potential remains
depolarized long enough, it may retrigger an action po-
tential in the initial segment once that region of mem-
brane is no longer refractory. This action will then
propagate orthodromically back down the axon. The pro-
cess of somatic re-excitation of the initial segment is de-
pendent on many factors including structural and
biophysical characteristics of the motor neurons, and the
level of excitability of the soma that is influenced by local
excitatory and inhibitory interactions within the spinal
cord. The impulses then propagate distally, activating mo-
tor fibers where F-waves are recorded. As only a portion
(usually less than 5%) of the motor neurons will backfire
for any given stimulus, the size of the F-wave is much
smaller than that of the M-wave evoked by the same stim-
ulation. Using median nerve F-wave as an example, the
mean F-wave magnitude is 0.13mV for a healthy popula-
tion, whereas that of the M-wave is 4.50mV (4).

F-waves play a central role in the evaluation of periph-
eral nerve function. Nerve impulses generating F-waves
traverse the proximal segment of motor axons. Therefore,
proximal neuropathies and nerve root compression, such

as those caused by disc herniation, are expected to prolong
the F-wave arrival or to lower its occurrence rate. In ad-
dition, the extended length of the axon over which neural
impulses must travel makes the F-wave a very sensitive
indicator of systemic neuropathies such as diabetic
polyneuropathy (5).

Although F-waves are used primarily for evaluation of
peripheral nerve or root injury, their function is also af-
fected by changes in the central nervous system. F-waves
may be partially suppressed or absent during decreased
central motor neuron pool excitability, such as may occur
acutely after strokes (6).

1.1. F-wave Features

A sample set of F-wave waveforms acquired under supra-
maximal stimulation from a peroneal nerve is shown in
Fig. 2. F-wave trace or waveform refers to the recordings
made regardless of the presence or absence of any back-
firing activities. F-wave signal refers to the recorded ac-
tivity of motor neuron backfiring. We note that not all F-
wave traces have an F-wave signal. Basic characterization
of an individual F-wave signal includes its latency and
amplitude. Latency is defined as the time interval be-
tween the stimulus and the onset of the F-wave signal.
The definition of amplitude is inconsistent among re-
searchers: Some define it as the largest local peak-to-
peak magnitude difference, whereas others use the area
under the rectified waveform. Additional features of the
individual F-wave signal include duration and waveform
complexity. One measure of waveform complexity is the
turns (local peaks) in the waveform. As F-waves represent
a sampling of the spinal motor neuron pool, sequential F-
wave responses differ in latency, amplitude, duration,
morphology, and even the consistency of their presence
under identical stimulation.

Strong evidence exists that suggests that F-waves are
sampled from large and small motor neurons (7). Other
researchers have presented contrasting theories, that F-
waves recorded with surface electrodes are preferentially
generated by a subgroup of large neurons (8). Regardless
of causation, a sufficient number of F-waves are represen-
tative of a significant population of large and small motor
neurons. Such representation, even if incomplete, enables
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us to compare and contrast the function of healthy and
diseased nerves.

Although each F-wave signal is deterministic, its fea-
tures vary greatly from one stimulus to the next. Such
variability demands that a meaningful analysis of F-
waves be carried out with respect to a collection of F-
wave traces following a series of identical stimuli. The
following features are commonly cited in the literature:

* Minimum F-wave latency (minFWL): the minimum
of all F-wave latencies in the waveform set. Minimum
F-wave latency may not always correlate with an F-
wave signal traveling along the axon with the fastest
conduction velocity. The latency also depends on the
length of the fine terminal, slow conducting branches
innervating each muscle fiber, as only a small change
in the unmyelinated branch segment could introduce
a significant latency shift. A robust estimation of
minFWL can only be made on a waveform set com-
prised of a large number of F-wave signals.

* Maximum F-wave latency (maxFWL): the maximum
of all F-wave latencies in the waveform set. An accu-
rate estimate of its value also depends on the number
of F-wave signal latencies. As with minFWL, the F-
wave signal with the maximum latency may not cor-
respond to the axon with lowest conduction velocity.

* Mean F-wave latency (meanFWL): the arithmetic
mean of all F-wave latencies in the waveform set. Al-
though meanFWL is a very robust statistical mea-
sure, it is more susceptible to distortion by outlier
noise than median latency.

* Median F-wave latency (medFWL): the median of all
F-wave latencies in the waveform set. It is statisti-
cally more robust than mean F-wave latency in the
presence of outliers.

* F-wave latency deciles (decFWL): the actual distri-
bution of F-wave latency values at each decile inter-
val. Such description gives an accurate account of the
F-wave latency distribution, which is generally not
normal. However, the F-wave latency distribution
may approach normal when the number of F-wave
signals acquired is sufficiently large (i.e., 100).

* Chronodispersion (CD): the difference between
maxFWL and minFWL. This parameter describes
the variability of motor conduction velocities. In
healthy subjects, CD should be restricted, as the ax-
ons have a limited range of diameters thus a tight
distribution of motor nerve conduction velocities.

* F-wave Persistence (Pers): the percentage of the F-
wave traces with a detectable F-wave signal.

* F-wave Conduction Velocity (FWCV): the conduction
velocity of an F-wave along a nerve segment. If an
estimate of the axon length D (distance from stimu-
lation site to the soma) can be made, the FWCV can
be calculated as 2D/(FWL-DML-1ms), where DML is
the M-wave onset latency and 1ms is an approxima-
tion of the central activation time at the anterior horn
cells.

* Mean F-wave Duration (meanFWD): arithmetic
mean of all F-wave signal durations. F-wave signal
duration is defined as length of the waveform seg-
ment covering a specified percentage, say 95%, of the
total signal energy.

F-wave features stated above have been found useful in
various clinical applications. Diabetic neuropathy will
generally lead to notable increases in F-wave latency, re-
flecting slowing of nerve conduction as a result of the loss
of the fastest fibers as well as demylination. Based on a
study of 82 diabetic patients, Anderson et al. concluded
that the F-wave latency feature is the most sensitive mea-
sure for detecting nerve pathology among the features
based on M-wave latency, M-wave magnitude, F-wave la-
tency from four major motor nerves (median, ulnar, pero-
neal, and tibial), and sural sensory conduction velocity (5).
Guillain–Barre disease normally affects the most proximal
and distal segment of the axon while leaving the main
nerve truck unaffected at its early stage (9). F-wave per-
sistence will be low during the acute stages of the illness.
Improvement of persistence, coupled with prolonged FWL,
becomes evident as the disease progresses. Sadoh et al.
reported that F-wave chronodispersion might be a sensi-
tive indicator of effects of thalidomide on smaller diameter
motor nerve fibers, when compared with other nerve con-
duction study parameters (10). F-wave chronodispersion
was reported to provide a sensitive indicator for early
CTS, a focal compression of the median nerve at the wrist
(11).
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Figure 2. Sample peroneal nerve F-wave trace set. Note that
sequential F-wave responses differ in latency, amplitude, dura-
tion, morphology, and even the consistency of their presence un-
der identical stimulation.
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Side-to-side F-wave parameter comparison can be very
effective if the abnormality is unilateral. For patients with
lumbosacral root compression, F-wave persistence was
found to be lower on the affected side. Postural change
(standing vs. resting) had a greater ability to reveal
chronodispersion abnormality than minFWL in subjects
with lumbosacral root compression associated with spinal
stenosis (12). Mean F-wave duration was clinically useful
in detection of unilateral S1 radiculopathy, whereas
minFWL yielded no side-to-side difference in another
study (13).

1.2. Recordings of F-wave

F-waves are routinely recorded using surface electrodes.
When recording from muscles of the hand or foot, and
stimulating at the wrist or ankle, respectively, muscle
belly-tendon recordings can be used in a similar manner to
that of standard nerve conduction studies. In addition to
proper placement of stimulation and detection electrodes,
two important factors must be considered for proper re-
cording and analysis of F-waves: stimulation parameters
and recording parameters.

F-wave acquisitions are usually done under supramax-
imal stimulation. Supramaximal stimulation level is de-
fined as the stimulation intensity beyond which stimuli do
not result in an increase in the M-wave amplitude. It was
argued in Chroni and Panayiotopoulos (14) that submax-
imal stimulation may bias F-wave sampling from motor
neurons with lower threshold axons. A study by DiBene-
detto et al. (15) examined the following F-wave parame-
ters of median nerve: F-wave latencies (minFWL,
meanFWL), chronodispersion, and persistence. They con-
cluded that no statistical differences exist for the afore-
mentioned parameters obtained with either supra- or sub-
maximal stimulation. F-wave amplitudes were larger for
the set obtained with supramaximal stimulation. Median
nerve F-waves were also acquired with stimuli 25–100%
over supramaximal stimulation level, and none of the F-
wave parameters (latency, amplitude, duration, and per-
sistence) showed any statistically significant changes (16).
A similar study of peroneal nerves revealed that the F-
wave persistence reduction as a result of submaximal
stimulation was statistically significant (17). Results of
all three studies were based on only healthy subjects. Ef-
fects of submaximal stimulation on F-wave parameters of
diseased nerves remain unknown.

Axon-reflexes can also be elicited with submaximal
stimulation (18). When a submaximal stimulus excites a
branch of axon with collateral sprouting, an antidromic
impulse could ‘‘echo’’ back orthodromically along the other
branch of the axon, resulting in an axon-reflex. As axon-
reflexes do not involve a motor neuron backfiring mecha-
nism, they generally have consistent morphology and la-
tency. The latency also tends to be shorter than F-wave
latency. Supramaximal stimulation exciting both
branches of axon should eliminate axon-reflexes. On the
contrary, A-waves, a family of late responses that do not
diminish with increasing stimulus intensity, usually carry
more clinically significant information (19) and will be
discussed later in more detail.

H-reflexes are also elicited with submaximal stimula-
tion (2,20). A subgroup of sensory fibers, type Ia afferent
fiber, preferentially excited by low-intensity and long-du-
ration (0.5–1.0ms) stimuli, carry the nerve impulse or-
thodromically to the spinal cord. A widespread projection
of Ia afferent fiber onto motor neuron pools allows ampli-
fication of the motor response that often yields a larger H-
reflex than the M-wave recorded at the same site. H-re-
flexes disappear with supramaximal stimulation. H-re-
flexes are often evoked in the soleus and plantar foot
muscles with stimulation of the tibial nerve. H-reflexes
have been found to be a sensitive test for polyneuropathies
(21) and S1 radiculopathies (22). Abnormal distribution of
H-reflexes was observed in patients with central nervous
system lesions (23).

F-waves evoked by submaximal stimulation have also
been used for motor unit number estimation (MUNE), an
important indicator for patients with neuromuscular dis-
orders characterized by a loss of motor units (24). Fre-
quency of the stimulation is also an important factor.
Clinchot et al. showed that supramaximal stimulation
rate changes from 0.5Hz to 3Hz led to a decrease in me-
dian nerve meanFWL and an increase in F-wave ampli-
tude and persistence with statistical significance (16).
Fierro et al. studied the rate of supramaximal stimuli on
ulnar nerve F-waves and also concluded that the F-wave
amplitude and persistence increase with the stimulation
rate (25). However, they did not observe any statistically
significant changes in latencies.

As F-wave parameters are statistical estimates based
on sampling of the motor neurons, sufficient sample size
(i.e., either F-wave waveform count or F-wave signal
count) is critical to ensure accuracy and reliability. A
study on median nerve by Fisher et al. (26) suggested
that parameters such as meanFWL and medFWL are very
robust statistics and require only a small number (e.g., 10)
of F-wave signals for the estimates to be within 5% of their
true values. To achieve the same accuracy for persistence,
F-wave waveform count had to be no smaller than 30. Ac-
curate estimation of chronodispersion would require an
even higher waveform count. Chroni et al. studied the ef-
fects of sample size on peroneal nerve F-wave parameter
accuracy in 20 controls and 20 patients (27). The target
parameter values were those obtained with over 100 stim-
uli. All medFWLs were within 5% of the target value with
20 stimuli for controls and 40 stimuli for patients. The
higher stimulus count requirement relates to lower pero-
neal F-wave persistence in patients. In contrast, minFWL
for one patient was still more than 10% larger than the
target value with 40 stimuli. Studies were also carried out
for ulnar F-wave parameters and similar results were ob-
tained (28,29). Twenty supramaximal stimuli for median
and ulnar nerves, 40 stimuli for peroneal nerve, and 10
stimuli for tibial nerves were recommended by Pan-
ayiotopoulos and Chroni (30).
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2. AUTOMATED ANALYSIS

2.1. F-wave Model

The following signal model is proposed to describe the
components of the F-wave waveform acquired in response
to each stimulus:

xiðkÞ¼ fiðk� yiÞþ bðkÞþ eiðkÞþniðkÞþpiðkÞ;

where fiðk� yiÞ is the F-wave signal whose onset yi is
FWL, b(k) is the baseline, ei(k) is the EMG signal not di-
rectly related to the stimulation, niðkÞ is the high-fre-
quency measurement noise, and piðkÞ is periodic noise.

The baseline b(k) results primarily from the residual of
the preceding M-wave, and it generally maintains its mor-
phology across multiple stimulations. Thus, the subscript
is omitted to reflect the invariance among all F-wave
traces. The EMG signal eiðkÞ is the recorded activity
from the same muscle group or from muscles in the close
vicinity. It can be reduced by relaxing the test subject and
minimizing the subject’s voluntary movement. The level of
the random noise niðkÞ can be minimized with proper elec-
trode placement and well-designed analog circuitry. Peri-
odic noise pi(k) from an alternating current (AC) power
line can degrade the efficacy of the F-wave traces signif-
icantly as a result of poor electrode-skin contact or strong
noise source.

2.2. F-wave Processing Overview

F-wave processing generally consists of the following com-
ponents:

1. Interference Reduction. This step removes baseline
b(k) and noise components ni(k) and pi(k). Generally,
a low-pass filter is used to suppress the high-fre-
quency measurement noise. A notch filter is em-
ployed for regular periodic noise such as full-cycle
60-Hz noise. A nonlinear filter should be used if im-
pulse-like noise (either periodic or aperiodic) is pres-
ent.

2. F-wave Latency Estimation. This step detects the
presence of an F-wave signal in each trace and de-
termines the exact F-wave onset latency if an F-
wave signal is detected.

3. F-wave Complexity Measure. This step quantifies
nonFWL-related features of the F-wave traces. Ex-
amples include A-wave detection, intratrace com-
plexity, and intertrace coherence.

The fundamental challenges of each signal analysis com-
ponent will be discussed and the effectiveness of proposed
solutions will be illustrated in subsequent sections.

2.2.1. Interference Reduction. Linear filtering sup-
presses the random noise component ni(k) and improves
the signal analysis outcome. To ensure minimum distor-
tion to F-wave latency, minimum phase linear filter is
preferred. A long finite impulse response (FIR) filter with
minimum phase should approximate the optimal Wiener
filter frequency response well. A truncated version of the

long linear filter should also be developed. The shorter
FIR filter has the advantage of preserving the sharp take-
off of the F-wave signal but may not be as effective as the
longer one in suppressing the noise.

Periodic noise, such as 60-Hz power line interference,
can degrade F-wave signals significantly. Figure 3 illus-
trates such an occurrence. The left panel displays the ac-
quired F-wave traces from a peroneal nerve, and the right
panel shows the filtered traces. Periodic interference is
often caused by poor skin-electrode interface (e.g., as a
result of inadequate skin preparation) or a strong noise
source such as an electric motor in the vicinity of a test
site. Strong 60-Hz interference could lead to a signal-to-
interference ratio as low as � 10dB and make the F-wave
latency determination very difficult.

A notch filter is the most common form of filtering used
to suppress periodic interference with a known frequency.
Its transfer function has the following specification:

HðzÞ¼
1þ az�1þ z�2

1þ arz�1þ r2z�2
;

where a¼ � 2� cosð2pf Þ is determined by the digital fre-
quency f of the periodic noise. To maintain stability, rmust
be less than 1.00.

Two performance objectives compete for the selection of
r: A value close to 1.00 narrows the notch, thus minimizing
the effects on other frequencies of the signal but would
slow the speed of periodic noise suppression [time con-
stant is proportional to 1=ð1� rÞ]. A value closer to 1 (e.g.,
r¼0:99) could not filter out the interference in the initial
segment of the waveform because of a longer convergence
time, thus compromising the onset time estimation accu-
racy for F-wave occurring early. A smaller r value (e.g.,
0.90) allowed the take-off feature to be seen clearly. How-
ever, the F-wave signal morphology from the filter with
r¼0:90 would be altered more than the output of the
notch filter with r¼ 0:99 because of its wider stopband
bandwidth.

A dynamic notch filter structure was proposed in Kong
(31). The notch filter is initialized with a smaller r to fa-
cilitate convergence. When frequency components other
than the targeted periodic interference are present, the
filtered output energy will increase. A controller monitors
the output of the notch filter and adjusts the parameter r
to a larger value when the output energy exceeds a pre-
determined level based on background noise level. A
higher r value allows the notch filter to narrow the stop-
band bandwidth and to minimize its effect on other fre-
quency components (i.e., F-wave signal).

Impulsive noise may also be observed in some F-wave
traces. Figure 4 shows a set of F-wave traces contami-
nated with impulsive noise. A conventional linear filter
cannot effectively suppress such noise because of its large
magnitude and short duration. A nonlinear filter must be
considered. A rank order filter is known for its ability to
suppress impulsive noise while preserving sharp take-offs
in the signal (critical to onset latency estimation) (32).
Like linear filters, rank order filters use a linear combi-
nation of the neighboring samples as the filter output for
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each sample. The linear combination for a rank order filter
is carried out on sorted samples (by amplitude) instead of

samples in the original time sequence. The right panel of

30 40 50 60 70

Time (ms)

Original

30 40 50 60 70

Time (ms)

ROS filtered

Figure 4. An example of F-wave waveform set
contaminated with impulsive noise (left panel). A
rank order filter was used to filter the waveforms
to remove the impulsive noise (right panel).

40 60 80

Time (ms)

Original

40 60 80

Time (ms)

Notch filtered

Figure 3. An example of 60-Hz contaminated F-
wave set (left) and the filtered results with dy-
namic notch filter (right). Vertical axis scale is ar-
bitrary but remains the same for both panels.
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Fig. 4 plots the rank order filter results for the waveforms
on the left with impulsive noise.

Removing the common baseline component b(k) will
minimize its interference on F-wave latency estimation.
Figure 5 (left panel) shows an example of F-waves mildly
contaminated with residual M-wave signal, which makes
some F-wave upward take-off points ambiguous. The right
panel illustrates the results of a baseline removal method.
An estimated baseline is formed by a low-order polynomial
fit of the ensemble median obtained from all eligible F-
wave traces.

2.2.2. F-wave Latency Estimation. The first step is to en-
sure that the F-wave latency to be assigned is specific to
the F-wave signal fiðk� yiÞ instead of unrelated EMG ac-
tivities ei(k). An F-wave signal is detected if a well-defined
local activity region exists and such activity is well above
the estimated background noise level. Figure 6(a) gives an
example of F-wave latency estimation results. One can
also associate each latency estimate with a score to incor-
porate F-wave signal characteristics such as F-wave sig-
nal magnitude and morphology.

The F-wave score, when properly designed, provides
additional robustness to the F-wave latency-based param-
eters as illustrated in Fig. 6. Subplot (a) shows the F-wave
traces from one of the 50 peroneal nerves studied. Laten-
cies were assigned erroneously to some traces without real
F-waves but with small F-wave scores. When median F-
wave latency was calculated based on the estimated indi-
vidual latencies, the result may be inaccurate. Subplot (b)
gives the scatter plot of the median latency values for 50
peroneal nerves based on individual F-wave signal latency

estimation assigned by a neurophysiologist (horizontal
axis) and by an automated algorithm (vertical axis). The
outlier is highlighted with a circle. When F-wave scores
were taken into consideration (acting as weighting factors
on individual latencies), a more accurate result was ob-
tained. The circled sample in subplot (c) shows the F-wave
score-weighted median latency for the same nerve as that
shown in subplot (b). Overall, the score-weighted median
F-wave latencies shown in subplot (c) have better corre-
lation with the neurologist’s results than those shown in
subplot (b). Dashed lines are the 5% error bounds.

2.2.3. F-wave Complexity Measures. A-waves are late
potentials with constant latency and morphology. Unlike
axon-reflex, A-waves persist even with supramaximal
stimulation. A-waves are not found in routine nerve con-
duction studies, and their presence is strongly suggestive
of a focal or generalized neuropathy (33). Therefore, A-
wave detection is an important parameter in nerve con-
duction studies.

In previous studies, characterizations of A-waves were
limited to binary indication f presence or absence. A mul-
tidimensional description of A-waves may provide greater
clinical resolution. The following A-wave features were
proposed (19): A-wave normalized onset time; A-wave fre-
quency; and A-wave/M-wave magnitude ratio. Normalized
onset time is measured in number of standard deviations
from the 50th percentile of the median F-wave latency
based on subject’s age, height, and skin temperature. Fre-
quency is the percentage of the late wave traces whose
waveforms have similar morphology and amplitude. Fig-
ure 7 presents the feature distribution of the A-waves de-

30 40 50

Time (ms)

Original

30 40 50

Time (ms)

Baseline removed

Figure 5. A sample set of F-wave waveforms with
baseline artifact (left panel). Baseline removed
waveforms are shown on the right. F-wave latency
can be more easily determined with the baseline
removed waveforms.
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tected in an asymptomatic population ðn¼84Þ for peroneal
and tibial nerves.

The A-wave structure may not be present in each and
every F-wave trace. Gozke et al. classified a signal com-
ponent present in at least one-third of F-wave traces as an
A-wave, as long as the component has a stable onset and
consistent morphology (34). Bischoff et al. used 40% as the
threshold (35). As the percentage of the F-wave traces
with consistent waveform structure decreases, it is more
likely that the waveform structure is a repeater F-wave
for which the morphology simplicity requirement can be
relaxed. Repeater F-wave rate was reported to be a sen-

sitive indicator of neurogenic atrophy (36) and carpal tun-
nel syndrome (37).

3. CLINICAL APPLICATIONS

In this section, normal ranges of the selected F-wave pa-
rameters are discussed first. A detailed discussion follows
on using F-wave nerve conduction measurement for de-
tection of lumbosacral nerve root compression (38).
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(a) (b)

40 45 50 55 60

Gold standard median FWL (ms)
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Figure 6. An example to illustrate the perfor-
mance improvement with F-wave scores. Indi-
vidual F-wave latency estimation and F-wave
scores are shown in subplot (a). Subplot (b) is
the scatter plot of the neurophysiologist-as-
signed median F-wave latencies (horizontal
axis) and median F-wave latencies based on
individual latency values only (vertical axis).
Subplot (c) shows a significant performance
improvement (see the circled sample) when
median F-wave latencies were calculated with
both individual F-wave latency values and F-
wave scores.
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Figure 7. A-wave feature distribution in an
asymptomatic population. Horizontal axis is
the normalized A-wave onset time measured in
number of standard deviations with respect to
the normal F-wave latency adjusted for age,
height, and skin temperature. Vertical axis is
the A-wave frequency (defined as the percentage
of late waves with consistent A-wave waveform
onset time and morphology). Up triangles rep-
resent those with A-wave/M-wave magnitude
ratio greater than 2% and down triangles rep-
resent those with magnitude ratio no greater
than 2%.
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3.1. Reference Ranges

Reference ranges refer to the expected values and normal
variations of F-wave parameters in healthy nerves. Sub-
jects contributing to the reference range data must be
carefully screened. To improve the sensitivity of individual
F-wave parameters for a nerve conduction study, depen-
dence of the F-wave parameters on measurable physiolog-
ical factors must be accounted and compensated (38,39).

Height, age, and skin temperature are known to influ-
ence the F-wave parameters. The effect of gender on F-
wave parameters was not significant. Median and pero-
neal nerves are used as representative examples for upper
extremity and lower extremity nerves, respectively, in the
following discussion. The most significant factor is height,
which is proportional to axon length. The meanFWL in-
creases by approximately 0.15ms/cm for the median nerve
and by 0.33ms/cm for the peroneal nerve. Compensating
for subject height reduces the peroneal F-wave latency
variance by as much as 31%. F-wave latency dependence
on age is about 0.04ms/year for both nerves. Age compen-
sation reduces peroneal F-wave latency variance by about
11%.

Another factor influencing the nerve conduction veloc-
ity is temperature (faster conduction with higher temper-
ature). Some studies take a temperature control approach
to reduce the F-wave parameter variations by warming or
cooling the skin temperature to a standard value (40). Al-
though this approach may be effective for M-wave param-
eters, it is less effective in normalizing F-wave
parameters. The proximal axon segment is longer and
its temperature is less likely to be altered by an external
heating system. A better approach is to perform temper-
ature correction based on the measured skin temperature.
Linear regression analysis suggests that meanFWL tem-

perature correction coefficient is about 0.25ms/C for me-
dian and peroneal nerves.

The mean and standard deviation of the F-wave latency
of the four commonly evaluated nerves are compiled in
Table 1 from several available sources. Reference range
results were based on more than 100 nerves (exact sample
size increases from left to right). The stimulator and de-
tector locations were not identical from one study to the
next, which may partially contribute to the variations.
Demographic factors (height, age, and temperature) were
not compensated in the calculation of the reference ranges
provided by Kimura (2) and Zappia et al. (41), leading to
larger standard deviations. Only the results in the fourth
column [NEUROMetrix (4)] were obtained with an auto-
mated computer algorithm. Results from the other three
columns were based on manually assigned F-wave laten-
cies.

A-waves that persist with supramaximal stimulation,
especially in multiple nerves, are sensitive indicators of
electrophysiological abnormalities (42). Peroneal A-waves
are more specific than tibial A-waves. In particular, Bisch-
off et al. reported that no A-waves were recorded in 71
healthy peroneal nerves, but were observed in three out of
72 healthy tibial nerves (35). Table 2 tabulates the A-wave
occurrences for healthy subjects at various age ranges
based on a study of 84 asymptomatic subjects (19).

3.2. Detection of Lumbosacral Nerve Root Compression

Lumbosacral nerve root compromise is an important con-
sideration in the differential diagnosis of low back and leg
pain (43). Radiologic and electrodiagnostic studies are two
diagnostic modalities that appraise complementary as-
pects of nerve root pathology (44). Imaging studies visu-
alize structural abnormalities from which neurological
sequela may be inferred; however, they are associated
with high false-positive rates (45). Electrodiagnostic
methods include needle electromyography, somatosensory
evoked potentials, and nerve conduction studies (NCSs)
(46). These methods assess the physiological integrity of
the nerve roots and have the added benefit of sensitivity to
nonstructural root disease (47), lower extremity neuro-
muscular pathology (48), and systemic neuropathies (49).

NCSs are used extensively in the evaluation of patients
with muscoskeletal complaints. Analogous clinical value
can be gained in the assessment of patients presenting
with low back and leg symptoms. However, prior applica-
tions of nerve conduction measurements to the detection

Table 1. F-Wave Latency Reference Range

Nerve Type Zappia Kimura Puksa NEUROMetrix
(41, Table 1)(2, Table 19-1)(39, Table 3) (4, App. E)

Median 26.972.4 26.672.2 23.971.7 27.671.7
Ulnar 27.072.2 27.672.2 24.871.9 27.871.4
Peroneal 45.475.1 48.474.0 46.074.3 50.273.0
Tibial 49.974.7 47.775.0 47.674.5 48.672.5

(mean7standard deviation) In ms, compiled from four different sources.

All results were based on more than 100 nerves (nerve count ascending

from left to right).

Table 2. Distribution of Healthy Nerves with A-Wave Detected

Parameter Age Range

o30 30–39 40–49 50–59
Subject count 18 36 15 15
Nerve count (percent) w/A-waves:
Peroneal 2 (6%) 2 (3%) 1 (3%) 0
Tibial 2 (6%) 6 (8%) 7 (23%) 8 (27%)

Nerve count (percent) w/multiple A-waves:
Peroneal 1 (3%) 0 0 0
Tibial 0 1 (1%) 0 2 (7%)

Three percent of peroneal nerves had an A-wave detected whereas 14% of tibial nerves had A-waves. Presence of tibial A-waves increases with subject age.

8 F-WAVE



of nerve root compromise have used widely varying meth-
odologies (50–53) that were not optimized to the specific
pathophysiological characteristics of this disease. A novel
F-wave-based composite nerve conduction measurement
is described here that was designed specifically for detec-
tion of lumbosacral root compression (38).

The study contained a patient group, consisting of 35
subjects, 18 to 75 years of age, with MRI-confirmed L5 or
S1 nerve root compression secondary to lumbosacral disc
disease and a control group consisting of asymptomatic
individuals, between 18 and 75 years of age, drawn from
the local community who had no history of back or leg
symptoms in the prior year, diagnostic imaging of the neck
or back, lower extremity NCS in the past year, prior di-
agnosis of radiculopathy, or invasive procedures of the
spine. Individuals with a history of nondermal malig-
nancy, diabetes, lower extremity neuromuscular condi-
tions, polyneuropathy, or current pregnancy were
excluded from both groups.

The peroneal and tibial nerves were evaluated bilater-
ally in all study subjects using standard nerve conduction
procedures (2). Subjects in the L5/S1 compression group
were evaluated within two weeks of their MRI study. The
electrophysiological measurements were performed with a
nerve conduction testing system (54) (NC-stats, Ne-
uroMetrix, Inc., Waltham, MA). The system uses precon-
figured electrode assemblies, automated skin temperature
sensing and normalization, and computerized algorithms
to automate or guide the steps of a proper NCS. The ap-
proach taken in this study was to develop a composite
measurement (NC composite) that integrates multiple F-
wave parameters predictive of lumbosacral nerve root
compression into a single index. The purpose of this mea-
surement was to identify pathology in either root rather
than to localize the specific root involved. All F-wave pa-
rameters including minFWL, meanFWL, maxFWL, F-
wave latency deciles, and persistence were included in re-
gression analysis initially. The dependent variable of the
regression was the membership in either the control group
or the patient group. Backward stepwise multivariate lo-
gistic regression analysis was used to determine the inde-
pendent variables or F-wave parameters and their
coefficients to be included in the final NC composite index
calculation. The following normalized F-wave latency pa-
rameters were found to be significant ðpo0:05Þ: peroneal
7th decFWL, peroneal meanFWL, tibial meanFWL, tibial
1st decFWL, and tibial maxFWL. The NC composite index
is defined as

NCcomposite¼
expðfÞ

1þ expðfÞ
; f¼ � 31:2þfperonealþftibial;

where

fperoneal¼ 1:0�Per7thdecFWL� 0:88�PerMeanFWL

ftibial¼ 2:19�TibMeanFWL� 0:88�Tib1stdecFWL

� 0:83�TibMaxFWL:

As shown in Fig. 8, the majority of NC-composite values
for the control group fell below 0.2, whereas the opposite
was true for the L5/S1 compression group. At this thresh-
old, NC composite had a specificity of 84.3% and a sensi-
tivity of 83.3%. By contrast, the peroneal minimum F-
wave latency, without height correction, had a sensitivity
of 29.2% and a specificity of 84.3%. Sensitivity is the per-
centage of the nerves in L5/S1 compression group with
abnormal NC-composite index value, and specificity is the
percentage of control nerves with normal NC-composite
values. The NC-composite measurement was 6.8 (95%
confidence interval: 3.29 to 18.09) times as effective as
peroneal minimum F-wave latency (without height cor-
rection) for detection of nerve root compression. It is in-
teresting to note that although the peroneal and tibial
minFWL are the most commonly reported F-wave latency
parameters (46), neither was predictive of root compres-
sion when combined with the five parameters noted above.
As peroneal and tibial nerve minFWLs are associated with
the least diseased axons, they may not become abnormal
until very severe root compression has occurred. However,
in a population with more severe disease, these measure-
ments may be clinically valuable. In receiver operating
characteristic (ROC) analysis, NC-composite exhibited an
area under the ROC curve of 0.91. A value over 0.90 is
considered indicative of a highly accurate test (55). At a
specificity of 85%, the sensitivity was 87.5%. The diagnos-
tic specificity level of 84.3% (with sensitivity of 83.3%) ex-
ceeds that of MRI and other radiological modalities, which
are generally found to have false-positive rates of 40–60%
in adult asymptomatic populations (45,56,57).
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Figure 8. NC-composite values for control and L5/S1 nerve root
compression groups. The majority of control values fall below the
0.2 level, whereas the opposite is true for the L5/S1 group.
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4. FUTURE DIRECTIONS

Automated F-wave latency estimation represents a signif-
icant biomedical engineering opportunity with many un-
ique challenges. Enhanced engineering methods for
successful F-wave applications include F-wave acquisition
(stimulation and recording) condition optimization, F-
wave signal analysis and feature estimation, and F-wave
classification with relevant clinical diagnosis values.

Studies have demonstrated that the influence of data
acquisition conditions, such as stimulation parameters,
and test subject conditions, such as posture and exercise
(12,58,59). A vast majority of such studies were performed
on normal nerves. Activity-dependent nerve conduction
studies based on M-waves (direct motor response) and
SNAPs (sensory nerve action potentials) have been shown
to be sensitive and early indicators of systematic and focal
neuropathy (60–63). Studies should be extended to F-wave
measures to exploit the diagnostic utility of activity-de-
pendent F-wave parameters.

F-wave latency refers to onset latency, as opposed to the
more easily obtainable peak latency commonly studied in
EEG-evoked potentials analysis. Uncertainty of initial
take-off direction (initial deflection being either upward
or downward) creates additional challenges in latency es-
timation. F-wave latency estimation must incorporate an
F-wave signal detection component as not every F-wave
trace is guaranteed to contain an F-wave signal. Although
the afore-mentioned results are promising, more robust
and efficient signal algorithms are needed for F-wave la-
tency estimation (64).

F-wave score is a valuable tool in assessing the reli-
ability of individual F-wave latency estimation results and
can be used indirectly as an instrument for F-wave signal
detection. It has been demonstrated that F-wave score
improves the accuracy of the F-wave latency statistics
such as median F-wave latency. Nevertheless, the physi-
ological basis of the F-wave score is unclear and its clinical
value remains to be seen. Additional research must be
conducted to fully explore the F-wave score concept.

An analytical model of the F-wave generation process
will have substantial impact on improving our under-
standing of F-wave abnormality because of various dis-
ease conditions. For example, the effects of focal and
generalized neuropathy on the F-wave generation mech-
anism can be better understood and differentiated. Such
knowledge, when incorporated into signal processing al-
gorithms, can significantly improve the sensitivity and
specificity of any automated F-wave analysis algorithm.

The full potential of diagnostic F-wave values has not
yet been realized and is primarily limited by a deficiency
of automated analysis tools. Lack of such tools prevents
the F-wave from being adopted by a wider clinical com-
munity, as only specialists are equipped with the knowl-
edge to interpret the results. The value of F-waves goes
beyond simple time-domain features. Coherence analysis,
waveform complexity measures, and time-frequency dis-
tributions are all prime candidate features for harvesting
the value of the F-wave for clinical diagnosis.
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GAIT PATTERNS
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Recording and analyzing human gait patterns have long
held the interest of biomechanists, bioengineers, kinesiol-
ogists, and clinicians and therapists involved in pediatric,
geriatric, and rehabilitative medicine. In large part this is
because gait is one of the most fundamental and function-
ally critical of all human movements, and the description,
explanation, and understanding of gait patterns are as
central to basic questions related to movement control and
coordination as they are to applied ones related to the
clinical identification and correction of abnormalities aris-
ing from disease, disuse, or injury. The essential kine-
matics, kinetics, and underlying neuromuscular
contributions to the human walking and running gait
patterns are now quite well understood although contro-
versy still remains as to how best to model each of these
patterns and as to what drivers trigger the transitions
between these modes of coordination at critical speeds of
travel or at critical changes in the nature of the terrain or
the trajectory of travel. Computer models of gait are
becoming increasingly capable of accurately accounting
for individual differences in gait patterns, and this pro-
vides promise to aid clinical assessment of disease onset
and progression, surgical decision-making, and the assess-
ment and enhancement of rehabilitative progress in the
future.

This entry provides a brief overview of current under-
standing and research on the principal human gait pat-
terns of walking and running. The initial sections of the
entry address the evolution of these distinctive patterns of
locomotion and the general approaches that have been
taken to their description and measurement. The middle
section of the entry examines, in turn, the cyclic charac-
teristics and the kinematic, kinetic, and neuromuscular
underpinnings of the walking and running gaits, noting
that each of these provides an important contribution to
the determination of the overall gait form. The latter
sections of the entry then address important issues related
to the transitions between walking and running, the
modeling and conceptualization of gait, and the modifying
effect of factors such as maturation, aging, disease, and
injury. Throughout, the treatment of the topic is necessa-
rily illustrative rather than exhaustive, with the coverage
restricted only to consideration of human gait and to some
but not all of the many aspects of gait patterns that are of
relevance to biomedical engineering.

1. THE EVOLUTION OF DISTINCTIVE GAIT PATTERNS

Favored patterns of coordination emerge for all different
types of movement tasks as solutions to the multiple, co-
existing constraints imposed by the goals of the task, the
biology of the organism (e.g., the neuro-biomechanical
configuration of the animal’s movement apparatus), the

information available to support the movement, and the
environment in which the task is carried out (1). As these
constraints differ from animal-to-animal and environ-
ment-to-environment, it is not surprising that an enor-
mous diversity in locomotor patterns has evolved across
the animal kingdom. Quadrupedal terrestrial animals
typically display a range of gait patterns including the
walk, trot, canter, and gallop, whereas human bipedal gait
is characteristically restricted to walk and run patterns. It
is widely believed that human bipedal gait has emerged as
a compromise between the need to move in an energeti-
cally efficient manner (something that quadrupeds of
similar size can do more efficiently than humans (2)) and
the need to free the forelimbs to carry food from one place
to another and to develop tools with which to hunt
(advantages not available within quadrupedal gait) (3,4).
While human infants exhibit primitive forms of quadru-
pedal gait, such as crawling, during the first year or so of
life, walking and running gaits are the stable forms of
human terrestrial locomotion thereafter. Other forms of
human bipedal gait, such as galloping, skipping, and
hopping, are nevertheless possible but are used only
infrequently, are energetically inefficient, and are hence
difficult to sustain for extended periods of time.

2. MEASUREMENT OF GAIT PATTERNS

The analysis of gait is typically undertaken with one of
three major objectives in mind: (1) to improve under-
standing of how the locomotor system works; (2) to bring
abnormal gait closer to normal standards; or (3) to im-
prove normal or above-average gait performance to excep-
tional levels (as in the case of athletic performance) (5).
Achieving any of these goals is directly dependent upon
having reliable and valid means of measuring relevant
features of individual gait patterns.

Contemporary measurement of gait involves a number
of different levels of analysis and the use of a range of
different measurement and analysis tools. Basic measures
of gait performance, such as walking speed, can be
achieved simply through the use of timing gates or
stopwatches while qualitative assessments of gait ab-
normalities can be routinely undertaken by trained ob-
servers using behavioral checklists. More detailed
analyses of gait patterns, however, typically require the
determination of objective information on the relative
motion of joints, the pattern of forces applied to the
ground, the sequence and timing of muscular activity,
and the energy consumption per distance traveled—de-
terminations that require use of more sophisticated forms
of data acquisition and analysis.

The relative movements of the joints (or limb seg-
ments), and other kinematic data describing the gait
pattern in terms of position, velocity, and/or acceleration
characteristics, are typically obtained using high-speed
video that tracks the motion of reflective markers posi-
tioned on the joints of interest. The pattern of forces
applied to the ground during gait is generally obtained
from ground-mounted force plates that measure the forces
exerted by the foot when it makes contact with the ground
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(or running surface). These forces are conventionally
determined in three orthogonal dimensions (vertical,
anterior-posterior, and medio-lateral). In combination
with kinematic data and (anthropometric) data on whole
body and individual segment size, shape, and mass, and
through the use of the inverse dynamics method, ground
reaction force data can be used to calculate net muscle
torques. Such kinetic variables may be particularly im-
portant in helping clinicians discriminate primary gait
abnormalities from secondary ones (5). Patterns of muscle
activation are determined from the collection of electro-
myographic (EMG) activity from muscles of interest—
typically through the use of recording electrodes mounted
on the skin and immediately overlaying the belly of the
muscle of interest. The electromyograph provides a record
of the electrical activity in muscle, and this can be used as
an indicator that a muscle has been activated. Considera-
tion of contemporaneous kinematic data and muscle
length calculations is necessary to determine whether
the muscle is contracting concentrically (shortening in
length), isometrically (staying at the same length), or
eccentrically (lengthening) at the time of its activation.
Energy expenditure during gait is generally measured
indirectly by determining, through an analysis of expired
air, the amount of oxygen that is consumed per unit of
time or to locomote a fixed distance. (A more detailed
description of the measurement tools used within a typical
gait laboratory and a brief history of the evolution of these
tools are provided by Johanson (6)).

A wide variety of systems for gait analysis have now
been developed, especially in the clinical environment (7–
9) and there is consistent progress in refining methods of
measurement and analysis and in standardizing proce-
dures internationally. The latter is facilitated by groups
such as the International Society of Biomechanics (ISB)’
Technical Group on the 3-D Analysis of Human Movement
[see http://www.utpb.edu/3D-HumanMovement/ for de-
tails] and the Gait and Clinical Movement Analysis So-
ciety [http://www.gcmas.net/cms/index.php]. One point
of continued discussion relates to the means by which gait
requirements are manipulated in the laboratory and
clinical setting and, in particular, the extent to which
gait on a treadmill is similar to natural, overground
locomotion. There is some evidence, for instance, to in-
dicate that energy requirements and neuromuscular
(EMG) activation patterns of treadmill and overground
running are generally similar (10,11) whereas other evi-
dence indicates that stride length and frequency, aspects
of gait kinematics and energetics, may be different be-
tween the two, especially when running at high velocities
is examined (11–14).

Kinematic, kinetic, and EMG data, along with anthro-
pometric and anatomical data (such as that derived from
magnetic resonance images of individual patients), are
often required as input to computer models of gait. The
purpose of these models is to aid understanding of general
principles underpinning gait control (including being able
to determine the relative contributions made by different
muscles, tendons, and connective/series-elastic structures
to gait at different speeds) and to help predict the implica-
tions for gait patterns and joint stability, etc., under

altered conditions (such as the addition of a prosthetic
limb, the relocation of muscle lines of action following
reconstructive surgery, the wearing of orthotic inserts,
etc.). These models frequently permit insights into the
functioning of normal gait that is not possible through
conventional means plus allow informed predictions of the
potential impact of surgical and other interventions in
advance of such procedures being actually conducted. For
example, a sophisticated computer model of muscle func-
tion in gait developed by Anderson and Pandy has demon-
strated the capacity of muscles to accelerate joints that
they do not directly span (15–18)—a capability not able to
be observed within traditional gait analysis experiments.

3. HUMAN WALKING PATTERNS

As a species humans are able to use the walking gait to
locomote at quite a wide range of different speeds—from
extremely slow speeds in many elderly and patient popu-
lations through to speeds greater than 4.5m/s for trained
athletes. [The current world record for the 20km walk of
1 hr 17min 21.6 s, for example, equates to an average
velocity of approximately 4.3m/s (or 15.5 km/hr) sustained
for longer than one hour.] However, despite the potential
range of walking speeds that are possible, natural walking
typically only occurs within a small range for any indivi-
dual. For healthy young adults, preferred walking speed is
in the order of some 1.3–1.4m/s (4.7–5.0 km/hr) (19). This
preferred walking speed is also the most economical one
for walking, being the speed at which the mechanical
energy of the body is most nearly conserved through
interchange in the gait cycle between kinetic and gravita-
tional potential energy. It is hence the speed at which the
least metabolic energy is consumed to sustain the gait
pattern (20,21). Interestingly, this speed of travel for
greatest economy is relatively independent of age or level
of physical activity (22).

The gait pattern in walking is cyclical and can been
described (and then modeled) in terms of the kinematic,
kinetic, energetic, and neuromuscular mechanisms that
underpin it. Some details follow.

3.1. Characteristics of the Walking Gait Cycle

The human gait cycle (regardless of whether it is walking
or running) consists of two distinct phases for each leg—a
stance phase, in which the leg is in contact with the
ground or surface and a swing phase, in which the leg is
airborne. As Fig. 1 illustrates, the stance phase is defined
by the time from initial foot (usually heel) strike to toe-off
for a single leg and includes three identifiable subphases:
an initial double support phase in which both feet are in
contact with the ground, followed by a period of single
limb stance, and finally a second period of double support.
In normal walking the stance phase occupies B62% of the
gait cycle. The swing phase, from toe-off to foot strike in
the limb of interest, also consists of three identifiable
subphases—initial swing (from toe-off to foot clearance),
mid-swing (from foot clearance to the time at which the
tibia is vertical), and terminal swing (from tibia vertical to
foot strike). This swing phase, in which the motion of the
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leg is essentially pendular, occupies B38% of the walking
gait cycle. Given the symmetrical nature of normal gait,
50% of each gait cycle is spent in the period from foot
strike of one leg to foot strike of the other. Each subphase
of the walking cycle serves a discrete function, as shown in
Table 1.

Step length is determined as the distance between a
common point on each foot (e.g., the distance between the
left heel and the right heel) during double limb support,
stride length is the distance between successive foot
strikes by the same foot, walking speed is the average
speed attained over multiple strides or distance, and
cadence is the number of steps per unit time (23).

3.2. Kinematics of the Walking Gait Pattern

The walking gait pattern can be described kinematically
in terms of the collective motion of the whole body and/or
the decomposed motion of individual joints and/or seg-
ments within the coordinated movement pattern.

Collective whole body motion is most readily described
through determination of the path of the whole body
center of mass during the gait cycle. In the plane of motion
of the walker (the sagittal plane), the center of mass
describes a smooth sinusoidal path throughout the walk-
ing cycle with a vertical displacement of 5 cm seen in
healthy young adults when they walk at their preferred
speed (24). Peak vertical displacement occurs in midstance
and minimum vertical displacement coincides with the
middle of the double-support phase. Lateral displacement
of the center of mass of approximately 5 cm in the trans-
verse plane also occurs during a typical gait cycle
although the frequency of oscillation in this plane is only
about 50% of that in the sagittal plane.

The translation of the whole body center of mass that
occurs in walking is a consequence of the synchronous
movement of most major body segments around most of
the major joints within the body. The lower limb segments
and the pelvis displace in all three planes of motion during

Initial double
support

Swing phase

Mid
swing

Initial
swing

Stance
double
support

Foot strike
Opposite

toe off
Reversal of

fore-aft shear
Opposite
foot strike

Foot strike

100%62%12%0% 50%

Toe off
Foot

clearance
Tibia

vertical

Terminal
swing

Single limb phase

Stance phasePhases

Sub-phases

Events

% of cycle

Typical walking gait cycle

Figure 1. Typical walking gait.

Table 1. Sub-Phases and Functions within the Walking Gait Cycle

Sub-Phase % Cycle Function Contralateral Limb

1. Initial double limb
support

0-12 Loading, weight transfer Unloading & preparing for swing (pre-swing)

2. Single limb support 12-50 Support of entire body weight; center
of mass moving forward

Swing

3. Second double limb
support

50-62 Unloading and preparing for swing
(pre-swing)

Loading, weight transfer

4. Initial swing 62-75 Foot clearance Single limb support
5. Mid swing 75-85 Limb advances in front of body Single limb support
6. Terminal swing 85-100 Limb deceleration, preparation for

weight transfer
Single limb support

Reprinted from Sutherland et al. (23).
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a cycle of walking while the upper limb segments swing
out of phase with those of the lower limb. In a seminal
paper in 1953, Saunders, Inman, and Eberhart (25) pro-
posed that the pathway of the center of mass during
walking is determined by six kinematic mechanisms of
the lower limb—hip flexion, stance knee flexion, ankle
plantar flexion (all of which occur in the sagittal plane),
pelvic rotation (in the transverse plane), pelvic list (in the
frontal plane), and lateral pelvic displacement (in the
transverse plane). At the preferred speed of walking, the
hip has single peaks of flexion and extension within each
gait cycle, corresponding respectively to mid-swing and
toward the end of the stance phase, while the knee joint
shows two flexion-extension peaks per cycle. There is a
small cycle of knee flexion-extension during the stance
phase and a larger cycle during the swing phase, which
includes peak knee flexion during the initial swing phase
and near full-knee extension approaching foot strike. The
ankle joint moves first from plantar flexion immediately
following foot strike into dorsiflexion during the middle
and terminal phases of stance and then again later from
plantar flexion in the double support phase back to dorsi-
flexion during the swing phase, as the toe is raised to clear
obstacles. Pelvic rotation of þ /� 81 helps increase step
length, pelvic list tilts the pelvis from the weight-bearing
leg to the leg about to commence swing, and lateral pelvic
displacement occurs as support alternates from leg to leg
(and the center of mass correspondingly displaces from
side to side). A fuller description of the major joint changes
within the gait cycle from the perspective of each of the
three planes of motion can be found in Sutherland et al.
(23).

3.3. Kinetics and Neuromuscular Contributions to the
Walking Gait Pattern

In order for locomotion to occur, it is essential for the body
to exert forces onto the ground or walking surface and the
reaction to these forces, which are a function of muscular
action and the weight of the body transmitted through the
feet, can be recorded using floor-mounted force (or more
strictly, load) plates. Ground reaction forces are typically
resolved into three forces–a vertical force directed up-
wards; an anterior-posterior force in the direction of
travel; and a medial-lateral force at 901 to the direction
of travel—and normalized for body weight. Center of
pressure can be also determined from such recordings as
the point, during a period of single limb support, at which
the total load can be characterized as being applied to the
foot. Unsurprisingly, the vertical forces during gait are
many times greater than those in the other two planes,
although the forces in all three planes are closely linked to
the oscillations in the body’s center of mass that occur
throughout the walking cycle. The vertical ground reac-
tion force shows two peaks during the walking cycle (at
some 15% and 50% of the cycle, respectively) at which
force levels exceed body weight and the center of mass is
accelerated upwards. During a typical walk cycle, the
vertical ground reaction force also shows a single mini-
mum (around 30% of the cycle) at which force levels are
typically onlyB80% of body weight and the center of mass

is consequently accelerated downwards. During steady-
state (constant-velocity) walking, net forces in the ante-
rior-posterior direction are applied backwards to the
direction of travel early in the stance phase, immediately
following foot strike, and forward later in the stance phase
as toe-off is approached. Forces in the medio-lateral direc-
tion are generally of the lowest magnitude of the three
axial components but are necessary to control for the
sideways movements in the whole body center of mass
as balance transfers from one leg to the other during the
gait cycle. Center of pressure migrates forward in the foot
during the normal walking cycle commencing medially at
the heel at foot strike and then progressing from there to
the lateral mid-foot during mid-support and to the medial
forefoot in preparation for toe-off (26).

As noted previously, it is possible, given ground reac-
tion forces, kinematic data, and estimates of segmental
masses and inertias, to calculate resultant loads or net
muscle moments about joints of interest using inverse
dynamics methods. Such calculations are valuable in
determining the timing of loads applied during the gait
cycle plus these calculations, in conjunction with EMG
data, can help determine the roles different muscles play
at different phases of the gait cycle. Analyses of net muscle
moments reveal that surprisingly small muscle moments
are needed during the swing phase, with only small
extensor moments at the hip and flexor moments at the
knee typically needed to decelerate the leg in preparation
for foot strike (9). The reason that minimal muscle activity
appears necessary during the swing phase of walking is
that the effects of gravity and inertia alone are sufficient to
generate the pendulum-like motion that the leg requires
during this phase. In contrast, the net muscle moments
applied during stance are of much greater magnitude and
complexity. In the initial phase of stance a small moment
is exerted by the dorsiflexors of the ankle to help decele-
rate the foot and facilitate its smooth placement on the
ground. With the foot placed squarely on the ground, or
whatever surface is being walked upon, eccentric contrac-
tion of the quadriceps occurs to limit knee flexion and
accelerate the knee into extension. This process of knee
extension is facilitated in early stance, as the limb loads,
by a plantar flexion moment developed around the ankle
joint and brought about through contraction of the soleus
muscle restraining forward motion of the tibia. The plan-
tar moment around the ankle peaks in the terminal phase
of stance and is a major contributor both to the push off
achieved immediately prior to the commencement of the
swing phase and, in conjunction with the hip flexors, to
the forward acceleration of the leg that occurs during the
swing phase. While most of the work performed in gait is
predictably in the plane of motion, the hip joint in
particular also completes significant work in the frontal
plane, presumably to control the pelvis and trunk against
the effects of gravity (27).

EMG profiles obtained during normal walking indicate
the systematic involvement of different muscle groups in
particular phases of the gait cycle and reflect the different
mechanical requirements of each phase (28); see [Table 2].
Distal muscles of the lower limb (the soleus, tibialis
anterior, and gastrocnemii, in particular) are the most
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active, and the least variable in patterns of activation,
during normal walking, whereas the more proximal mus-
cles (in particular those such as the iliopsoas and gluteui
crossing the hip joint) are least active and more variable in
pattern of activation. The biarticular muscles—muscles
such as the hamstrings, rectus femoris, and gastrocne-
mius that cross more than one joint—are characteristi-
cally more variable in EMG activity than muscles that act
at only a single joint (29).

Increases in the speed of walking are achieved both
through an increase in stride length, and cadence (30,31)
and are accompanied by increases in the peak ground
reaction forces in all planes of measurement. There have
been some suggestions in the literature, consistent with
either central pattern generator (32,33) or generalized
motor program (34) models of motor control, that faster
walking is achieved primarily through a linear speeding
up of all components of the gait cycle, such that temporal
proportionality remains invariant within the walking gait
pattern. While detailed analyses of the relative timing of
different phases of the gait cycle at different speeds of
walking do not strictly support such a view (35,36), the
temporal patterning of EMG activity for key muscles
nevertheless remains generally similar at different ca-
dences while the mean amplitude of the EMG during
both stance and swing phases increases as the speed of
walking increases (37,38).

4. HUMAN RUNNING PATTERNS

As with walking, humans are able to locomote using the
running gait over quite a wide range of speeds. Running
can be sustained, although not efficiently, at speeds of
travel below those which are normally preferred for walk-
ing (i.e., less than 1.3–1.4m/s or 4.7–5.0 km/hr) although
running is obviously favored for use at velocities higher
than those spontaneously adopted for walking. Peak run-
ning velocities greater than 10m/s (36 km/hr) can be
obtained by trained athletes for brief periods of time.

The current men’s world record for the 100m of 9.77 s,
for example, equates to an average velocity of 10.2m/s (or
36.7 km/hr).

While sharing much in common with walking, the
running gait nevertheless differs from the walking gait
in a number of fundamental ways. The principal differ-
ences between the two gait forms stem from the nonexis-
tence in the running gait of any periods of double-support
(i.e., periods in which both feet are simultaneously in
contact with the ground; cf. Fig. 1) and the parallel
existence in the running gait of a flight phase (or a double
swing phase) in which neither foot is in contact with the
ground. The duty factor, which is the fraction of each
stride during which the foot is in contact with the ground,
is consequently less than 0.5 in the running mode and
greater than or equal to 0.5 in walking. The stance phase
of the running cycle is generally considered to consist of
three subphases: foot strike (or contact), mid-support, and
take-off (or propulsion). The relative and absolute dura-
tion of the stance phase decreases as running speed
increases to the point where stance may constitute as
little as 22% of the running gait cycle in sprinting (com-
pared to 62% in walking). The swing phase, in contrast,
occupies a relatively greater proportion of the running
cycle as speed increases. This phase includes, in sequence,
an initial follow-through phase in which the limb is in a
relatively extended position with minimal knee flexion; a
forward swing phase in which the knee is flexed to reduce
the moment of inertia and facilitate rapid forward move-
ment of the whole of the lower limb; a double swing (or
float) phase in which the alternate leg is also airborne; and
a final phase of foot descent in which the foot is lowered in
preparation for foot strike. Compared to walking, the
running gait cycle involves a relatively longer swing
than stance phase, the presence of double swing and the
absence of double support, longer stride lengths, and
higher cadences.

The gait cycle differences between walking and running
are necessarily underpinned by kinematic, kinetic, and

Table 2. Muscle Actions During the Walking Gait Cycle

Phase of Gait Mechanical Goals Active Muscle Groups Examples

Stance phase

Initial contact Position foot, begin deceleration Ankle dorsiflexors, hip
extensors, knee flexors,

Anterior tibialis, gluteus
maximums, hamstrings

Loading response Accept weight, stabilize pelvis,
decelerate mass

Knee extensors, hip abductors,
ankle plantarflexors

Vasti, gluteus medius,
gastrocnemius

Mid stance Stabilize knee, preserve
momentum

Ankle plantarflexors (isometric) Gastrocnemius, soleus

Terminal stance Accelerate mass Ankle plantarflexors (concentric) Gastrocnemius, soleus

Swing phase

Pre-swing Prepare for swing Hip flexors Iliopsoas, rectus femoris
Initial swing Clear foot, vary cadence Ankle dorsiflexors, hip flexors Anterior tibialis, iliopsoas, rectus

femoris
Mid swing Clear foot Ankle dorsiflexors Anterior tibialis
Terminal swing Decelerate shank, decelerate leg,

position foot, prepare for
contact

Knee flexors, hip extensors,
ankle dorsiflexors, knee
extensors

Hamstrings, gluteus maximus,
anterior tibialis, vasti

Reprinted from Rab (28).
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neuromuscular control differences. The position of the
whole body center of mass is lower in running and the
vertical oscillation of the center of mass less than in
walking. In contrast, both the linear and angular velocity
of the lower limb segments and their range of motion are
greater in running than in walking. In running the foot-
falls of the two feet lie along an essentially common path
along the midline of the body (the absence of a double
support phase makes it imperative that the foot be
essentially positioned directly underneath the center of
gravity), whereas in walking foot placement does not need
to reach the midline, and rather the paths of progression
of the two feet lie in parallel.

Both the shape and peak values of the ground reaction
force-time curves for walking and running are fundamen-
tally different. Whereas the vertical ground reaction force
in walking has two, essentially symmetrical, peaks (as
described earlier), the comparable plot for running is
compressed in time, enhanced in amplitude, and asymme-
trical. Given that the propulsive forces applied during
stance in running must, by definition, be applied over a
shorter period of time than is available in walking, the
ground reaction forces in running are typically of the
order of 2.5–3 times body weight compared to the 0.9–1.1
body weight levels observed at different points in the
walking cycle.

Analyses of muscle moments, corroborated by EMG
analyses, indicate greater active involvement of muscular
activity in the generation of leg drive during the swing
phase of running compared to walking where swing can be
generated primarily through the mechanical pendular
characteristics of the limb. During the swing phase of
running the iliopsoas and rectus femoris, acting concen-
trically, help flex the hip; the hamstring muscles, acting
eccentrically, help extend the knee during the last phase of
swing; and tibialis anterior and the flexors of the toes,
acting concentrically, dorsiflex the ankle.

In terms of the energetics of running, there is no
optimal speed for running for maximal metabolic effi-
ciency as there is for walking. The metabolic cost of
running a given distance remains remarkably constant
at around 1.0 cal/kg/min regardless of speed of travel (39).
This is generally explained in terms of the elastic energy
storage that is possible within the Achilles tendon/gastro-
cnemius musculo-tendinous unit (40), and this elastic
energy storage forms a cornerstone of most mechanical
models of the running gait. With faster running, the
duration of the swing phase becomes progressively rate-
limiting. Stance duration declines relatively linearly with
increasing velocity, whereas the swing phase does not (41),
resulting in significant changes in the proportional time
spent in each phase of the running cycle, and significant
deviations away from any notions of invariant relative
timing of running, as speed of travel with running varies
(36).

5. TRANSITIONS BETWEEN GAIT PATTERNS

Walking and running are distinct modes of coordination
and a number of key environmental and task conditions

and constraints are more favorable to the adoption of one
mode over the other. The most obvious determinant of
which mode of coordination is spontaneously favored is
the required speed of travel and the time period over
which travel must occur. Left with freedom of choice,
healthy young adults spontaneously switch from the
walking gait to the running gait when the required speed
of travel reaches B2.0m/s (or 7.2 km/hr). The speed of
travel at which transition occurs is replicable and robust
within individuals (42) but is subject to some individual
differences and hysteresis effects. (Hysteresis in this con-
text refers to the speed of travel at the transition from
walking to running being different to that from running to
walking.) Interindividual anthropometric differences in
limb lengths or masses appear to be only weakly linked
to the speed of travel at which transition occurs (42,43),
but the direction in which required speed of locomotion is
varied may have a more systematic influence. Specifically,
the speed of travel at transition between running and
walking is often lower than the speed of travel at transi-
tion between walking and running (36) although recent
evidence suggests that the direction of this hysteresis
effect may be dependent upon the rate of acceleration or
deceleration (44). The normal transition between the
walking and running gaits can be voluntarily altered or
overridden if necessary, albeit at some attentional cost
that can be quantified by having participants concurrently
undertake a second, cognitively demanding task at the
same time as they are walking or running (45,46). While
required speed of travel is the most obvious factor that can
influence the selection of the most appropriate gait pat-
tern, it is by no means the only factor. The nature of the
terrain that must be traversed, the slope of the terrain,
the height and location of any pathway obstacles (espe-
cially in relation to leg length), and whether or not objects
and/or loads have to be carried, can all influence whether
walking or running is the preferred gait mode at a given
speed (47–49).

A long-standing question of interest for gait research-
ers and, more recently, for motor control theorists inter-
ested in the general question of movement pattern
formation (50), is the determination of what factors limit
each gait mode and, in turn, are responsible for the
sensing and triggering of spontaneous changes between
the walking and running patterns of coordination. Propo-
sitions have been advanced that the switching between
gait modes at critical speeds of travel occurs because one
or more of the mechanical, energetic/efficiency, force at-
tenuation, or pattern stability limits of the current gait
pattern are reached (51,52). It is probable both that these
limits are, in many cases, interdependent and that differ-
ent factors may limit particular gait patterns and trigger
transitions dependent upon the specific task constraints
that are imposed (40,53).

The search for mechanical limits to the walking gait,
for instance, has primarily involved seeking out anthro-
pometric variables, such as limb lengths and masses, as
correlates of the preferred transition speed between walk-
ing and running. Although high correlations exist between
body mass and the transition speeds evident across quad-
rupedal species of differing mass (54), correlations ob-
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served in human gait between individuals of different
body proportions are low to modest at best (42,43) and
equations using mechanical variables to predict preferred
transition speed have been of low accuracy. A number of
studies have sought to also examine whether kinematic
variables such as the angle of lower limb separation
(maximum interthigh angle) (55) or the center of mass
trajectory (56) might be predictive of gait transitions,
either as determinants themselves or as correlates of
determinants (52). Hreljac (57) has provided empirical
evidence that peak angular velocity of the ankle satisfies
many of the characteristics expected of a trigger for the
walk-run transition in that it increases systematically in
value as walking speed increases and then goes through
an abrupt value change when running commences; transi-
tion consistently coincides with a critical angular velocity
value; and the variable has the potential to be sensed
proprioceptively and thus directly influence a feedback-
based control system. Given the moments that are gener-
ated around the ankle during high velocity walking, and
the local muscular fatigue that accrues in the dorsiflexors
of the ankle under such conditions, it is plausible that
humans may switch from walking to running as a strategy
to minimize local discomfort in the ankle dorsiflexors—a
discomfort that could be sensed proprioceptively and could
consequently influence centralized gait control mechan-
isms (58).

In the animal gait literature there is strong evidence to
suggest that gait patterns are selected that are most
energetically efficient (in terms of energy cost per distance
traveled), with animals naturally selecting as their most
frequent speeds of travel for particular gait modes those
speeds that are most energetically optimal for the gait
mode (54,59). A natural extension of this line of thinking is
that transitions between different gait modes may be
driven by energetic variables and the attempt by the
neuromuscular system to optimize particular energetic
variables to conserve energy and maximize efficiency.
While there is some evidence to support an energetic
trigger for human gait transitions in the form of concor-
dance between the intersection of the transport costs
(measured in oxygen consumption per distance of travel)
of walking and running and preferred transition speed
(42), others have questioned the importance of energy
minimization in the human walk-run transition, primar-
ily on the grounds that the predicted transition speed
based on energy minimization is significantly faster than
that actually observed (58,60).

A related issue for possible energetic determinants of
human gait transitions is the question of how energy
efficiency might be directly perceived. For this and other
reasons a number of researchers (61,62) have argued that
musculo-skeletal forces, which may be more directly
sensed and communicated to the central nervous system,
are more probable triggers and that it may be that gait
transitions occur in order to decrease mechanical stresses
imposed by different forms of gait and, through this,
minimize injury risks (63). In studies on horses, in which
ground reaction forces were manipulated through the
imposition of loads carried by the horses. Farley and
Taylor (62) demonstrated that it was the attainment of a

critical level of skeletal loading rather than the attain-
ment of the most energetically optimal speed that was
responsible for triggering gait transitions. Although there
is some evidence to indicate that the kinetic variables of
time to first peak force and loading rate may be correlates
of the transitions between walking and running in hu-
mans (52), it is nevertheless unlikely that force minimiza-
tion per se is the triggering mechanism in humans for
changing from walking to running given that contact
forces and musculo-skeletal loading are typically higher
in bipedal running than walking (40).

Changes in pattern stability, in a dynamical sense,
have also been proposed as the major determinant for
the spontaneous changes between the walking and run-
ning gaits that occur at critical speeds of travel and under
other conditions. Using methodologies and approaches
developed from synergetics and dynamical systems theory
(64,65) to explain pattern transitions in a range of other
biological and nonbiological systems, Diedrich andWarren
(66,67) have demonstrated that changes in the stability of
some critical parameters describing the gait pattern
(called, order parameters) are strongly predictive of the
onset of transition and gait pattern re-organization from
walking to running and running to walking. The relative
phase relationships within the same limb between ankle
and knee, in particular, are similar within each gait mode
but different between modes and demonstrate critical
increases in variability (instability) as the transition point
is approached. The examination of relative phase relation-
ships between segments has also been shown to be of use
in describing upper extremity coordination during gait
(68) as well as the coupling between arms and legs at
different speeds of locomotion (69). For example, at low
speeds of walking the pelvis and thorax are close to
moving in-phase whereas at faster speeds of travel they
become progressively out-of-phase (68). As the next sec-
tion illustrates, the ability to adequately explain transi-
tions between different gait patterns is increasingly seen
as an important challenge for the development of compre-
hensive models of human gait.

6. MODELS OF HUMAN GAIT

6.1. Mechanical Models of Gait

While a large number of mechanical models of gait have
been developed, varying substantially in their level of
complexity and detail, the fundamentals of the majority
of the models are similar. The walking gait is most
frequently modeled as an inverted pendulum system
with highly conservative exchanges between kinetic and
potential energy used to account for the energetic effi-
ciency known to exist at preferred walking speed (70–73).
Walking is often conceptualized as a ‘‘rolling egg’’ (74) in
which kinetic energy is exchanged for potential energy as
the center of mass slows down as it gains height in mid-
stance and then this potential energy is returned to
kinetic energy when the center of mass subsequently
lowers during the double support phase. The running
gait, in contrast, is typically conceptualized as a ‘‘bouncing
ball’’ or ‘‘spring’’ system (75) in which the key feature is
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high kinetic-elastic energy exchanges (76–78). The ex-
change between kinetic and elastic energy in running is
made possible by the capacity of tendons and muscles
within the limb in contact with the ground to store elastic
energy extremely effectively. High stresses are needed to
create the strains essential for elastic energy storage and
this is responsible for the elastic energy contribution to
running being substantially greater than it is to walking.
Hof (79) has estimated the elastic energy contribution to
running (at 2.0–2.75m/s) to be of the order of 47–51J
whereas the contribution to walking (at 0.75–1.75m/s) is
only B13–23 J.

While these relatively simple fundamental models for
walking and running have proven quite accurate for
estimating gait characteristics such as duty factors, stride
length, and cadence, and aspects of the ground reaction
forces, they have been relatively poor at predicting char-
acteristics related to transitions between the two patterns,
especially preferred transition speed. The basic assump-
tion of these models is that transition will occur when the
respective gait modes reach their mechanical limits. In the
case of simple inverted pendulum models of walking, the
transition to running is predicted to occur when the
acceleration of the body’s center of gravity toward the
ground exceeds acceleration due to gravity (80), yet, in
practice, transitions typically occur well before this point
is reached (66). It is conceivable that the walk-run transi-
tion may be triggered in some way when the energy-
conserving elements of the elastic mechanism, which is
most accessible in running, exceed the energy-conserving
characteristics of the pendular mechanism, which is domi-
nant in walking. Experimental evidence indicating that
the transition between walking and running occurs at
lower absolute speeds under reduced gravitational condi-
tions provides some support for this view that it may be
the desire to minimize mechanical power generation that
is pivotal to driving changes in gait form (81).

An obvious difficulty of modeling walking and running
as completely different systems (and characterizing walk-
ing solely in terms of energy conservation through pend-
ular actions and running solely in terms of energy
conservation through springlike, elastic actions) is that
both walking and running contain some elements of both
methods of energy conservation (82). To more fully capture
the essential biomechanics underpinning the walking and
running gait patterns hybrid models of gait have now been
developed that contain both inertial (pendulum-like) and
elastic (springlike) components. Models of gait as a force-
driven harmonic oscillator, for example (83,84), have
proven capable of predicting preferred gait characteristics
in both children (85) and adults (86) and begin to bridge
the gap between mechanical models of gait production and
models that attempt to also elucidate the mechanisms
underpinning gait control.

6.2. Control Models of Gait

Models of the control of human gait essentially represent a
microcosm of the more general models that have been
developed to explain the control of voluntary human
movement of all forms (87,88). One class of control model

(frequently referred to as open-loop control models) views
the control of movement as being largely the consequence
of a prestructured set of neural commands that permits
movement to be carried out with minimal ongoing depen-
dence on sensory feedback derived from the movement
itself. Models of gait control based around generalized
motor programs, which allow movement to be produced
without reliance on continuous feedback and which pre-
serve some features of movement invariant from one cycle
to the next (34,89) are of this type. In contrast, closed-loop
models place great dependence on sensory feedback for
continuous control and modification of movement com-
mands. While studies of spinalized animals indicate that
basic gait patterns can be produced without sensory feed-
back (90), such gait is typically clumsy, suggesting that
sensory information from the movement itself does play at
least some role in normal control, perhaps in the tuning of
the movements (91). The role apparently played by both
centralized efferent commands and afferent feedback in
the control of normal gait suggests that hybrid models of
control containing both open- and closed-loop elements are
likely most accurate.

At the spinal level the basic neural circuitry for gait
and other rhythmic patterns of flexion and extension
activity exist in the form of central pattern generators
(32,92). Central pattern generators (CPGs) are neural
networks capable of producing rhythmic patterns of motor
outputs without the necessity for either rhythmic sensory
input or rhythmic command input from elsewhere in the
nervous system. The properties of CPGs have now been
extensively studied (93,94). The characteristic cyclical set
of flexion-extension movements evident in gait are now
generally believed to emerge as a consequence of the
inherent oscillatory properties of the network of neurons
that collectively constitute the CPGs and not as a conse-
quence of structured preplanning (95,96). While the ma-
jority of gait control may be achievable through
mechanisms at the spinal cord level, descending input
from higher centers appears essential for gait initiation
and probably also ongoing monitoring (91,97). As noted
earlier, the voluntary overriding of preferred gait pat-
terns—such as in the case of walking at a speed at which
running is naturally preferred—requires input from the
level of the brain and has an associated cognitive cost that
can be measured using dual-task methods (45).

Dynamical models of movement control (50,98) contend
that stable patterns of coordination at a systems-wide
level also emerge as a consequence of the intrinsic dy-
namics of the system and without a priori planning. The
stability of dynamical systems may be described in terms
of the relationship between an order parameter (that
describes the organizational state of the system of inter-
est) and a control parameter (the value of which deter-
mines which organizational state of the system is favored).
Phase transitions occur when the control parameter
reaches a critical value and the order parameter under-
goes a discrete change in value. As the critical control
parameter value is approached, the order parameter in-
creases in variability (a property known as critical fluc-
tuations) and the system is slower to respond to any
external perturbations that occur (a property known as
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critical slowing down). Movement speed appears to act as
a control parameter for gait with transitions between the
walking and running patterns occurring when speed (or
perhaps cadence) reaches a critical value (of around 2.0m/
s). As noted in the previous section, Diedrich and Warren
(66) have presented evidence to suggest that relative
phase of the lower limb may be a suitable order parameter
to describe bipedal gait given that it demonstrates discrete
value changes at transition and shows the critical fluctua-
tions property. The challenge for dynamical systems mod-
els of gait, and indeed all models of gait control, is not only
to explain steadystate gait in healthy young adults but
also to provide insight and explanatory value for the
changes in gait that occur with factors such as develop-
ment, aging, and pathology—modifiers of gait that are
considered in the next section.

7. FACTORS THAT MODIFY GAIT PATTERNS

7.1. Maturation and Aging

Gait patterns undergo significant change throughout the
lifespan. While most children walk unassisted soon after
their first year of life and run by 18 months to 2 years of
age, adult-like gait patterns are not fully established until
at least age 7 years and adult values on measures such as
step length, walking speed, and cadence are not attained
until around age 15 years (99). Even though obtaining
accurate measurement of children’s gait characteristics,
especially kinetic and EMG properties, can be proble-
matic, the existing evidence is relatively clear that the
development of mature walking gait involves major
changes in stance duration, walking speed, cadence, step
length, and step width during early childhood (100,101).
The duration of single-leg stance increases from about
32% of the gait cycle at age 1 year to the adult level of 38–
39% by age 7 years [cf. Fig. 1] as balance skill and
intermuscular coordination is acquired and the ankle
plantar flexors gain the strength necessary to propel the
body forward in late stance. Over the same developmental
period, walking speed increases from 0.64m/s to 1.14m/s
(a value still below the preferred walking speed of adults
of 1.3 to 1.4m/s) and cadence decreases from around
176 steps/min to 145 steps/min (compared to the adult
level of around 113 steps/min at preferred walking speed).
Step length increases from around 0.2m at age 1 year to
0.5m at age 7 years (adult values are B0.7m) and step
width (measured as the width of the support base between
the ankles expressed as a percentage of pelvic width)
decreases from B70% at age 1 to 45% at age 7 years
(adult values are B30%). On both of these parameters the
changes toward adult values occur most rapidly in the
first 3.5 to 4 years of life. The measurable differences in
gait performance and gait cycle characteristics between
children and adults are underpinned by kinematic and
neuromuscular differences including foot rather than heel
contact, reduced hip and knee extension, decreased plan-
tar flexor activation, and increased and extended quad-
riceps muscle activation in the child compared to the adult
(100,102).

Many of the same differences evident between devel-
oping gait and the gait of healthy young adults also
become apparent when the gait characteristics of healthy
older adults are compared to those of healthy young
adults. Older adults consistently show a decrease in
preferred speed of walking compared to younger adults
(103,104). This decrease in walking speed becomes most
pronounced from age 60 to 65 years with preferred walk-
ing speed decreasing from this age onwards at a rate of
about 1.24% – 1.60% per annum and maximum walking
speed decreasing at a rate of approximately 2% per annum
(105). The overall decrease in walking speed stems from
decreases in step length rather than changes in cadence
and is associated with decreases in the ratio of swing to
stance time, increases in double support time, and in-
creases in stance width (40,104). Gait kinetics also change
noticeably for healthy adults in or beyond their seventh
decade of life with a marked decrease in ankle planter
flexion power output. This has the effect of decreasing the
propulsive forces that can be generated during the push-
off phase, reducing the peak vertical and anterior-poster-
ior ground reaction forces, and perhaps also contributing
to a greater metabolic cost of walking in older adults
(40,104,106). The fundamental causes of the underlying
changes in elderly gait are somewhat unclear but appear
to stem in large part from a mix of the reduction of
muscular force that can be generated in key muscle
groups (especially the hip extensors and the ankle plantar
flexors), the impact of a gradual loss of compliance in
muscles and tendons and an associated decrease in elastic
energy return, and perhaps also the conscious adoption of
conservative strategies aimed to enhance stability and
reduce the chances of falling (107,108). A recent review by
McGibbon (109) suggests that the neuromuscular adapta-
tions seen in the gait of healthy elders are functional ones
to deal with age-related impairments. Some exercise-
based intervention programs for the healthy elderly tar-
geted at increasing muscular strength and improving
balance have shown improvements in gait parameters
such as walking speed (110), but these benefits are not
found uniformly (111).

7.2. Disease and Injury

Disease and injury can lead to significant disruption to
‘‘normal’’ patterns of gait. The prevalence of gait abnorm-
alities increases with population age and the increased
frequency of neurological and musculo-skeletal disorders
in the elderly. For example, a study by Odenheimer et al.
of elderly people living in the community (112) indicated
that whereas abnormalities of gait were evident in 15% of
the population aged 67 to 74 years, these increased to
nearly 50% for people over 85 years of age. Rates are likely
substantially higher for those people living in acute care
facilities. Identifying and understanding gait disorders is,
of course, directly dependent on the extent to which a
comprehensive description and explanation can be
achieved as to what constitutes ‘‘normal gait’’; recognizing,
as is apparent from the previous section, that the char-
acteristics of normal gait are significantly age-dependent.
Being able to identify and measure gait disorders is
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important because individuals with disorders of gait are at
substantially increased risk of falls and injury, and con-
sequential compromise of their capacity for independent
living (113). Individuals with a history of repeat falling
show reduced cadence and stride length and greater levels
of peak torque across proximal joints compared to non-
fallers (114). It is unclear whether these torque differences
arising from co-contraction and consequential increases in
limb stiffness are a predisposing cause of falling or a
compensatory attempt to develop a protective mechanism
to either prevent or reduce the effects of future falling. The
kinematics, kinetics, energetics, and underlying neuro-
muscular patterns of innervation of gait can all potentially
change with disability, injury, and immobilization.

There is a vast range of neurological conditions that
can cause deviations from normal gait although each
tends to affect gait in slightly different ways. Spinal
diseases such as myelopathy, neurodegenerative diseases
such as Parkinson’s disease and diseases causing degen-
eration of the cerebellum, cerebrovascular diseases such
as stroke, diseases of sensory deficit, psychogenic diseases
such as depression, and diseases such as multiple sclerosis
and cerebral palsy that produce spasticity, can all affect
gait in characteristic ways that can, in turn, assist with
disease diagnosis and treatment (115,116). For example,
patients with Parkinson’s disease frequently exhibit a
short-stepping, shuffling gait from a highly flexed posture,
deficits in stride length regulation, abnormally decreased
mobility (hypokinesia), hesitation in starting walking, and
occasional postural freezing (117,118). Likewise, common
musculo-skeletal disorders, such as osteoarthritis (OA),
show characteristic gait differences from healthy con-
trols—in the case of OA patients this is reduced ankle
power and knee mechanical energy and increased hip
power absorption (119). Given the potential value of gait
analysis to both the determination of disease etiology and
the guidance and assessment of rehabilitation processes,
there have been increasing efforts to develop classification
systems for gait disorders based on either clinical gait
patterns or anatomic criteria (116) and to explore the
feasibility of automated classification of clinical gait pat-
terns through the use of neural networks (120,121).

Gait patterns and underlying mechanics can be not
only modified by disease and injury but can also be altered
by medical and therapeutic interventions put in place as
part of the treatment regime. Surgeons undertaking knee
reconstructions (122,123), biomedical engineers fitting
prosthetic limbs (124), physical therapists using braces
(125), and podiatrists applying orthotic devices (126) are
increasingly measuring the effectiveness of these inter-
ventions with respect to the degree to which pathological
gait patterns can be made less deviant from those of
normal gait, and essential gait pattern components such
as walking speed, joint loadings, or movement efficiency
can be improved to levels approaching those existent in
the nonpathological state. Future improvement in the
understanding and treatment of gait disorders will likely
depend on the progressive development of more sophisti-
cated models of gait control—models that can adequately
account for particular pathologies (e.g., see Winter (127)
and Holt et al. (84) for early examples) and can help

progress beyond simple mechanical descriptions of gait
toward explanation and prediction of gait pattern
changes.
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98. J. A. S. Kelso and G. Schöner, Self-organization of coordina-
tive movement patterns, Hum. Mov. Sci. 1988; 7:27–46.

99. J. Keogh and D. Sugden, Movement skill development, New
York: Macmillan, 1985.

100. D. H. Sutherland, R. Olshen, E. N. Biden, and M. P. Wyatt,
The development of mature walking. Philadelphia: JB Lip-
pincott, 1988.

12 GAIT PATTERNS



101. S. Skinner, Development of gait, In: J. Rose and J. G.
Gamble, eds., Human Walking. 2nd ed., Baltimore, MD:
Williams & Wilkins, pp. 125–138, 1994.

102. D. H. Sutherland, R. Olshen, L. Cooper, and S. L.-Y. Woo,
The development of mature gait, J. Bone. Joint Surg. 1980;
62A:336–353.

103. M. P. Murray, R. C. Kory, and B. H. Clarkson, Walking
patterns in healthy old men, J. Gerontol. 1969; 24:169–178.

104. D. A. Winter, A. E. Patla, J. S. Frank, and S. E. Walt,
Biomechanical walking pattern changes in the fit and
healthy, Phys. Ther. 1990; 70:340–347.

105. J. E. Himann, D. A. Cunningham, P. A. Rechnitzer, and D. H.
Paterson, Age-related changes in speed of walking, Med. Sci.

Sports Exerc. 1988; 20:161–166.

106. P. E. Martin, D. E. Rothstein, and D. D. Larish, Effects of age
and physical activity status on the speed-aerobic demand
relationship of walking, J. Appl. Physiol. 1992; 73:200–206.

107. J. O. Judge, R. B. Davis, and S. Oonpuu, Step length
reductions in advanced ages: the role of ankle and hip
kinetics, J. Gerontol. 1996; 51A:M303–M312.

108. B. E. Maki, Gait changes in older adults: predictors of falls or
indicators of fear? J. Am. Geriatr. Soc. 1997; 45:313–320.

109. C. A. McGibbon, Toward a better understanding of gait
changes with age and disablement: neuromuscular adapta-
tion, Exerc. Sport Sci. Rev. 2003; 31:102–108.

110. S. R. Lord, D. G. Lloyd, M. Nirui, J. Raymond, P. Williams,
and R. A. Stewart, The effect of exercise on gait patterns in
older women: a randomized control trial, J. Gerontol. 1996;
51A: M64–M70.

111. D. M. Buchner, M. E. Cress, B. J. de Lateur, P. C. Esselman,
A. J. Margherita, R. Price, and E. H. Wagner, The effect of
strength and endurance training on gait, balance, fall risk,
and health services use in community-living older adults, J.
Gerontol. 1997; 52A:M218–M224.

112. G. Odenheimer, H. H. Funkenstein, L. Beckett, M. Chown,
D. Pilgrim, D. Evans, and M. Albert, Comparison of neuro-
logic changes in ‘successfully aging’ persons vs the total
aging population, Arch. Neurol. 1994; 51: 573–580.

113. M. E. Tinetti, M. Speechley, and S. F. Ginter, Risk factors for
falls among elderly persons living in the community, N.

Engl. J. Med. 1988; 319:1701–1707.

114. L. W. Lee and D. C. Kerrigan, Identification of kinetic
differences between fallers and nonfallers in the elderly,
Am. J. Phys. Med. Rehabil. 1999; 78:242–246.

115. L. Sudarsky, Gait disorders: prevalence, morbidity, and
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1. INTRODUCTION

Losing the capacity to walk is one of the most debilitating
causes of disability to a person. Various injuries to either
the musculoskeletal or the nervous system of the body
could lead to this detrimental loss of function. Common
neurological disorders that cause gait impairments in-
clude stroke, spinal cord injury, and traumatic brain in-
jury. Patients who have suffered these types of injuries
may completely or partly lose their ability to walk. For
many patients, the highest priority concerning mobility is
restoring the ability to walk. Indeed, much research in
neuroscience and neurology is focused on finding methods
to improve walking function after neurological injuries. In
addition, developments in engineering technology are of-
fering new options for the rehabilitation of persons recov-
ering from these types of injuries. Research studies joining
these two fields are yielding exciting developments in ad-
vancing current possibilities for the recovery of locomotor
function after injuries to the nervous system.

2. THEORY

No longer are we bound by the idea that once damage to
the adult nervous system has occurred, associated motor
function is irreparably lost. There is now much evidence
for adaptive changes in the nervous system that restore or
replace motor function after damage. Neural plasticity is
the ability of the nervous system to adapt, or reorganize,
in response to an injury. Rehabilitation therapy after neu-
rological injury can exploit this plasticity of the nervous

system to help patients effectively relearn appropriate
movement patterns. In the motor system, plasticity is fa-
cilitated by training or repetition of the desired move-
ments. An important concept is that the associated
sensory inflow accompanying the practice of desired move-
ments provides powerful cues to the nervous system for
shaping the adaptive changes underlying improvements
in motor function. Thus, optimal training results are de-
pendent on physiologically appropriate sensory stimuli
during movement. For gait retraining, this implies that
the legs must perform physiological stepping movements.
Indeed, there is much evidence from animal and human
research that when physiological stepping movements are
imposed to the legs during gait retraining, recovery of
walking is possible after a neurological injury.

2.1. Background: Mechanical and Neural Aspects of Walking

We know from personal experience that persons can often
be distinguished at a distance because of a distinctive
walking pattern. However, there are also common char-
acteristics during regular walking that can be found in all
persons (1). These include rhythmic alternation of left and
right limbs with activity in each limb divided into stance
(support) and swing phases. These phases can also be fur-
ther subdivided into distinct parts (Fig. 1). Each of these
phases is defined by distinct biomechanical and neuro-
physiological activity patterns. During the initial stance
phase, which begins with heel contact, the limb prepares
for weight acceptance. Extensor muscles are activated to
support the weight of the body against gravity and main-
tain an upright posture. The limb must be available to
accept full loading as the opposite foot lifts for swing.
Throughout the stance phase, the hip and knee joints
move from flexion into extension. At the end of stance,
ankle extensor muscle activity peaks to facilitate push-off
and swing initiation. The swing phase is defined by acti-
vation of flexor muscles that brings the foot forward and
up to clear the ground. The latter portion of the swing
phase is characterized by a deceleration of the limb to halt
forward motion of the leg and prepare for weight accep-
tance. This rhythmic sequence of activity occurs recipro-
cally between the two legs so that while one leg is in swing,
the other supports the weight of the body.

The neural control of locomotor rhythmicity is one of
the most studied areas in motor control neuroscience. In
mammals, an interneuronal network residing in the lum-
bar spinal cord is responsible for the production of the ba-
sic rhythmic locomotor pattern. These circuits receive
powerful inputs from both descending pathways from
the brain and brainstem as well as afferent feedback
from peripheral sensory receptors. A critical factor for
gait retraining is the influence of sensory feedback during
walking. For example, load-related sensory input from ex-
tensor muscles contributes to extensor muscle activation
during the support phase. In addition, the extended posi-
tion of the hip joint at the end of stance is a powerful sig-
nal for initiating the onset of the swing phase. Several
sources of proprioceptive as well as cutaneous inputs all
participate in shaping the motor output during walking.
Their contribution is crucial not only for the timing and
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activity of regular walking, but also for adapting the walk-
ing pattern to changes in the environment (e.g., walking
surface, obstacles). Only indirect evidence exists for the
presence of spinal locomotor circuits in humans. However,
results from studies of persons with spinal cord injuries
suggest that many locomotor control principles derived
from animal experiments also apply to humans. These
concepts and principles guide much of the research on the
control of human locomotion and gait retraining.

3. EQUIPMENT AND EXPERIMENTS

3.1. Traditional Physical Therapy for Gait Retraining

3.1.1. Principles. Traditionally, physical therapy for
gait retraining has been driven by the concept that with
practice and assistance as needed, patients can improve
the quantity and quality of stepping. Numerous ap-
proaches to gait retraining have been developed over the
years (see Chapter 6 of Ref. 2). These include several pre-
gait training activities such as mat exercises, resistance
exercises for muscle strengthening, range of motion exer-
cises, and functional exercises (such as transfers). Once

the patient has developed enough endurance and stability,
gait retraining begins. Commonly, the therapist(s), paral-
lel bars, a wall, or the buoyant properties of water support
the patient’s standing balance. For example, the therapist
may be positioned close to the patient to prevent the knees
from buckling or the feet from slipping during stance.
Once supported, the patient’s leg movements are sup-
ported and assisted by the therapist as required. The
therapist(s) may provide major assistance by, for exam-
ple, manually sliding the feet forward or minimal assis-
tance by verbally cueing the patient. Clearly, manual gait
retraining is more difficult when the balance and move-
ments of patients must be supported at the same time.
Mechanical aids such as orthoses or functional electrical
stimulation may be used to assist and support the pa-
tient’s movements.

3.1.2. Assistive Devices. Numerous assistive devices
can be used for facilitating walking in gait-impaired pa-
tients such as crutches, walking sticks, orthoses, parallel
bars, and other similar devices. However, the effective and
beneficial use of devices such as crutches or parallel bars
is limited to those patients who can produce basic walking
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movements on their own. They provide only limited ad-
vantages to patients who cannot produce any walking
movements or who cannot support their own body weight.
Casts and orthoses, in principle, can compensate for re-
duced muscle strength in the legs. However, their use
could inhibit any training effect to the legs, which in turn
would lead to further deterioration. Additionally, the use
of compensatory movements (e.g., circumduction of the leg
to compensate for reduced foot clearance during the swing
phase) is not specifically rectified by the use of these types
of aids. Thus, assistive devices are useful tools to help
mobilize patients, but they are not particularly suitable
for improving the walking pattern.

3.1.3. Functional Electrical Stimulation. Functional elec-
trical stimulation (FES) uses electrical stimulation to di-
rectly elicit a muscle contraction, thereby producing
functional activity (see the article on FES). Stimulation is
achieved by electrical impulses delivered by implanted or
surface electrodes. The advantage of this approach is that
even paralyzed muscles can be activated again. Thus, pa-
tients with severe impairments can perform walking
movements. However, some shortcomings of FES limit
its use in gait retraining. To achieve a good walking pat-
tern, optimal electrode configuration and proper stimula-
tion sequences need to be established, which in turn
requires considerable time and care. Issues related to
muscle fatigue or adaptations in muscle fiber properties
must also be considered. Moreover, some patients com-
plain of discomfort due to the stimulation parameters re-
quired for FES. Thus, FES is more commonly used in
patients with a complete spinal cord-injury or with re-
duced sensation.

3.2. Treadmill Therapy for Gait Retraining

3.2.1. Principles. Basic knowledge of the neural control
of walking has led to the development of gait retraining
strategies, particularly for the rehabilitation of persons
with spinal cord injury and stroke. These strategies are
based on the idea that appropriate sensory inputs pro-
vided to the legs, as described, could reactivate locomotor
circuits residing in areas below the level of the injury. The
use of treadmills in conjunction with a body-weight sup-
port system to assist therapists in gait retraining started
in the 1990s (3,4). While the movement of the treadmill
belt under the legs assists walking, the body-weight sup-
port system ensures the safety and stability of the patient.
Paralysis of the leg muscles often prevents patients from
supporting their own body weight during the stance
phase. Reducing the gravitational forces acting on the
legs by a body-weight support system would reduce the
load that needs to be overcome by the patient and facili-
tate stepping movements. Body-weight unloading is high
in the beginning of training (60–80% support of the body
weight). As the mobility of the patients improves with
time, the amount of body-weight support is reduced. By
gradually decreasing the amount of body-weight support
provided to the patient, afferent signals to gait-related
brain centers increase. In this way, body-weight supported

treadmill gait retraining supports the appropriate activa-
tion of sensory receptors during the gait cycle.

With the patient fixed to one location over a treadmill,
one or more therapists can sit beside the patient’s legs and
manually assist gait movements. To ensure a proper gait
pattern, up to three therapists may be required. Two are
required to assist movement of each leg and one to help
stabilize and control pelvic movement. Ensuring a phys-
iological gait pattern during treadmill walking is an im-
portant factor during training. For example, extension at
the end of the stance phase facilitates the initiation of the
subsequent swing phase. In addition, providing adequate
body-weight support would ensure that as improvements
are made, appropriate load-related sensory input during
the stance phase is provided to facilitate extensor muscle
activation. During the swing phase, the feet of the patient
are lifted from the treadmill, whereas they are placed on
the treadmill and loaded during the stance phase. This
sequence is necessary for periodically stimulating exten-
sor muscle load receptors, which deliver important affer-
ent input to the control centers in the brain and the spinal
cord.

There are numerous secondary benefits to gait retrain-
ing. A prolonged period bound to a wheelchair or bed can
lead to many medical and psychosocial problems. Some of
the most common problems are pressure sores, reduced
bone-density in the legs, increased risk of fractures, dete-
rioration of cardiopulmonary and circulatory functions,
spasticity, bowel and bladder stagnation, urinary tract in-
fections, and joint contractures. The exercise and mobility
provided with treadmill training may offer some prophy-
laxis to these possible problems.

3.2.2. Treadmills. Treadmills can be divided into two
major types: slat-belt or flat-belt treadmills. The walking
surface of slat-belt treadmills consists of small rigid bars
perpendicular to the walking direction. Flat-belt tread-
mills use an elastic belt material, which is pulled over a
flat surface that supports the weight. One important prop-
erty for rehabilitation use is the availability of a slow (as
low as 0.14 m/s) and constant treadmill speed because ini-
tially, patients can only walk very slowly. Normally, slat-
belt treadmills conform to this specification because the
friction of the walking-surface elements is lower due to the
ball bearings used to support them.

3.2.3. Body-Weight Support Systems. Body-weight sup-
port systems normally consist of a harness system of ropes
and pulleys and a counterpoise to unload the patient. Al-
though the differences in patient harnesses are minor,
many different counterpoise systems exist, as presented
below.

3.2.3.1. Static Systems. In this design, the harness is
attached to an overhead suspension, usually a rope and a
pulley or winch (Fig. 2a). The patient is lifted to a fixed
height, which corresponds to the average height of the
center of mass during walking. However, systems of this
type restrict vertical movement of the center of mass,
which is essential for a physiologic gait pattern. Thus,
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they are better used as a back-up safety system in case of
failure of the primary system.

3.2.3.2. Counterweights. To dynamically unload part of
the body weight, a corresponding weight (mass, m) is at-
tached to generate a counter-force (Fig. 2b). If gait re-
training is performed with slow speeds, this approach
provides satisfactory support. However, as the counter-
force Fc consists not only of the counterweight’s gravita-
tional force (m �g, g ¼ 9.81 m/s) but also its inertial force
(mass multiplied by the vertical acceleration of the coun-
terweight), the support constancy degrades at higher
walking speeds or higher unloading. In other words, move-
ment of the patient/counterweight system leads to inertial
interference forces that, in turn, cause deviation of the
suspension force from the desired value.

3.2.3.3. Elastic Systems. In this design, elastic compo-
nents such as a metal spiral spring or a bungee cord are
used to unload the subject. The amount of unloading is
determined by the amount of tension. The kinetic energy
of the movement is converted to potential energy and vice
versa during each step. Static body-weight support sys-
tems, as described above, can be thought of as elastic sys-
tems with high stiffness. Compared with the
counterweights, the advantage of this approach is that
the inertial effects are absent. However, the suspension
force is a function of spring length and therefore varies
due to the vertical movement of the patient (Fc ¼ k � x;
vertical position x, spring constant k). Similar effects can
be achieved by replacing the elastic spring with a closed
pneumatic cylinder filled with a constant amount of gas. A
change in vertical position changes the volume of gas,
which in turn changes the pressure according to the ideal
gas law. In this way, the suspension force varies according
to the vertical movement of the patient.

3.2.3.4. Active Dynamic Systems. The best support con-
stancy is achieved with active dynamic systems in which
an electromechanical, hydraulic, pneumatic, or any other
force-generating unit produces the desired force (Fig. 2c).
The vertical position or supporting force to the patient’s
movement is adapted by using a closed-loop approach.
Vertical position or force is measured by a position encoder
or force transducer, respectively, and fed back to a con-
troller. The controller, in turn, sends commands to the ac-

tuator to generate the desired forces. The advantage of
this approach is the position and force accuracy of the
system and the fact that gait phase-dependent unloading
is possible.

3.2.4. Clinical Efficacy. Recovery after neurological in-
jury is far from understood at present, and the best way to
treat has yet to be determined. A rigorous evaluation of
the clinical efficacy of rehabilitation strategies for improv-
ing walking is critical. Two recent systematic reviews
evaluated the efficacy of body-weight supported treadmill
training for patients with stroke (5,6). Teasell et al. (6)
reported that there is conflicting evidence for the efficacy
of body-weight supported treadmill training for stroke,
based on the available literature to date. A larger review
by Moseley et al. (5) concluded that there was no effect of
treadmill training and/or body-weight support on func-
tional outcome. Despite these negative reviews, large ran-
domized controlled trials are still lacking. In addition,
there is some indication that patients with chronic spinal
cord injury can derive benefits from body-weight sup-
ported treadmill training (7). Thus, further evaluations
with large randomized clinical trials are warranted before
discarding this approach.

3.3. Automating Treadmill Training Therapy

Although, body-weight supported treadmill training is
gaining more interest in both research and clinical prac-
tice, this approach has several limitations. The training is
labor intensive, requiring considerable physical effort
from the therapists. A therapist might not be able to ap-
ply enough force to move the legs repeatedly with the ap-
propriate pattern throughout the whole gait cycle. The
risk of repetitive strain injury to the therapist also limits
training durations. In addition, manually assisted tread-
mill training lacks repeatability and objective measures of
patient performance and progress. Finally, in light of lim-
ited resources in national health systems, treatment with
three therapists at a time comes with a considerable cost.
To address these issues, several automatic robotic devices
have been developed to facilitate gait retraining with the
idea that manual treadmill training can be automated.
The crucial issue is to design a system that can translate
the physiological concepts underlying body-weight sup-
ported treadmill training into a robotic therapy. These au-
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Figure 2. Illustration of body-weight support
(BWS) systems. (a) Static BWS with rope and
winch. (b) Passive dynamic BWS with adjust-
able counterweights. (c) Active dynamic BWS
with force sensor and electrical winch.
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tomatic devices can be broadly grouped into two catego-
ries: orthotic and non-orthotic devices.

3.3.1. Orthotic Robotic Gait Retraining Devices (Driven
Gait Orthoses). The definition of an orthosis is an external
device that is worn to either restrict or assist motion. Tra-
ditionally, the term has been associated with passive ex-
ternal devices, such as braces, that support and reinforce
joint position during movement. More recently, the term
has been applied to describe external devices that are
driven by motors. Thus, an orthotic robotic gait retraining
device (or driven gait orthosis) is an external device con-
nected to motors that actively restrict or assist motion as-
sociated with walking. Optimally, the controller of such
devices must not only regulate the movement of the leg
but should also assist in maintaining balance. It would be,
of course, possible to model the biomechanical character-
istics of human walking with the orthosis and then build a
controller based on such models. However, as the orthosis
is a multi-joint system and the system’s dynamics would
be modified by the characteristics of each patient, the con-
trol of these orthoses is difficult.

Several driven gait orthotic systems have been devel-
oped to assist overground walking. One of the first such
systems was a pneumatically driven exoskeleton (8).
Other systems using a hydraulically driven exoskeleton
have also been introduced (9,10). Subsequent driven gait
orthosis designs used direct current motors (11–13). More
modern driven gait orthoses for overground walking in-
clude the Berkeley Lower Extremity Exoskeleton
(BLEEX) (14) and the Hybrid Assistive Limb (HAL)
(15,16). However, the use of these overground driven
gait orthoses is limited to persons who have normal con-
trol of balance. There is currently no clinically viable over-
ground gait retraining system exists that can control both
walking and balance.

Driven gait orthoses have also been developed for body-
weight supported treadmill training. One of these is the
Lokomat (Hocoma AG, Volketswil, Switzerland), which is
a bilateral robotic orthosis that is used in conjunction with
a dynamic body-weight support system to control leg
movements in the sagittal plane (Fig. 3) (17). The Loko-
mat’s hip and knee joints are actuated by linear drives,
which are integrated into an exoskeletal structure. Pas-
sive foot lifters assist ankle dorsiflexion during the swing
phase. The patient’s legs, which are strapped to the exo-
skeleton, are moved according to a position control strat-
egy with predefined hip and knee joint trajectories. In this
way, the legs are moved in a physiologically correct pat-
tern during treadmill walking. Other specific features of
the Lokomat are the exoskeleton structure with natural
joint ranges that ensure patient safety, back-drivable ac-
tuators that reduce the risk of injury and enable imped-
ance control strategies, and integrated position and force
sensors to provide information about patient effort. These
sensors also provide the highly precise force and position
detection necessary for the closed-loop controllers.

Another driven gait orthosis system is the Auto-
Ambulator [HealthSouth Corp., Birmingham, AL (18)].
The device similarly integrates robotic arms controlling
leg movements with a body-weight support system. Spe-

cific details about the control of this device are sparse be-
cause no scientific reports are available from the
developers so far.

3.3.2. Non-orthotic Robotic Gait Retraining De-
vices. Non-orthotic robotic gait trainers include end-ef-
fector based systems in which the robot directly controls
only the distal end of a leg segment. One such system that
is in clinical use is the Gait Trainer GT1 (Fig. 4) [Reha-
Stim, Berlin, Germany (19)]. In this system, the patient’s
feet are placed on two plates that are moved along a tra-
jectory corresponding to physiological gait. This is
achieved by a mechanically restricted position-control
mechanism. The speed and trajectory of this movement
can be adjusted to the needs of each person. A harness and
a static body-weight support system provide weight sup-
port. The body-weight support automatically and appro-
priately adjusts the amount of support according to the
gait phase. An additional rope that is actuated synchro-
nously with the gait phase supports the lateral movement
of the pelvis. A disadvantage of this system is that the
patient’s feet are in continuous contact with the footplates.
Thus, the reciprocal loading and unloading of body weight
on each leg, as observed during normal walking, may not
occur depending on the patient’s effort and ability. In ad-
dition, the device specifically controls only the feet and
pelvis (via the harness). Thus, the knee joint remains free
and a therapist would be required to deliver manual sup-
port and guidance to the knee joint to ensure appropriate

Figure 3. The Lokomat (courtesy of Hocoma AG).
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movements. Further research by the developers of the
Gait Trainer GT1 have now led to a new device called the
Haptic Walker (20). A major advance with the Haptic
Walker is that the movements of the footplates are freely
programmable so that the trajectory of the patient’s feet,
which are constantly attached to the footplates, can be
trained in different trajectories.

The ARTHuR (Ambulation Assisting Robotic Tool for
Human Rehabilitation) is another example of an end-ef-
fector based system (Fig. 5) (21). The device attaches to the
leg at a single point (e.g., around the ankle or knee) and
controls movement by using three moving coil forcers. In
this way, the arms of the robot can control the anterior–
posterior and superior–inferior position of the joint as well
as flexion/extension movements, thereby allowing three
degrees of freedom. In addition, researchers from the same
laboratory have developed a pelvic assist manipulator
(PAM) that can control pelvic motion during treadmill lo-
comotion. It is a pneumatic device that consists of two
arms that attach to a belt worn by the patient. Each robo-
tic arm has three degrees of freedom and is attached lat-
erally to a frame around the pelvis. In this way, two
rotational degrees of freedom of the pelvis [transversal ro-
tation (yaw) and pelvic obliquity (roll)] as well as its trans-
lation (three degrees of freedom) can be controlled. These
two systems operating together could develop into another
gait retraining device for patients.

3.4. Advanced Topics: Cooperative Control of Robotic Gait
Devices

The simplest way to control a robotic gait device is by po-
sition control. In this approach, a simple algorithm con-
trols the robotic components to follow a predefined

trajectory. However, each person has a unique gait pat-
tern and limb trajectory. In addition, optimal training re-
quires modifications to the reference trajectory as
locomotor function improves. With a standard position-
control algorithm, such modifications would have to be
done manually based on qualitative observations made by
the therapist or the patient. Moreover, there is an unde-
sirable possibility with position-control strategies that the
patient becomes passive because movements are com-
pletely imposed by the device. Fortunately, these limita-
tions can be overcome by certain ‘‘patient-cooperative’’
automatic control principles. If patient passivity is to be
avoided and individual gait characteristics permitted, the
extent and type of locomotor activity produced by the pa-
tient should be known. With appropriate instrumentation
(e.g., force sensors), robotic gait devices can concurrently
measure important parameters related to locomotor func-
tion. Thus, when properly implemented, patient-coopera-
tive control strategies offer more benefits than position-
control strategies and further reinforce the advantage
over manually assisted treadmill training. Two of the
most common patient-cooperative controllers are pre-
sented in the following subsections.

3.4.1. Impedance Control. Impedance controllers have
already been established in the field of robotics (22). The
basic idea is to allow a variable deviation from the refer-
ence trajectory rather than strictly imposing a given path.
The amount of deviation depends on the patient’s effort
and behavior. An adjustable moment is applied at each
joint to keep the leg within a defined range along the ref-
erence trajectory. The moment can be described as a zero
(stiffness) or higher order (usually first- or second-order)

Figure 4. The Gait Trainer GT1 (courtesy of S.
Hesse).
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function of angular position and its derivatives. The rela-
tionship between moment and angle is more generally
called ‘‘mechanical impedance.’’ An application of this
strategy to the Lokomat is described in Ref. 23.

A common approach is to describe the impedance law
by a viscoelastic relationship. Here the deviations Dq of
the measured leg angles from the desired ones as well as
the velocity of deviation d=dtDq are used to compute the
viscoelastic moment M (first-order impedance) that forces
the leg on the desired trajectory (i.e., movement). This
viscoelastic moment is given by

M¼KDqþB
d

dt
Dq

where K and B are the linear elastic and linear viscous
coefficients, respectively.

3.4.2. Adaptive Control. The automatic reference tra-
jectory adaptation algorithms applied to the Lokomat
modifies the robot’s motions in a way that is desired by
the patient (24). The robot’s motions are derived from the
mechanical interaction between the patient and the robot
as measured by built-in force sensors. The reference tra-
jectories are adjusted by online optimization via adapta-
tion of trajectory parameters to minimize the measured
interaction forces. To accomplish this, a suitable parame-
terization of the trajectories is needed. Based on data of
hip and knee joint trajectories from healthy persons walk-
ing in a non-actuated Lokomat, it was found that a simple
parameterization containing amplitude scaling, ampli-
tude offset, and time-stretching of a nominal reference
trajectory provided a satisfactory approximation. Bilat-
eral gait symmetry was ensured by symmetric parameter
settings.

Instead of adapting the reference trajectories, it is also
possible to adapt parameters of the controller to reduce
force interaction between patient and Lokomat. Such a

structure is suitable, particularly if the controller is based
on a reference-independent controller, for instance, the
impedance controller presented above.

4. FUTURE DIRECTIONS

The advent of robotic technology opens up several new and
exciting options to integrate gait retraining goals with
other rehabilitation objectives. When used in conjunction
with other measurement tools, quantitative assessments
of function can be performed efficiently, thereby providing
valuable objective outcome indicators during the course of
a patient’s rehabilitation.

4.1. Biofeedback

Optimal training effects are dependent on appropriate
feedback about performance. Compared with manual
treadmill therapy, there is a loss of physical interaction
between therapist and patient with robotic gait retrain-
ing. Thus, it is difficult for the therapist to assess the pa-
tient’s contribution during training and to provide
necessary feedback and instructions. For the patient, the
quality of movement and extent of activity are significant
measures of performance that are not easily assessed sub-
jectively, particularly when there are also deficits in sen-
sation and proprioception.

A robotic gait device instrumented with potentiometers
and force transducers would provide online feedback
about joint movement and force production, respectively.
Numerous other parameters, such as stride length, gait
symmetry, and electromyographic (EMG) activity could
also be measured and used as biofeedback values. The
challenge, however, is to derive performance (biofeedback)
values that can be related to the patient’s activity. These
values should be adequately comprehensive to train spe-
cific aspects of the gait pattern while enabling easy pre-
sentation by graphical, acoustical, or tactile displays to

Figure 5. The ARTHuR and PAM systems (cour-
tesy of D. Reinkensmeyer).
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both the patient and the therapist. The patient should be
motivated to improve his/her gait pattern during the ther-
apy, whereas the therapist can evaluate the patient’s ef-
fort, provide instructions to the patient, and assess
therapeutic progress. An implementation of a force-bio-
feedback strategy has been described for the Lokomat
(23,25). For each phase of the gait cycle (i ¼ 1, stance
phase; i ¼ 2, swing phase), weighted averages of the
torques (T) measured in the instrumented joint drives (j
¼ 1, hip; j ¼ 2, knee) are calculated independently, thus
yielding two biofeedback values (Bi,j) per stride and per
joint.

Bi;j¼

Z

wi;jðtÞ � Ti;jðtÞdt

� ��

Z

wi;jðtÞdt

� �

The weight functions (wi,j) were selected to provide pos-
itive biofeedback values when the patient performs ther-
apeutically desirable activities. When the robot follows a
reference trajectory accurately (position control) and the
reference trajectory describes the physiological movement
to be (re-)learned, the torque outputs of the drives give
direct information about the patient’s activity and perfor-
mance during movement generation. If the patient moves
actively and follows the reference trajectory exactly, no
interaction torques between the robot and patient will re-
sult (torques in the drives that move the robot itself can be
neglected or computationally compensated). If the patient
is passive (e.g., due to paresis or lack of motivation), the
robot has to exert a torque parallel to the rotation of the
respective joint to maintain the desired reference trajec-
tory. Conversely, if the patient tries to move faster than
the reference trajectory, the robot will apply torques
against the rotational direction. Incidentally, the latter
case could be used to perform concentric kinetic strength
training. Taken together, the activity of the patient has a
positive correlation to the amount of torque applied par-
allel to the direction of rotation. Thus, a reasonable weight
function is angular velocity. This approach can be applied
for the calculation of biofeedback values for the swing
phase. This will favor active hip flexion that swings the leg
forward, whereas positive feedback for the knee joint is
given for active flexion (lifting the foot off the ground) in
the first half of the swing phase and extension during the
second half. For the stance phase, a different approach for
the knee joint seems favorable because the most impor-
tant function is the weight support, i.e., active extension
although this is almost isometric. Therefore, a constant
function will suffice in this case.

The described approach reduces the data to eight bio-
feedback values for each stride. Half of these are available
immediately after each step. The data have to be displayed
in an easily accessible fashion because some patients with
neurological injuries or diseases who require gait retrain-
ing also sustain cognitive deficits (e.g., traumatic brain
injury). Thus, some patients prefer line graphs displaying
all the data, including some history of performance,
whereas other patients require reduction to one value at
a time and a visually appealing display, e.g., a traffic light

or a smiley face, that are programmed to reflect perfor-
mance.

4.2. Assessment Tools

The performance during actual gait retraining is not the
only important measure in rehabilitation. Additional pri-
mary and secondary impairments originating from brain
or spinal cord injuries commonly include muscle weak-
ness, spasticity, and muscle contractures. Muscle
strength, muscle tone, and joint range of motion of the
lower limb are all parameters that could be measured by a
properly instrumented robotic gait device.

Traditionally, muscle strength is clinically evaluated
manually and graded on an ordinal scale (British Medical
Research Council manual muscle test). Isometric strength
could also be measured by handheld dynamometers that
yield an objective measure of force. Commercially avail-
able machines can be used to measure isometric or isoki-
netic muscle strength but would require additional
equipment.

For muscle hypertonia, such as spasticity, the Modified
Ashworth Scale is commonly used and easily implemented
in the clinical setting. This scale rates the degree of de-
tected resistance to passive movement imposed by the ex-
aminer on a scale of 0 to 4. Such an evaluation is again
subject to variable factors, such as the speed of the move-
ment used during the examination and the experience of
the examiner.

Joint range of motion is usually evaluated manually
with a goniometer that provides a measure of the angular
extent of movement.

These measures provide important outcome indicators
for the therapist and patient in assessing functional im-
provement with any therapy. Performing each of these
tests during each rehabilitation session would be time
consuming. However, implementation of tests that can
measure these parameters could be achieved by appropri-
ate instrumentation of robotic devices. The enhancement
of the robotic trainers would be a viable approach because
no additional acquisitions are required. For example, force
transducers integrated in the hip and knee joints of exo-
skeletal robotic devices offers a means to evaluate muscle
strength and voluntary force. Potentiometers offer a con-
venient method to extract joint range of motion informa-
tion. Finally, the integration of imposed joint movements
at different speeds and concomitant measures from force
transducers offers a possibility to evaluate joint stiffness.
The integration of assessment instruments with a robotic
gait trainer offers advantages to both the therapist and
the patient in terms of quantitative measures of progress
and outcome, cost, and time-efficiency.

4.3. Other Developments

Despite the new and exciting developments in technology,
we should not discard and disregard traditional therapeu-
tic approaches to gait retraining. Rather, finding optimal
combinations of strategies that have worked well in the
past and advantages now offered by modern innovations
would be a wise investment toward the development and
improvement of rehabilitation strategies. For example,
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functional electrical stimulation has been used in conjunc-
tion with the Gait Trainer GT1 to assist in stabilizing the
knee (26). In addition, a closed-loop FES controller has
been developed to control shank movement in spinal cord-
injured subjects walking with the Lokomat (27). Possible
future developments include the integration of robotic gait
retraining with virtual reality systems that offer addi-
tional performance feedback methods and training para-
digms (such as walking in different environmental
conditions).

Devices for assisting walking, such as the BLEEX (14)
and the HAL (15,16), might be useful for training in the
future. Although they were initially designed for military
use (BLEEX) and overground walking of elderly people
(HAL), these devices may form the basis for future reha-
bilitation systems. Currently, their size and weight pre-
clude use by patients weakened by neurological injury.
However, it is expected that future improvements in com-
ponent and motor design will facilitate the eventual de-
velopment of orthotic devices for free walking. Such
advances would allow training of overground walking ear-
lier in rehabilitation than currently possible due to the
high strength, coordination, and balance demands on the
patient.

5. CONCLUSIONS

Developments in neurological research and engineering
technology have yielded exciting options for health pro-
fessionals in gait rehabilitation. Deficits in walking func-
tion are a common effect of various neurological disorders
or injuries. Patients often cite the recovery of walking as
an important goal of rehabilitation. Research into how the
nervous system adapts to injury has advanced our under-
standing of how rehabilitation therapy can be targeted to
take advantage of the adaptive qualities of the nervous
system and improve functional outcome after injury. Now,
the application of rehabilitation engineering technologies
to assist therapists in performing gait retraining thera-
pies promises to bring better functional outcomes to pa-
tients and for a greater number of patients.
Understanding how modern technology can complement
and augment traditional therapies will allow researchers
and therapists to choose the optimal gait retraining strat-
egies for individual patients.
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1. INTRODUCTION

This article begins by reviewing some methods of building
a mimetic model of a nonlinear system, given only input
output data for the system gathered experimentally.
These methods are sometimes referred to as ‘‘black box’’
approaches because they do not assume knowledge of the
actual mechanisms underlying the system’s conversion of
inputs into outputs. Then we turn to application of these
approaches to certain classification problems, such as
determining the structure/function family of a protein
from its amino acid sequence, or predicting clinical out-
come from a gene expression profile. As will be seen, the
problem of building an effective classifier can often be
reduced to the identification of a suitably defined non-
linear system. One result of recasting the classification
problem into system identification is to efficiently extract
information that distinguishes between the classes of
interest, reducing the required number of training exem-
plars. We focus on building gene-expression-based predic-
tors of treatment response and clinical outcome and of
metastatic status of primary tumors.

2. BACKGROUND

The field of nonlinear system identification is vast; here
we are confined to methods that yield mimetic models of a
particular nonlinear system’s behavior, given only access
to the system inputs and outputs gathered experimentally.
The methods are sometimes called ‘‘nonparametric’’ be-
cause they do not assume a detailed model structure such
as that the inputs and outputs are related through a set of
differential equations, in which only certain parameter
values need to be ascertained. Indeed, virtually no a priori
knowledge of the system’s structure is assumed; rather
the system is regarded as an impenetrable ‘‘black box.’’ We
consider only such methods because we will view the
interpretation of gene expression profiles as essentially a
case in which expression levels of training exemplars give
rise to input signals, whereas classes of importance, such
as ‘‘metastatic’’ and ‘‘nonmetastatic’’ or ‘‘failed outcome’’
and ‘‘survivor,’’ create desired output signals. The class
predictor results from identifying a nonlinear system that
is defined only by these input and output signals.

Throughout, it will be assumed that the given non-
linear system is time invariant, namely that a translation
of the system inputs in time results in a corresponding
translation of the system outputs. Such an assumption
causes no difficulty in applying the approach to class
prediction. One celebrated ‘‘black box’’ approach assumes
that the input–output relation can be well approximated
by a functional expansion such as the Volterra (1,2) or the

Wiener series (3). For example, for a nonanticipatory
system with single input x(t) and single output y(t), the
approximation has form

yðtÞ¼ zðtÞþ eðtÞ; ð1Þ

where

zðtÞ¼
X

J

j¼ 0

Z T

0
. . .

Z T

0
hjðt1; . . . ; tjÞ

� xðt� t1Þ . . . xðt� tjÞdt1 . . .dtj

ð2Þ

and e(t) is the model error. The right side of Equation 2 is a
J-th order Volterra series, with memory length T, and the
weighting function hj is called the j-th-order Volterra
kernel. The zeroth-order kernel h0 is a constant. System
identification here reduces to estimation of all significant
Volterra kernels, which involves solution of a set of
simultaneous integral equations and is usually a nontri-
vial task. A fairly narrow class of systems, known as
analytic (1), (2), can be exactly represented by the Volterra
series of Equation 2, where both J and T could be infinite.
However, a much wider class can be uniformly approxi-
mated by such a series, with both J and T finite, according
to Fréchet’s theorem (4), which has been extended by Boyd
and Chua (5). The essential requirements are that the
nonlinear system must have either finite (4) or fading (5)
memory, and its output must be a continuous mapping of
its input, in that ‘‘small’’ changes in the system input
result in ‘‘small’’ changes in the system output. Then, over
a uniformly bounded, equicontinuous set of input signals,
the system can be uniformly approximated, to any speci-
fied degree of accuracy, by a Volterra series of sufficient,
but finite, order J.

Wiener (3) essentially used the Gram–Schmidt process
to rearrange the Volterra series into a sum of terms that
are mutually orthogonal, for a white Gaussian input x
with a specified power density level. The mutually ortho-
gonal terms in Wiener’s functional expansion are called G-
functionals (G for Gaussian). The advantage of creating
orthogonal functionals is to simplify kernel estimation and
to remove the requirement of solving simultaneous inte-
gral equations. Indeed, Wiener kernels in this expansion
are determinable using the cross-correlation formula of
Lee and Schetzen (6). The Wiener kernels are not, in
general, the same as the Volterra kernels, but when the
complete set of either is known, the other set can be
readily computed. If a system can be represented exactly
by a second-order Volterra series [i.e., eðtÞ � 0 in Equation
1 and J¼ 2 in Equation 2], then the first- and second-order
Volterra kernels equal the Wiener kernels of correspond-
ing order. Once the kernels have been estimated, Equation
2 can be used to calculate the Volterra series output for an
arbitrary input x, and thus ‘‘predict’’ the actual output y of
the given nonlinear system.

In discrete time, for single-input x(i) and single-output
y(i), the approximation has form

yðiÞ¼ zðiÞþ eðiÞ; ð3Þ

1
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where

zðiÞ¼
X

D

d¼ 0

X

R

j1 ¼ 0

. . .
X

R

jd ¼ 0

hdðj1; . . . ; jdÞ

� xði� j1Þ . . . xði� jdÞ

ð4Þ

and e(i) is the model error. The D-th-order Volterra series
on the right side of Equation 4 has memory length (Rþ 1)
because z(i) depends not only on x(i), but on earlier values
xði� 1Þ; . . . ; xði� RÞ, i.e., at input lags 0; . . . ;R.

Indeed, this discrete-time Volterra series is simply a D-
th-degree multidimensional polynomial in
xðiÞ; xði� 1Þ; . . . ; xði� RÞ, and the kernels
hdðj1; . . . ; jdÞ; d¼ 0; . . . ;D are directly related to the coeffi-
cients of this polynomial. The zeroth-order kernel h0 is the
constant term of the polynomial. Any discrete-time non-
anticipatory system of fading or finite (7) memory whose
output is a continuous mapping of its input (in the sense
described) can be uniformly approximated, over a uni-
formly bounded set of input signals, by the Volterra series
on the right side of Equation 4. Of course, D and R must be
sufficiently large (but finite) to achieve the desired degree
of accuracy. Applying the Gram–Schmidt process to the
terms on the right side of Equation 4, for a white Gaussian
input x of specified variance, can create a discrete form of
the Wiener series. The kernels in this Wiener series are
directly related to the Volterra kernels, and once the
complete set of either is known, the other set can be
readily calculated.

Several methods are available for estimating the Wi-
ener or the Volterra kernels. If the input x is white
Gaussian, then the Wiener kernels can be estimated using
cross-correlation either directly in the time domain by the
Lee–Schetzen method (6) or efficiently in the frequency
domain via the method of French and Butz (8). The Lee–
Schetzen approach was actually presented in continuous
time (6), but it is now most commonly applied in discrete
time. Amorocho and Brandstetter (9), and later Watanabe
and Stark (10) and Marmarelis (11), expanded the kernels
using Laguerre functions, then they least-squares esti-
mated the coefficients in the resulting expansion, and
finally they reconstructed the kernels using the estimated
coefficients. Ogura (12) noted that use of Laguerre func-
tions to approximate kernels having initial delay was less
accurate than employing ‘‘associated’’ Laguerre functions,
and he developed a fast algorithm for calculating the
outputs of biorthogonal Laguerre filters.

Alternatively, the fast orthogonal algorithm (FOA)
(13,14) can be employed to estimate either the Wiener or
the Volterra kernels, as can parallel cascade identification
(14,15). Widespread use has been made of the Lee–Schet-
zen (6) technique, with Sandberg and Stark (16) and Stark
(17) being some of the first to exploit its power, in modeling
the pupillary control system. Marmarelis and Naka (18)
and Sakai and Naka (19,20), made imaginative applica-
tions of the Lee–Schetzen (6) technique to study informa-
tion processing in the vertebrate retina. Barahona and
Poon (21) used the FOA to detect deterministic nonlinear
dynamics in short experimental time series. Orcioni et al.

(22) studied the Lee–Schetzen (6) and FOAs (13,14) and
gave practical suggestions concerning optimal use of these
methods for estimating kernels up to third order. Zhang et
al. (23) proposed a method of combining Akaike’s final
prediction error criterion (24,25) with the FOA (13,14) to
determine the memory length simultaneously with the
kernels. Westwick et al. (26) developed bounds for the
variance of kernel estimates, computable from single data
records, for the FOA (13,14) and for kernel estimation via
use of Laguerre functions (9–12).

When different kernel estimation procedures are com-
pared, an issue that is sometimes overlooked is whether
the test system’s kernels are smooth or, instead, jagged
and irregular. Smooth kernels can usually be well approxi-
mated using a few suitably chosen basis functions, such as
the Laguerre set; jagged kernels typically cannot. If the
simulated test system has smooth kernels, this favors
basis expansion methods for estimating kernels, because
they will require estimation of far fewer parameters (the
coefficients in a brief basis function expansion) than the
set of all distinct kernel values estimated by the FOA. In
those circumstances, basis expansion methods will be
shown in their best light, but a balanced presentation
should point out that the situation is different when the
test kernels have jagged or irregular shapes. Indeed, one
may overlook valuable information inherent in the shape
of a system’s kernels by assuming a priori that the kernels
are smooth. Moreover, in some applications, e.g., Bara-
hona and Poon’s (21) use of functional expansions to detect
deterministic dynamics in short time series, restrictive
assumptions about the kernels’ shapes must be avoided. If
it cannot be assumed that the kernels are smooth, then
the basis function approach will generally require an
elaborate expansion with many coefficients of basis func-
tions to be estimated. Hence the FOA is advantageous
because it exploits the lagged structure of the input
products on the right side of Equation 4 to dramatically
reduce computation and memory storage requirements
compared with a straightforward implementation of basis
expansion techniques.

For the most part, the Volterra (1,2) and the Wiener (3)
series are of practical use for approximating ‘‘weakly
nonlinear’’ systems, with an order of nonlinearity less
than or equal to, say, three. In instances where it is
possible to precisely apply special inputs, for example,
complete binary m-sequences, then high-order kernels can
be rapidly and accurately estimated by Sutter’s innovative
approach (27,28). Alternatively, some nonlinear systems
can be well approximated by a cascade of a dynamic linear
(L), a static nonlinear (N), and a dynamic linear (L)
element (29–32), which is sometimes referred to as an
LNL cascade. A method that leads to an identification of
each of these elements, within arbitrary scaling constants
and a phase shift, from a single application of a white
Gaussian noise input, was presented in 1973 (31,32) and
has had several applications in neurophysiology e.g.,
(Refs. 33–35). One interesting property of the LNL cascade
is that its Wiener kernels are proportional to its Volterra
kernels of corresponding order (31,32). Moreover, for a
white Gaussian input, the shape of the first linear ele-
ment’s impulse response is given by the first non-negligi-
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ble slice of a second-order cross-correlation parallel to one
axis (15,36). Subsequently, methods related to the ap-
proach of (31,32) have been published by several authors
(15,36–38). However, the use of such inputs does not apply
to the case of interpreting gene expression profiles. For the
latter application, it is useful to resort to parallel cascade
identification (14,15), which is effective in approximating
systems with high-order nonlinearities and does not re-
quire special properties of the input.

3. PARALLEL CASCADE IDENTIFICATION

Parallel cascade identification (PCI) seeks to approximate
a given discrete-time dynamic nonlinear system by build-
ing a parallel array of alternating dynamic linear and
static nonlinear elements, using only the system’s input/
output data gathered experimentally (14,15). ‘‘Dynamic’’
means that the element has memory of length (Rþ 1), as
explained, where R40. An example of a parallel LN
cascade model is shown in Fig. 1 and will be used for class
prediction. This parallel LN model is related to a parallel
LNL model introduced by Palm (7) to approximate a
discrete-time nonlinear system, of finite memory and
anticipation, whose output was a continuous mapping of
its input, in the sense explained. Although Palm allowed
his linear elements to have anticipation as well as memory
(7), only nonanticipatory elements will be considered here.
In certain applications, e.g., to locate the boundaries of
coding regions of DNA, anticipation will be beneficial. In
Palm’s model, the static nonlinear elements were loga-
rithmic and exponential functions, rather than polyno-
mials, which are used below. Palm did not suggest any
method for identifying his parallel LNL model, but his
article motivated much additional research in this area.
When each N in Fig. 1 is a polynomial, the model has also
been called a separable Volterra network (39), but we will
continue the tradition of referring to it as a parallel
cascade model.

Subsequent to Palm’s (7) work, a method was proposed
for approximating, to an arbitrary degree of accuracy, any
discrete-time dynamic nonlinear system having a Wiener
series representation, by building a parallel cascade model
(Fig. 1) given only the system input and output (14,15).
The method begins by approximating the nonlinear sys-
tem by a first cascade of a dynamic linear element followed

by a polynomial static nonlinearity (additional linear and
nonlinear elements are optional). The residual, namely
the difference between system and cascade outputs, is
treated as the output of a new nonlinear system driven
by the same input, and a second cascade is found to
approximate the new system. The new residual is com-
puted, a third cascade path can be found to improve the
approximation, and so on. Each time a cascade is added,
the polynomial static nonlinearity can be least-squares fit
to the current residual. Under broad conditions, the given
nonlinear system can be approximated arbitrarily accu-
rately, in the mean-square sense, by a sum of a sufficient
number of the cascades. However, each cascade path may
be found individually, which keeps the computational
requirement low and the algorithm fast.

Identification of a single-input–single-output nonlinear
system is now outlined, although a multivariate form of
PCI is also available (14). Assume that the nonlinear
system output y(i) depends on input values
xðiÞ; . . . ; xði� RÞ, i.e., has memory length (Rþ 1), and that
its maximum degree of nonlinearity is D. Moreover, this
input and output are only available over a finite record:
xðiÞ; yðiÞ; i¼ 0; . . . ; I. Suppose that zkðiÞ is the output of the
k-th cascade and that ykðiÞ is the residual left after k
cascades have been added to the model. Then y0ðiÞ¼ yðiÞ,
and more generally, for k�1,

ykðiÞ¼ yk�1ðiÞ � zkðiÞ: ð5Þ

Consider finding the k-th cascade, which will begin with a
dynamic linear element that can be specified by its im-
pulse response hkðjÞ, and there are many ways that this
can be chosen. One alternative is to set it equal to the first-
order cross-correlation of the input with the latest resi-
dual, yk�1ðiÞ, or to a slice of a higher order cross-correlation
with discrete-time impulses added or subtracted at diag-
onal values. Thus, for j¼ 0; . . . ;R, set

hkðjÞ¼fxyk�1
ðjÞ; ð6Þ

if the first-order cross-correlation fxyk�1
is used. Higher

order cross-correlations are also used (up to the assumed
order of nonlinearity D); in which case, the weights of the
impulses added or subtracted are chosen to tend to zero as
the mean square of the residual tends to zero. When PCI is
used for kernel estimation, it is useful to further constrain
the magnitude of these weighted impulses to not exceed
the maximum absolute value of the slice. Many other
strategies (14) can be used to define hkðjÞ, and the method
is not limited to use of slices of cross-correlation functions.

Once the dynamic linear element beginning the k-th
cascade is determined, calculate its output

ukðiÞ¼
X

R

j¼ 0

hkðjÞxði� jÞ; ð7Þ

which forms the input to the polynomial static nonlinear-
ity. The latter’s coefficients can be found by least-squares
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Figure 1. Parallel cascade model used for class prediction. In
each path, the L is a dynamic linear element and the N is a
polynomial static nonlinearity. (From Ref. 63.)

GENE EXPRESSION PROFILES, NONLINEAR SYSTEM IDENTIFICATION IN 3



fitting its output

zkðiÞ¼
X

D

d¼ 0

akdu
d
k ðiÞ ð8Þ

to the latest residual yk�1ðiÞ. To increase the accuracy of
estimating the coefficients, the impulse response function
hkðjÞ can first be scaled so that the linear element’s output
ukðiÞ has unity mean square (40). The new residual is then
calculated from Equation 5, and the process of adding
cascades can continue analogously. Because the coeffi-
cients akd are least-squares estimated, it follows that

y2
kðiÞ¼ y2

k�1ðiÞ � z2
kðiÞ; ð9Þ

where the overbar denotes the average over i¼R; . . . ; I.
Thus, from Equation 9, adding the k-th cascade reduces
the mean square of the residual by an amount equal to the
mean square of that cascade’s output. This result alone
does not imply that the mean square of the residual can be
driven to zero by adding further cascades. However,
because of the way the impulse responses for the dynamic
linear elements are defined as cascades are added, the
parallel cascade output does converge to the nonlinear
system output in the mean square sense (14). Moreover, as
noted, other effective methods of finding the impulse
responses exist. If there are K cascades in total, then the
PCI model output is

zðiÞ¼
X

K

k¼ 1

zkðiÞ: ð10Þ

To reduce the possibility of adding ineffectual cascades
that are merely fitting noise, before accepting a candidate
for the k-th path, one may require (14) that

z2
kðiÞ > T

y2
k�1ðiÞ

I1
; ð11Þ

where I1 is the number of output points used in the
identification and T is a threshold. Here, the output y(i)
was used over the interval i¼R; . . . ; I, so I1¼ I �Rþ1. In
the applications below to class prediction, I1 has a slightly
different value to accommodate transition regions in the
training input. If the residual yk�1ðiÞ was independent,
zero-mean Gaussian noise, then when T¼ 4 and I1 is
sufficiently large, the inequality (Equation 11) would not
be satisfied with a probability of about 0.95. Clearly,
increasing T in Equation 11 increases the reduction in
the mean square error (MSE) required of a candidate
cascade for admission into the model. If the candidate
fails to satisfy this inequality, then a new candidate
cascade can be constructed and tested for inclusion as
the k-th path. This process involves making a new choice
for hkðjÞ, using the strategy described, and then best-
fitting the polynomial static nonlinearity that follows.
The process of adding cascades may be stopped when a
specified number have been added or tested, or when the
MSE has been made sufficiently small, or when no re-

maining candidate can cause a significant reduction in the
MSE (14).

Although this background material has focused on
nonparametric identification methods, general-purpose
search techniques exist, such as fast orthogonal search
(FOS) (13,41,42), for building difference equations or other
models of dynamic nonlinear systems, with virtually no a
priori knowledge of system structure. FOS is related to an
approach by Desrochers (43) for obtaining nonlinear mod-
els of static systems. However, the latter method has
computational complexity and storage requirement de-
pendent on the square of the number of candidate terms
that are searched, whereas in FOS, the dependence is
reduced to a linear relationship. FOS, and/or iterative
forms (44–47) of FOS, have also been used for high-
resolution spectral analysis (42,45,47,48), direction find-
ing (44,45), constructing generalized single-layer net-
works (46), and design of two-dimensional (2-D) spatial
filters (49), among many applications. Wu et al. (50) have
compared FOS with canonical variate analysis for biolo-
gical applications.

4. CONSTRUCTING CLASS PREDICTORS

This ‘‘black box’’ identification seeks to build a model that
can approximate the behavior of a given dynamic non-
linear system, from knowledge only of the system input
and output. Such a capability lends itself well to con-
structing effective class predictors in many practical cases.
For example, consider the problem of predicting the
structure/function family of a novel protein given only
its primary amino acid sequence. The amino acid se-
quences can be regarded as the inputs and their corre-
sponding families as the outputs (40,51). First, some
means is used to map the amino acid sequence into a
corresponding numerical sequence and similarly to nu-
merically designate the families to be distinguished.

For example, the Rose et al. (52) scale assigns each
amino acid a hydrophobicity value, converting each pro-
tein sequence into a hydrophobicity profile. To distinguish
between, say, the globin and the calcium-binding families,
the profiles of one or more exemplars from each family
were spliced together to form a training input (40). The
corresponding training output was defined to have an
ideal value of � 1 over ‘‘globin’’ segments of the training
input and of 1 over ‘‘calcium-binding’’ segments. A parallel
cascade model was found to approximate this input/output
relation. Suppose that (Rþ 1) is the memory length of the
model, so that its output depends on input delays 0; . . . ;R.
A novel sequence was classified by feeding its correspond-
ing profile through the identified model, and then by
computing the average of the resulting output starting
with the (Rþ 1)-th point. If the average was less than zero,
the sequence was classified as globin and otherwise as
calcium-binding (40). Although effective classifiers were
built encoding amino acids by the Rose et al. scale, the
resulting training inputs had some drawbacks for non-
linear system identification. First, the Rose et al. scale is
not one-to-one, because some amino acids, such as leucine,
methionine, and tryptophan, are assigned the same hy-

4 GENE EXPRESSION PROFILES, NONLINEAR SYSTEM IDENTIFICATION IN



drophobicity value, so there is a loss of information in
going from the amino acid sequence to the resulting
hydrophobicity profile. Second, the assigned values cover
a narrow range, weighting some amino acids more heavily
than others.

Indeed, as reported subsequently (51), use of certain
‘‘SARAH scales’’ to uniquely encode the amino acids via 5-
tuples increased PCI classification accuracy. In the
SARAH1 scale, the code for each amino acid has three
entries that are 0, and two that are both 1 or both � 1. In
the SARAH2 scale, each code has two 0 entries, and three
that are all 1 or all � 1. For both scales, the amino acids
were ranked according to the Rose et al. scale (breaking
ties), and then the codes were assigned in descending
order of their binary number values. Each SARAH scale
leads to either a numerical sequence five times longer
than the amino acid sequence, or to a set of five signals,
each of the same length as the amino acid sequence (51),
for use with a five-input parallel cascade classifier (14). To
classify a novel protein that was encoded by a SARAH
scale, an MSE ratio test (51) yielded higher accuracy than
using the sign of the mean output as discussed. In the
ratio test, the MSE of the output signal from the ideal
value for a class is normalized by dividing by the MSE of
the training exemplars for that class, and the sequence is
assigned to the class with the smallest of the ratios. When
tested on over 16,000 protein sequences in two-way clas-
sifications, parallel cascade classifiers using SARAH1-
encoded sequences outperformed state-of-the-art hidden
Markov models (53) trained with the same three protein
exemplars (one sequence each from globin, calcium-bind-
ing, and kinase classes) (51).

David et al. (54) reviewed advances in threading ap-
proaches to protein fold recognition, including unconven-
tional threaders such as proximity correlation matrices
(55) and parallel cascade identification. In addition to the
work described, similar applications of PCI have been
made to distinguish between coding (exon) and noncoding
(intron) human DNA sequences (56) and to recognize ATP-
and GTP-binding sites on proteins (57). In the next
section, the use of PCI to interpret gene expression
profiles is considered in detail.

5. PREDICTION BASED ON GENE EXPRESSION PROFILING

The parallel cascade model can be regarded as a special
kind of artificial neural network (ANN) in which the
interaction between pathways is reduced to summing of
their outputs and the pathways contain nonlinearities in
the form of polynomial activation functions. ANNs have
been successfully used to classify cancers based on gene
expression, with Khan et al. (58) demonstrating flawless
discrimination among four categories of small, round blue-
cell tumors. This section describes how PCI predictors of
treatment response, clinical outcome, and metastatic sta-
tus have been built based on gene expression profiles.

A gene expression profile pj can be thought of as a
column vector containing the expression levels ei; j,
i¼ 1; . . . ; I of I genes. We suppose that we have J of these
profiles for training, so that j¼ 1; . . . ;J. Each profile pj was

created from a sample, e.g., from a tumor, belonging to
some class. For example, the samples may be taken from
patients with various classes of leukemia, e.g., acute
lymphoblastic leukemia (ALL) or acute myeloid leukemia
(AML), as in a classic paper by Golub et al. (59). Given a
training set of profiles belonging to known classes, e.g.,
ALL and AML, the problem is to create a predictor that
will assign a new profile to its correct class. Brazma and
Vilo (60) refer to the table of I gene rows and J sample
columns as a gene expression matrix.

This section focuses on three classification problems
based on gene expression profiling, predicting:

(1) Treatment response of a group of AML patients
using data from Golub et al. (59).

(2) Clinical outcome of a group of medulloblastoma
patients using data from Pomeroy et al. (61).

(3) Metastatic status of primary medulloblastoma tu-
mors using data from MacDonald et al. (62).

One difference from protein family prediction, or recogni-
tion of coding regions, is that, unlike sequences of amino
acids or DNA sequences, the gene expression values in a
profile are not ordered sequentially. However, it is still
possible to build effective gene-expression-based predic-
tors via nonlinear system identification, and indeed there
are even some advantages, such as the freedom to vary the
ordering of the gene expression levels in constructing the
training input (63). Once the ordering scheme is chosen, it
is maintained both to construct each segment of the
training input and to prepare the individual input signals
corresponding to test profiles. Thus, although the expres-
sion values in the original profiles are not ordered sequen-
tially, the training input segments and the test input
signals do have an imposed order. PCI simply looks for a
pattern in the data. The approach depends on training
exemplars from different classes producing different pat-
terns and on the PCI model having an appropriate mem-
ory length to ‘‘capture’’ the patterns for the classes (63).

5.1. Predicting AML Treatment Response

For 15 adult AML patients treated with anthracycline-
cytarabine, there were 8 failed treatments, in which
complete remission had not resulted, and 7 successful
treatments, in which complete remission of at least 36
months had been achieved (59). At the time of leukemia
diagnosis, samples were obtained that were used for gene
expression profiling via an Affymetrix oligonucleotide
microarray. Each profile contained expression levels of
6817 human genes, but because of duplicates and addi-
tional probes in the microarray, a total of 7129 expression
levels were present in the profile. Golub et al. (59) con-
structed predictors that could distinguish accurately be-
tween various acute leukemia classes. However, they
found that no strong gene expression signature correlated
with clinical outcome and stated that their outcome pre-
dictors were ‘‘not highly accurate in cross-validation’’ (59).
Similarly, for the same data, Schuster et al. (64) found that
none of five different clustering methods (Kohonen-clus-
tering, fuzzy-Kohonen-network, growing cell structures,
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K-means-clustering, and fuzzy-K-means-clustering) clus-
tered patients having similar treatment response.

Recently, the same microarray data was used by PCI to
successfully predict treatment response (63) (also re-
viewed by Kirkpatrick (65)). To build an appropriate
parallel cascade model, the first step was to create a
training input. The first profile corresponding to a failed
(F) treatment and the first profile corresponding to a
successful (S) treatment were compared, and the 200
‘‘most important’’ genes were located. For each of these
genes, the absolute value of the difference between the
corresponding raw expression values on the first F and S
profiles ranked in the top 200 of the 7129 genes. The raw
expression values from this F profile for these 200 genes
were juxtaposed (in the order they had in the original
profile) to form the F segment to be used for training, and
the S segment was similarly prepared from the first S
profile. The two information-rich segments were then
spliced together to form a 400-point training input x(i)
(Fig. 2a). Other ordering schemes of the expression values
can be beneficial, for example, those that cause the auto-
covariance of the training input to be almost a delta (i.e.,
discrete impulse) function (63). The order used here
resulted in an almost white input (Fig. 2b), which is
typically advantageous for nonlinear system identification
techniques, including PCI. The corresponding training
output y(i) (Fig. 2c, solid line) was defined to be � 1 over
the F segment and 1 over the S segment.

For this training input and output, a PCI model was
identified as described (14,15). This model could certainly
distinguish between F and S profiles, at least for the
training exemplars. Indeed, as shown in Fig. 2c, when
the training input x(i) was applied to the identified model,
the resulting output z(i) (dashed line) was predominately
negative over the F segment, and positive over the S
segment, of the input.

As noted, to identify the model, certain parameters
chiefly related to architecture had to be determined:
memory length of dynamic linear elements, degree of
polynomial static nonlinearities, maximum number of
cascades in the model, and the threshold T concerning
required reduction in MSE for accepting a candidate
cascade. How these parameters were selected is explained
next.

The first F and S profiles used to construct the training
input were reserved for this purpose, which left 13 profiles
for testing. Each time, 1 of the 13 profiles was held out for
testing, whereas the other 12 profiles were employed to
determine the above parameter values to be used in that
test. It was done by testing the accuracy over these 12
profiles of various PCI models identified, from the same
training input and output, with different values for the
above four parameters. The most accurate model was
chosen to classify the test profile. Thus, the test profile
was not used to determine the parameter values for the
model that would classify it. The procedure was repeated
until all 13 profiles had been classified. It emerged that
the same parameter settings (memory length¼12, poly-
nomial degree¼ 7, seven cascades in total, threshold
T¼11) were chosen each time, so that the same PCI

model was in fact selected for each classification of the
held-out profile (63).

To classify a test profile, a corresponding input signal
was prepared by concatenating the raw expression values
of the 200 selected genes, in the same order used above.
This input was fed to the identified PCI model to obtain a
corresponding output signal. The sign of the mean output
was used as the decision criterion for classification, as
explained (63). The PCI model correctly classified five of
the seven test F profiles and five of the six test S profiles.
Moreover, the model’s individual output values for the
test profiles clearly correlated with the F versus S class
distinction (po0.0155, 1-tail). Finally, the way that the
model’s mean output values ordered the test profiles also
showed that it distinguished between F and S profiles.
Indeed, the ranking of the test profiles by their corre-
sponding mean outputs in Table 1 demonstrates that F
profiles tend to precede S profiles, and this difference is
significant on the Mann–Whitney test (po0.0367, 1-tail).
One-tailed tests were used because, the way the training
output had been defined, output values corresponding to F
profiles would be expected to be smaller than those
corresponding to S profiles.

Why does the nonlinear system identification approach
work with so few training data? It is because the system
output value depends only on the present and a finite
number of delayed input (and possibly output) values,
covering a shorter length than the length of the individual
segments joined to form the training input. This require-
ment is always met by a model having finite memory less
than the segment lengths, but it applies more generally to
finite-dimensional systems. These systems include differ-
ence equation models, which typically have fading rather
than finite memory. However, the output at a particular
‘‘instant’’ depends only on delayed values of the output,
and present and delayed values of the input, covering a
finite interval. For example, the difference equation might
have the form

yðiÞ¼F½yði� 1Þ; . . . ; yði� IAÞ; xðiÞ; . . . ; xði� IBÞ�:

As long as the maximum of the output delay IA and the
input delay IB is considerably less than the number of
points in each input segment, we derive numerous train-
ing examples from each segment joined to form the input.

To illustrate, the parallel cascade model was assumed
to have a memory length of 12 points, whereas the F and S
segments of the training input each comprised 200 points
(63). Having a memory length of 12 means that we assume
it is possible for the parallel cascade model to decide
whether a segment portion is F or S based on the expres-
sion values of 12 genes. Thus, the first F training example
for the parallel cascade model is provided by the first 12
points of the F segment, the second F training example is
formed by the second to the thirteenth point, and so on.
Hence each 200-point segment actually provides 189
training examples, so that a total of 378 training exam-
ples, and not just 2, are provided by the single F and S
input segments.
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5.2. Predicting Medulloblastoma Clinical Outcome

Predicting clinical outcome from gene expression profiles
obtained at diagnosis could dramatically alter and indivi-
dualize cancer therapy. Bredel et al. (66) have comprehen-
sively reviewed the use of gene expression profiling in
human brain tumors and have pointed out that drug
resistance here is likely to involve a complex network of
regulatory dynamics. Recently, Pomeroy et al. (61) showed
that a variety of classification techniques, including
weighted voting (WV), k-nearest neighbors (k-NNs), sup-
port vector machines (SVMs), and IBM SPLASH could be
used to predict clinical outcome of a group of 60 medullo-
blastoma patients from their gene expression profiles.
Although these methods made relatively few errors in
leave-one-out testing, they were biased in favor of recog-
nizing survivors compared with those with failed out-
comes. For example, k-NN made the fewest total errors
[13] but correctly identified only 10 of 21 (47.6%) with
failed outcome, in contrast to 37 of 39 (94.9%) survivors,
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Figure 2. (a) Training input x(i) formed by splicing together the raw expression levels of genes
from the first ‘‘failed treatment’’ profile #28 and first ‘‘successful treatment’’ profile #34. The genes
used were the 200 having the greatest difference in expression levels between the two profiles. (b)
The order used to append the expression levels of the 200 genes caused the autocovariance of the
training input to be nearly a delta function, indicating that the training input was approximately
white. (c) Training output y(i) (solid line) defined as �1 over the ‘‘failed treatment’’ portion of the
training input and 1 over the ‘‘successful treatment’’ portion. The training input and output were
used to identify a parallel cascade model of the form in Fig. 1. The dashed line represents
calculated output z(i) when the identified model is stimulated by training input x(i). Note that z(i)
is predominately negative over the ‘‘failed treatment’’ portion, and positive over the ‘‘successful
treatment’’ portion, of the training input. (From Ref. 63.)

Table 1. Parallel Cascade Ranking of Test Expression
Profiles (from Ref. 63 )

Rank Mean Output Actual Outcome Profile #

1 �1.17 F 31
2 �0.863 F 32
3 �0.757 F 33
4 �0.408 S 37
5 �0.298 F 50
6 �0.0046 F 30
7 0.0273 S 53
8 0.078 S 38
9 0.110 F 51
10 0.148 F 29
11 0.194 S 52
12 0.267 S 36
13 16.82 S 35

F¼ failed treatment, S¼ successful treatment. The complete set of profiles

is found in Ref. 59 , and ‘‘Profile #’’ follows the same numbering scheme.
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averaging 71% if the two outcome subgroups are weighted
equally. A single-gene TRKC predictor showed reverse
bias, recognizing 81% with failed outcomes and 59% of
survivors. By combining predictors via majority voting,
Pomeroy et al. (61) reduced total errors to 12, but the
resulting accuracy still favored the survivor subgroup
(89.7%) over the failed subgroup (61.9%). Such inaccuracy
in recognizing one outcome poses a problem for clinical
use.

In Ref. 67, PCI was applied to this data set using the
raw values given after rescaling by Pomeroy et al. (61), in
which all expression profiles were of tumor samples
obtained at diagnosis. The same method of selecting genes
and, initially, the same number of genes [200] and the
same architectural parameter values employed in the
AML study (63) were used to identify a PCI model.
Thus, the first profile for a failed (F) outcome and the first
for a survivor (S) outcome were used to select 200 genes
and then to form a 400-point training input. The corre-
sponding output was again defined as � 1 over F and 1
over S segments of the training input. Then the identical
parameter values for memory length [12], polynomial
degree [7], number of cascades [7], and threshold [11]
were used as in the AML study (63) to identify a PCI
model from the training input and output. Hence the
remaining 58 profiles in the data set were not used to
obtain the model, but they were instead reserved for
testing it (67).

In particular, the PCI model was used as a filter that
converted input signals corresponding to the test profiles
into output signals that were much easier to classify than
the original profiles (67). First a 200-point input signal
was prepared from each test profile by appending in the
same order the raw expression values of the previously
selected genes. Then each input signal was fed through
the PCI model to obtain an output signal corresponding to
the test profile. Pomeroy et al. (61) had used a leave-one-
out protocol to measure the accuracy of the methods
tested, and the same procedure was adopted in Ref. 67.
Thus, each of the 58 test profiles was classified by calcu-
lating the Euclidean distance of its output signal from
each of the other 57 output signals and by choosing the
class of the closest.

Replacing the input signals by the model outputs
benefited classification accuracy. Of the 58 profiles, 12 of
20 F (60%) and 31 of 38 S (81.6%) were correctly classified,
which was a 71% average. However, using the same test
procedure with the input signals, rather than their corre-
sponding model outputs, resulted in only 7 of 20 F (35%)
and 25 of 38 S (65.8%) correctly classified, which averaged
50% and showed that the PCI model was essential.

To this point, the four parameter values needed (for
memory length, polynomial degree, etc.) came from the
AML study, as did the number of genes to use and the
method of selecting genes. Thus, unlike the earlier study
(61), there was no searching for a better set of parameter
values (e.g., the value of k in k-NN) or number of genes to
use. The same set of 200 genes, and the same PCI model,
had been employed to create the output signals for the
remaining 58 test profiles, although a leave-one-out pro-
tocol was used in classifying these output signals.

For fairer comparison, various numbers of genes, and
different parameter values, were tried in creating PCI
models, still using only the first F and S profiles to select
the top-ranked genes and to construct the training input.
Once the model output signals were produced for the
remaining 58 profiles, a leave-one-out protocol was again
used to classify these output signals. It was found that
better accuracy was obtained by selecting 22 genes, a
memory length of 4, a polynomial degree of 5, a threshold
T of 6, two cascades in the final model, and using largest
correlation coefficient, rather than smallest Euclidean
distance, as the decision criterion (67). Then 14 of 20
(70%) F, and 32 of 38 (84.2%) S, test profiles were classified
correctly, which was a 77% average. Using the input
signals rather than the model outputs dropped accuracy
to 50% on F and 76.3% on S profiles, which averaged 63%
and again showed the benefit of the PCI model.

An encouraging development was that PCI formed a
strong component in combination predictors. Indeed, com-
bining PCI with various predictors used by Pomeroy et al.
could reduce total errors to 9 (70% on test F, 92.1% on test
S). Another more symmetric predictor (80% on test F,
78.9% on test S) resulted from a PCI, metastatic staging,
TRKC combination [67]. These results still require verifi-
cation on independent sets because certain parameter
values for the PCI model and number of genes to be
used had not been prespecified, unlike the 200-gene
medulloblastoma outcome prediction case discussed first.

5.3. Separating Training and Test Sets

The importance of separating training and test sets is
illustrated by a recent study by van’t Veer et al. (68)
concerned with using gene expression profiles to predict
clinical outcome of breast cancer. The study seems to show
a large advantage to a gene-expression-based predictor
compared with several clinical predictors, such as those
based on tumor grade, estrogen receptor status, proges-
terone receptor status, tumor size, patient age, and an-
gioinvasion. Moreover, there was some validation of the
microarray predictor on an additional independent set,
with only 2 incorrect out of 19 classifications. However,
Tibshirani and Efron (69) stress that comparing predictors
over the same data set used to derive the microarray
predictor (called ‘‘reuse’’) strongly biases the results in
favor of the latter predictor. They used a prevalidation
analysis in which the predictor of the class of a particular
profile was not derived using knowledge of that profile’s
class. Their resulting odds ratio (odds of developing dis-
tant metastases within 5 years with a ‘‘poor prognosis’’
signature, to the odds of distant metastases without the
signature) for the microarray predictor was much smaller
than earlier computed by van’t Veer et al., who also used
prevalidation. In addition, using cross-validation to pre-
vent reuse, Tibshirani and Efron (69) could not find that
including the microarray predictor with six clinical pre-
dictors in a logistic regression model conferred any pre-
diction advantage compared with a logistic model without
the microarray predictor.
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5.4. Predicting Medulloblastoma Metastasis

The same PCI approach discussed to predict medulloblas-
toma outcome was subsequently applied to a dataset from
MacDonald et al. (62). These authors had used microarray
analysis of clinically designated metastatic (Mþ ) and
nonmetastatic (M0) primary medulloblastomas to study
the genetic regulation of metastasis. This analysis led
them to suggest possible targets for novel therapies,
including use of specific inhibitors of platelet-derived
growth factor receptor-a as possible new treatments of
medulloblastoma (62). They also adapted the weighted
voting scheme of Golub et al. (59) to achieve promising
results predicting metastatic status.

In Ref. 70, the PCI training set consisted only of the
first three of each of the Mþ and M0 profiles, whereas the
remaining profiles were entirely reserved for testing. The
first Mþ and M0 profiles were used to construct a
training input, and the training output was defined, as
described for medulloblastoma outcome prediction (67).
With the same parameter values for memory length [4],
polynomial degree [5], threshold [6], and number of cas-
cades [2] and genes [22] from that study, a PCI model was
identified (70). Then the model was used to obtain refer-
ence output signals corresponding to the remaining two
training profiles from each class. Using correlation with
the reference output signals to predict class (67) (see
above) yielded these test results: 5 of the 6 novel Mþ
and 8 of the 11 novel M0 profiles were correctly classified
(Matthews’ (71) correlation coefficient f¼ 0:54, Fisher’s
exact test po0.043 1-tail, po0.05 2-tail) (70). However,
some luck is needed when there is such a paucity of
training data: The few known profiles must be represen-
tative of their classes, or nothing will work, and typically
so few exemplars will not be enough to cover the variety of
profile types in each class.

Indeed, all PCI models were identified with a training
input constructed from one exemplar expression profile
from each class. These cases are extreme and ideally more
exemplars will be available both to train the PCI model
and to construct reference output signals for classifying
novel profiles. This approach was also employed in Ref. 70,
where the first four exemplars from each of the M0 and M
þ classes were used to select the top-ranked 22 genes
(Table 2) for building an additional PCI predictor that
showed slightly improved performance over a second
dataset. One of these genes, SPARC/osteonectin, is also
in the set of the 22 previously selected to predict the
clinical outcome of medulloblastoma (67).

6. CONCLUDING REMARKS

Some ‘‘black box’’ identification techniques have been
reviewed that make it possible to model dynamic non-
linear systems from knowledge only of their inputs and
outputs. Many class prediction problems can be recast as
such an identification task, and it was shown that this
approach has a special advantage in building effective
classifiers from a few training exemplars. However, sev-
eral competing approaches including aggregative hier-
archical clustering (72), self-organizing maps (73), k-

means-clustering (64,74), k-NNs (61,75), SVMs (75), and
ANNs (58) have been successfully applied to microarray
analysis. Which method is most effective is frequently
application dependent. Moreover, as Slonim (76) points
out, because most datasets lack sufficient samples, gen-
erally only a few errors separate winning and losing
predictors. However, as shown, the nonlinear system
identification approach is sufficiently different to make
its predictors good partners for combining with more
traditional predictors. Indeed, an exciting challenge for
future work is developing combination predictors that
include a PCI component and that outperform any single
predictor.

Table 2. Twenty-Two Genes Used To Predict
Medulloblastoma Metastasis (from Ref. 70 )

Position in
Profile (1-
2059) Description

90 M33764cds Human ornithine decarboxylase
gene, complete cds

115 M11717mRNA Human heat shock protein (hsp
70) gene, complete cds

219 D13748 HUM4AI Human mRNA for eukaryotic
initiation factor 4AI

467 D78577expanded D78576S2 Human DNA for 14-
3-3 protein eta chain; exon2 and complete cds

744 M55409 Human pancreatic tumor-related
protein mRNA, 30 end

763 D11139exons#1-4 HUMTIMP Human gene for
tissue inhibitor of metalloproteinases; partial
sequence

1078 X58965 H.sapiens RNA for nm23-H2 gene
1083 X73066cds Homo sapiens NM23-H1 mRNA
1138 M55914 HUMCMYCQ Human c-myc binding

protein (MBP-1) mRNA; complete cds
1168 L19182 HUMMAC25X Human MAC25 mRNA;

complete cds
1194 D17517 HUMSKY Human sky mRNA for Sky;

complete cds
1291 HG4322-HT4592 Tubulin, Beta
1423 V00567cds HSMGLO Human messenger RNA

fragment for the beta-2 microglobulin
1570 M94250expanded Human retinoic acid inducible

factor (MK) gene exons 1-5, complete cds
1664 J03040 Human SPARC/osteonectin mRNA,

complete cds
1669 J04164 HUM927A Human interferon-inducible

protein 9-27 mRNA; complete cds
1684 J02783mRNA HUMTHBP Human thyroid

hormone binding protein (p55) mRNA;
complete cds

1762 D00017 HUMLIC Homo sapiens mRNA for
lipocortin II; complete cds

1822 U21689cds Human glutathione S-transferase-
P1c gene; complete cds

1863 M93311cds Human metallothionein-III gene,
complete cds

1871 M29386mRNA HUMPRLA Human prolactin
mRNA, 30 end

1949 HG1980-HT2023 Tubulin, Beta 2
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We have seen that man by selection can certainly produce
great results, and can adapt organic beings to his own uses,
through the accumulation of slight but useful variations, given
to him by the hand of Nature.
Charles Darwin, On The Origin of Species

1. INTRODUCTION

Genetic algorithms (GAs) are a class of heuristic search
methods that rely on artificial selection to shape a popula-
tion of chromosomes (candidate solutions) over successive
generations, hopefully to approach an acceptable problem
solution. As a result GAs resemble other evolutionary
algorithms, such as genetic programming and evolution-
ary programming (1), but with key differences that will be
noted later. GAs have proven to be remarkably successful
addressing difficult search problems in many domains
(1,2), including biomedical engineering.

This discussion begins with a review of the theory
supporting GAs, proceeds to review the reduction of this
theory to participate, and conclude with a survey of GAs
with respect to the field of biomedical engineering.

2. THEORY

The first subject to address is the power of selection, and
how it serves as a metaphor underlying GAs, which leads
directly to a discussion of how precisely GAs embrace the
model of artificial selection, how GAs are different from
other evolutionary algorithms, and how to take advantage
of these differences when planning to use GAs. Finally, we
return to the importance of diversity in an artificial
selection system.

2.1. Evolution and the Power of Selection

Long before Gregor Mendel observed and bred peas (3)
humans have used controlled mating to shape stock 1/m
plants and animals alike 1/m to their liking. Modern
genetics reaffirms, if refines, what Mendel documented
and animal husbandry has used for thousands of years.
Consider briefly for how long there has been a premium on
stock designated as ‘‘pure blooded’’ or ‘‘purebred.’’ As the
opening quotation from Darwin points out, the ability to
decide what pairs will mate to form new offspring has an
extremely significant influence on the properties of those
offspring. This power is what evolutionary algorithms,
such as GAs, seek to exploit.

Conceptually, this is simplicity itself: Begin with some
population, and from each generation encourage only
those members to reproduce who exhibit properties simi-
lar to those you wish in the final individuals. That is, if you
desire taller pea plants, then only allow the tallest pea
plants in the current generation to fertilize each other.
The natural question is this: Why should this ability to
breed better stock be limited to plants and animals? Can
we breed solutions to equations just as easily as sheep? To
understand how to answer this question, it is important
first to understand a bit more about how selection works.

At its simplest, an organism’s genetic information can
be expressed as a sequence of nucleotides; each nucleotide
can be abbreviated as A, C, T, or G. Interestingly, the
information in your genes (functional groups of nucleo-
tides) is stored in discrete units, although it is expressed
in very much an analog manner.

These nucleotide base pairs encode for various pro-
teins, which in turn carry out most of the structural and
functional duties required of life, be it for a protozoa or a
collie dog.

The main assumption underlying any selection me-
chanism, artificial or otherwise, is this: There must be a
direct relationship between the genotype (the genes in an
organism) and the observable properties (its phenotype).
If there is no such association, then no degree of engi-
neered matings will ever produce useful offspring except
by random chance, which is too slow for anyone to afford.

In the simplest model, then, genotypes would have a
direct mapping to phenotypes: A gene would encode one
protein that is responsible for a single feature or function,
so GA might make a sheep hairy, whereas GB might make
it hairless. Animal husbandry would be easy in this case:
Only allow sheep with GA, those who are hairy, to have
offspring. Discounting mutation and environmental influ-
ences, all of their offspring will be hairy.

But even though genotype and phenotype are often
related in a manner we can come to discern, real biology is
much more complicated than the ‘‘one gene, one property’’
proposition. Each gene in a vertebrate can code for many
different proteins (not all uniformly probable), each of
which may participate in different structures and func-
tions. Furthermore, some phenotypes can be controlled by
proteins from more than one gene. This many-to-many
relationship between elements of genotype and phenoty-
pic properties is both a curse and a blessing: It can make
cross-breeds less predictable. This idea will appear again
later in the discussion.

2.2. How Artificial Selection Works in GAs

A horse breeder works within constraints of finance, time,
and biology: There may only be so much money for stud
fees, the best available mate may be too old, or the best
possible match may be of the wrong sex. In a GA system,
software, these concerns evaporate. Consequently, much
of the real-life process of breeding is discarded, and what
remains is a minimalist program:

* Define your data representation,
* Create an initial population.
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* Until the simulation is done, do the following:

– Evaluate the fitness of all chromosomes.
– Reproduce to form some new members.
– Check termination criteria.

Each of these steps hides a great deal of detail. Initi-
alizing the population, for example, can be as simple as
randomly generating new chromosomes, or it can be as
complicated as assembling a population from output from
other programs, processes, or models. As with most soft-
ware methods, the specifics will depend on the needs of
your application.

The least interesting of these steps is the termination
criteria; these are generally one of two items: The pre-
defined maximum number of generations (time) have
elapsed, or we have found a solution that is suitably
good that we need not waste further processing searching
for a better candidate.

This leaves both data representation, fitness evalua-
tion, and reproduction as the most significant steps in our
discussion. Each is addressed here in its own section.

2.2.1. Data Representation in GAs. John Holland first
described GAs acting upon chromosomes that were fixed-
length strings of binary-valued genes (4); see Fig. 1. This
description is realistic, because biological genes comprise
discrete entities, the four nucleotides. This is also very
natural for a software implementation, because the digital
computer also works from and on bit strings.

What does the example chromosome in Fig. 1 repre-
sent? Perhaps it is a single 8-bit integer, aassuming the
right-most bit is least significant, 0� 128þ 0� 64þ1� 32
þ 0� 16þ 0� 8þ 1� 4þ 1�2þ 1�1¼ 39. Contrast this
with Fig. 2, where we use the same chromosome but apply
a different interpretation: In this case, think of a valve in a
processing plant has eight steps; at each step, the valve
can be either open or closed. If it is open, the gene for that
time step will have a value of 1; if it is shut, the gene for
that time step will have a value of 0. No matter which
interpretation you pick, it is important to note that this
chromosome represents just one candidate solution out of
a pool of 28¼ 256 possible solutions. This is why it is a toy
problem; a GA system becomes much more interesting
once the search space becomes larger: A 32-bit chromo-

some represents 232¼ 4,294,967,296 possible solutions,
which is less susceptible to brute-force methods.

As in many problems, data representation plays a very
significant role in the quality of the system. If you are
trying to classify EKG data as normal or abnormal, it may
make the problem significantly more tractable if your GA
uses 8-bit integer indices into a manageable set offloating-
point values instead of operating directly on 32-bit data.
Other issues concerning how data representation impacts
operator performances are addressed later.

2.3. Evaluating Fitness

In all evolutionary algorithms, it is appropriate to ask:
What is the selection pressure? That is, because selective
breeding is the sole means of shaping the genes in the
population, how is the selection made? As you will see in
the next section, the probability that a solution reproduces
is generally proportional to that candidate’s fitness. It
should be clear, then, that the motive force in a GA system
is fundamentally the fitness metric.

There are two classes of fitness function, as follows:

* Exogenous: There is a function outside of the simula-
tion that computes a fitness value based solely on the
chromosome. A given chromosome will always be
assigned the exact same fitness assessment, indepen-
dent of when the evaluation is requested. For exam-
ple, if you are computing the best fit for a single
function, the fitness might be computed as the sum of
the mean-squared error between the curve specified
by the candidate solution and the ideal curve. Most
standard GA simulations use exogenous fitness func-
tions.

* Endogenous: The fitness of a given chromosome is
dependent on factors inside the simulation other than
the chromosome. That is, the fitness value depends
on some context within which the chromosome oper-
ates. For example, if you were searching for a Way to
compute the best fit for a family of functions, the
fitness might be computed against a variable list of
test cases. Depending on which test cases run, the
fitness value for this chromosome might well be
different.

In all but the simplest problems, a fitness function will
reflect a balance of many different factors. A GA simula-
tion searching for an effective route-planning strategy for
an ambulance might emphasize travel time most, but then
have secondary emphasis on the distance traveled, or the
number of stoplights. And even though there are both
endogenous and exogenous fitness functions, then the
same fitness function might include components of each
class: The ambulance route-planner might weight the
fixed factors already mentioned most, but also include a
sample of additional factors, such as simulated traffic
loads at different times of day.

Of all factors that shape the final solution quality,
specifying the fitness function can be the most subtle.
Simple mistakes in establishing the relative worth of
features can easily become manifest in wholly unreason-

0 0 0 01 1 1 1

Figure 1. A chromosome, the genotype.

0 0 0 01 1 1 1

time

open open open open

shut shut shut shut

Figure 2. A chromosome, genotype is phenotype.
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able solutions. A binary classifier working with very
biased training cases might be heavily influenced always
to predict the same (constant) value, because other solu-
tions that tried to be more fair would initially do a worse
job, and be disadvantaged.

This leads us to one of the key, common misunder-
standings about evolution or selection-based methods:
Evolution does not work as if it was an oracle, all-knowing
and always seeking better solutions; instead, it works as if
it has a liquid, ever flowing downhill into the lowest point
defined by your fitness function. Your fitness function
defines the shape of the vessel into which the GA simula-
tion will pour itself.

Once you have defined what a ‘‘good’’ solution will
maximize, it becomes meaningful to use this to select
individuals for reproduction.

2.3.1. Reproduction. Of all of the steps in the simplified
process outline, ‘‘Reproduce to form some new members’’
contains the most complexity. What is described here is
the canonical implementation of GAs, with notes as to
what some options are for an implementor.

Typically, GA simulations are run with full replace-
ment, which means that at every time step, a completely
new population is generated from the existing population
via reproduction, and this new population replaces the old
population. The foil is partial replacement, in which only
some of the newly generated members enter the next time
step’s active population.

How do you select a good individual to promote/copy /
reproduce or a bad individual to cull? Roulette-wheel
selection is a representative method. Say you had three
individuals in the population, and that they had fitness
scores of 100, 300, and 600, respectively. If you normalized
these scores so that they all added to 1.00, and then
plotted them on a line segment as a running sum, it might
resemble Fig. 3. Picking a (uniformly) random number on
(0.00,1.00) will fall within one of the ranges belonging to a
single individual. The probability that the random num-
ber will fall in the region corresponding to individual #3 is
twice that of the number falling in the region belonging to
individual #2. Observe that the order of these regions on
the line segment is unimportant; only their relative size
matters.

Note: Generally, some sort of scaling function is applied
to fitness values before selection occurs. It is also custom-
ary to ensure that even very bad solutions have a nonzero
probability of being selected, again to help maintain
diversity. (See Diversity, below.)

Whatever the replacement strategy might be, even-
tually it becomes necessary to create a new individual.
There are two issues to address: inheritance and fidelity.

Inheritance: How many individuals contribute to this
new offspring? If only one, then the offspring is a clone,
and it probably relies on mutation (see Fidelity) to help
preserve genetic diversity. If there are multiple parents
(and generally there are two; sexual reproduction is more
popular than asexual, or at least occurs more frequently,
even in simulations that support both; see ( for a discus-
sion of the potential benefits to sexual reproduction over
cloning), then the new offspring is a result of sexual
reproduction, and the system must establish how two
chromosomes are melded together to form one. Generally,
a GA simulation relies on crossover; for the following,
assume each chromosome has n genes:

* Single-point crossover: Select a random x A[1, n–1];
genes 1-x come from the first parent, while (xþ l)-n
come from the second.

* Multipoint crossover: Similar to single-point cross-
over, except there is more than one point at which the
source switches between the first and the second
parent.

* Uniform crossover: Each gene has a 50% chance of
coming from the first parent. In this scheme, genes
from the first parent need not all be contiguous in the
offspring.

Figure 4 illustrates the differences in crossover meth-
ods.

It is not unusual for inheritance to be customized to
accommodate the data representation. For example, if
your fixed-length chromosome encodes an ordered list of
destinations for a Traveling Salesman Problem (TSP)1,
then you might not want traditional crossover, because it
will likely result in invalid offspring. You do not, for
example, wish to have a tour that visits the first city
twice. It is customary, in a case like this, to use a
specialized version of crossover. There are as many ways
to produce new candidate solutions from parents as there
are data representation schemes.

Fidelity: Once you have generated a new individual
from one or more parents, how faithful should the copy be?
That is, to what degree is each new individual’s genotype
susceptible to mutation? It is common for mutation rates
to be uniformly low in GA simulations. However, some
schemes allow for the mutation rate to increase as the
diversity of the system decreases. See diversity, below.

The effect of mutation is highly dependent upon the
data representation. If your bit-string contains eight in-
dependent bits that are used as eight binary variables,
then a mutation’s impact is clear: It toggles the variable
that is mutated. If, however, your eight bits are used
together as one 8-bit integer, then the effect of a mutation
is not uniform: Mutating the most-significant bit has a
much greater effect than does mutating the least-signifi-
cant bit. For this reason, gray codes 5)(6,7) are sometimes
used to mitigate the average impact of a single bit muta-
tion within an integer. Briefly put, gray codes are a binary
encoding scheme in which two integers that are adjacent

individual 1 individual 2 individual 3

0.00 0.10 0.40 1.00

Figure 3. Roulette wheel selection.
1See http://www.tsp.edu/ for more about TSP.
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to each other differ in no more than one bit position. This
has obvious advantages within a GA simulation, because a
point mutation should be more likely to change a 7 to an 8
than a 7 to a 135.

There has been much written on the relative impor-
tance of crossover and mutation. It is generally accepted
that crossover contributes more to the quality of GA
simulations than does mutation, although it is customary
to employ some combination of both methods. As per
usual, the best advice is to see how exercising these
options affects the quality of solution you find.

2.4. How are GAs Different From Other Methods?

Two categories of comparison are useful: GAs vs. non-
evolutionary algorithms and GAs vs. other evolutionary
algorithms. Each is addressed in a separate section.

2.5. GAs Compared with Non-Evolutionary Algorithms

GAs excel in large, multimodel search spaces (2). That is,
when the number of possible solutions is vastly too large to
explore via brute forcee and where the fitness landscape
contains many peaks and valleys. Compared with hill-
climbing/gradient-descent algorithms, GAs are much less
likely to become stuck on local optima, which is why they
are particularly good on multimodel search spaces. A GA
simulation that has been tuned to preserve sufficient
diversity, and hence, creativity, can move across local
optima.

GAs also have more flexibility in data representation
than do many other methods. Connectionist systems such
as artificial neural networks (ANNs), for example, gener-
ally carry more stringent requirements on data format,
representation, and size than do GA systems. Flexibility,
of course, always comes at a price, because training ANNs
is easier than is creating a fitness function for a GA
simulation.

2.6. GAs Compared with Other Evolutionary Algorithms

Here is a breakdown of two other common evolutionary
algorithms, and how GAs compare to each:

* Genetic programming (GP): GAs typically rely on
chromosomes of fixed-length bit-strings. GP systems,
on the other hand, manipulate variable-length struc-
tures that are interpreted as abstract syntax trees, or

programs. GP systems are used to evolve code rou-
tines or algorithms, whereas GA simulations are used
to evolve solution candidates that are usually data.
GP systems use very different crossover schemes
than do GAs.

* Evolutionary programming (EP): This is similar to
GAs, except that EP relies almost exclusively on
mutation in lieu of crossover (8); and it does not
have very restrictive constraints on the data repre-
sentation (1).

2.7. Diversity

It is common for a GA simulation that begins from a
random population to become uniform very quickly. That
is, selection pressure is so strong that even minor differ-
ences in fitness become magnified into significant pres-
sures to be eliminated. Uniformity is undesirable, because
it is the antithesis of creativity: When all chromosomes are
identical, it becomes overwhelmingly unlikely that a sig-
nificantly different solution will appear spontaneously.

Significant effort has been invested into finding ways to
promote diversity within GA simulations; here are some of
these methods:

* Minimum fitness values: Ensure that all candidates,
even those that are least fit, have a nonzero prob-
ability of being selected to enter the next generation
or to reproduce offspring into the next generation.

* Variable mutation rates: Borrowed from methods,
this technique makes the rate of mutation propor-
tional to the uniformity among individuals. That is,
the more uniform all chromosomes in the population
are, the more likely a mutation is to occur when
creating the next generation’s offspring.

* New, random chromosomes: With a given (low) prob-
ability, insert one new, random chromosome into the
population. Most often, this new member will com-
pare unfavorably, but it has the possibility of the
improving the solution quality.

* Island model: Instead of a single population of in-
dividuals, create multiple populations, one per logical
‘‘island.’’ Each population is allowed to evolve inde-
pendently, with the exception that periodically there
are migrations of individuals among these islands.
This model has firm ground in real biology, because

single-point crossover

0 1 0 01 1 1 1

0 0 0 01 1 1 1

0 1 1 01 0 0 0

multi-point crossover

0 0 0 01 1 1 1

0 0 0 01 1 1 1

0 1 1 01 0 0 0

uniform crossover

0 0 0 01 1 1 1

0 1 0 01 1 1 1

0 1 1 01 0 0 0

Figure 4. Crossover schemes.
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physical isolation is considered a key component in
speciation, or the emergence of diversity (9).

3. PRACTICE

GAs have a remarkable advantage: They are simple
enough to allow even a hobbyist software developer to
write code for them and they are sufficiently popular in the
research and development communities at large that
many commercial and free/open-source software imple-
mentations are available2.

As is typical, the ‘‘build-or-buy’’ decision rests on a few
key factors:

* Complexity: If you are going to need a huge, distrib-
uted GA system, then you likely want to reuse some-
one else’s code. If, on the other hand, you have a
relatively small, constrained problem that you need
some quick heuristics to help address, then writing
your own code might be the right way to proceed.

* Similarity to other problems: If you are applying GAs
to a domain where they have never been used before,
and that is different than any domain where they
have been used before, then you may need to write
your own software. Otherwise, you may well be
astounded at the application variety of GA offerings.

Because tuning your fitness function is likely to be the
most challenging and time-consuming step, it is good
practice to begin with small-scale runs of your system.
Select 20 individuals for 100 generations, for example, and
observe what happens to mean and extreme fitness values
as well as genetic diversity. Typical GA systems will
improve rapidly at the beginning and then enter a period
of punctuated equilibrium, in which improvements are
spaced further and further apart. Generally, such a phase
is accompanied by a reduction in the overall genetic
diversity. If you observe different trends in your test
runs, it may suggest that there are issues with your
implementation or your fitness function. As always, test
early and test often.

4. APPLICATIONS IN BIOMEDICAL ENGINEERING

GAs have many applications in biomedical engineering. In
this section, we will present an unsolved problem in
biology (described in detail by Fogel (10)): how best to
build infer phylogeny from raw genetic data. This applica-
tion is well suited for this article, because it illustrates
many practical considerations involved when designing a
GA system. After the walk-through is complete, additional
examples of GA applications are listed to demonstrate the
wide utility of GAs in the field of biomedical engineering.

4.1. Inferring Phylogeny From Raw Genetic Data with GAs

Consider textbook biological classification: domain -
kingdom - family - class- order - family - genus

- species. Although this is a functional taxonomy, it does
not provide any specifics about phylogeny: What was the
evolutionary history behind the differentiation of these
species?

As Fogel points out, observations from the fossil record
suggest some of the speciation events, but they represent
only the smallest fraction of data we could use. An
alternative approach is to sample the genomes alternative
of the species that exist today and construct a possible
phylogentic tree based on their similarities. In such a tree,
very similar species will be grouped together, and then
groups that are most similar will be grouped together,
until all groups have been unified at a single root node.

We will apply the principles of GAs described pre-
viously to this problem over the next few sections, begin-
ning with a summary of more detailed solution
requirements; then considering issues of data representa-
tion, genetic operators, and fitness; and finally, we will
conclude with a review of this problem and the proposed
solution.

4.1.1. More Detailed Requirements. Given a collection
of genetic sequences, one representative sequence per
species, we are to construct a phylogenetic tree that shows
where in the evolution of these species the branches split
apart.

Additionally:

* Each branch point in the tree will be binary.
* Assume a standard sequence-alignment method ex-
ists so that any two genetic sequences can be com-
pared in a meaningful manner.

It seems reasonable to assume that each chromosome
will represent one candidate solution, one tree, and that
these candidate trees will compete until a sufficiently fit
candidate emerges. This leads us directly to issues of data
representation, genetic operators, and the fitness func-
tion.

4.1.2. Data Representation. Our approach, outlined
above, assumes that we can use selection pressure on
chromosomes to generate good candidate solutions, but it
is not obvious how best to map a two-dimensional tree
structure to a one-dimensional bit string. One such way is
illustrated in Fig. 5.

In this scheme, the chromosome is an in-order traversal
of the tree structure, where ‘‘*’’ represents a binary branch
point. Conveniently, the fact that the branches are binary
means that we know in advance that there will be n — 1
branch points for a tree of n leaf nodes (species); this
means that all chromosomes will have precisely 2n — 1
nodes.

Other evolutionary algorithms — those that are not
tied to a bit-string style of data representation 1/m may
provide for more natural tree-based chromosomes.

Note that this representation contains one defunct
gene, the first: This will always contain an asterisk,
because the root is always a branch point. This defunct
gene will not harm the GA, but it will waste resources.2See http://www-illigal.ge.uiuc.edu/sourcecd.html, for example.
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4.1.3. Genetic Operators. Mutation and crossover are
simple concepts, but they can become thorny with a data
representation such as the one used here to represent
these tree structures.

A simple point mutation might involve swapping any
two leaf nodes (species) in the tree. Note that this has the
advantage of making large corrections in a wholly unrea-
sonable tree, but it has the disadvantage of being likely to
break a fairly good tree. It may be reasonable to make
point mutation follow some Gaussian distribution, so that
it is more likely to select leaf nodes that are relatively
close to each other in the tree already, and less likely but
not impossible, to exchange species that are far apart in
the tree. Alternatively, point mutation could become a
function over time or related to diversity.

Crossover is innately more difficult in this scheme,
because there are constraints on the number and type of
genes in a valid chromosome: Each and every species must
appear exactly once in a chromosome, and there must be
exactly n —1 branch point genes which means that single-
point crossover is extremely unlikely, especially early in
the process, to produce valid chromosomes. Although
there are many approaches to solve this problem, consider
the following asynchronous modification of uniform cross-
over:

* Each chromosome has a pointer that is initialized to
its first gene.

* Until crossover is complete (until the child chromo-
some is full), repeat the following:

* If both genes under the pointers (one per parent
chromosome) are valid, randomly select one, and
add it to the new child. Increment the pointer for
the winning chromosome.

* If exactly one of the genes under the pointers is
valid, add it to the child chromosome and incre-
ment that pointer of both parents.

* If neither of the genes under the pointers is valid,
increment the pointers for both parents.

The advantages of this scheme are that it preserves
some notion of the order of species (from left to right
through the tree) among the two parents and can preserve
some portions of the tree shape between the two parents.
The disadvantage is that two coarsely similar parents can
produce a dissimilar child. As was true for mutation, this
crossover method could be modified to be time- or diver-
sity-dependent as needed.

4.1.4. Fitness. As presented in the Theory section, this
is one of the trickiest parts of implementing a GA, because
what you reward, you encourage often, to a grotesque
degree that could not be foreseen. Generally, you wish to
use the same function that others will use to compare your
results with theirs. There are three primary fitness mea-
sures described by Fogel: parsimony, distance methods,
and maximum likelihood methods. Any of these would be a
suitable choice, but there are tradeoffs. If maximum like-
lihood is the slowest way to evaluate fitness of a chromo-
some, then perhaps our system should rely on parsimony
during the early stages, and then convert to a maximum
likelihood approach as the simulation settles into its first
significant plateau.

4.1.5. Summary. Having made all of our choices as
described in the preceding sections, we have enough
information to construct our GA system, to let it run,
and to observe it in action. It is highly probable that
adjustments will need to be made based on how the system
performs: Perhaps the data representation is not reason-
able for the number of species we are classifying; perhaps
the fitness function is too slow or cannot adequately
discriminate between vastly different chromosomes; and
perhaps the system never finds a good solution and we
have to back up and reconsider the entire approach. GAs
can be extraordinarily useful at solving difficult problems,
but not without cost; typically, it is the developer /designer
who bears this cost.

4.2. Other Biomedical Applications

Here are some additional examples in other subfields of
biomedical engineering that help demonstrate the breadth
of applications to which GAs can be applied:

* Genetics (11–13)
* Protein folding (14–16)
* Image segmentation (17)
* Dentistry (18)

5. CONCLUSION

Biomedical engineering represents a large cross-section of
application domains, many of which contain difficult pro-
blems, problems that are nonlinear, whose search spaces
are huge and wildly multimodel. This is where GAs can
flourish, provided care is taken to apply them intelligently.
Otherwise, you fall into the old trap typified by the

* A * B* C * D E

A

B C D E

* * A B* C * D E

A B

C D E

Figure 5. Phylogenetic trees and possible
chromosomes.
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expression, ‘‘If the only tool you have is a hammer, every-
thing’s is a nail.’’
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1. INTRODUCTION

The availability of cDNA microarrays makes it possible to
measure simultaneously the expression levels for thou-
sands of genes. In addition to the enormous scientific
potential of DNA microarrays to help in understanding
gene regulation and interactions, microarrays have im-
portant applications in pharmaceutical and clinical re-
search. The oligonucleotide DNA array data are usually
preprocessed before gene functional analysis can be ap-
plied to them. For example, probe-specific biases, although
significant, are reproducible and predictable, and their
adverse effect can be reduced by proper modeling and
analysis methods (1). Moreover, data from microarray
experiments are usually in the form of large matrices of
gene expression levels under different experimental con-
ditions, and frequently there are missing values, which
must be estimated (2–4). Furthermore, because the micro-
array data are usually highly noisy, normalization on
these data must be performed (5–8). After these prepro-
cessing steps, functional analysis is then applied to the
normalized microarray data to explore the gene pathways
and gene interactions.

The huge amount of data provided by cDNAmicroarray
measurements must be explored to answer fundamental
questions about gene functions and their interdepen-
dence, and hopefully to provide answers to questions like
(1) what is the type of disease affecting the cells, or which
genes have a strong influence on this disease? (2) For
given target genes, which genes have the strongest influ-
ences on them? (3) Given a set of genes, how do they
communicate with each other? The first question involves
gene classification (9); the second question involves gene
prediction (10,11); and the third question involves con-
structing genetic networks (12). In this article, we give a
brief overview on modeling genetic networks and statis-
tical inference of genetic networks based on microarray
data.

A central goal of molecular biology is to discover the
regulatory mechanisms governing the expression of genes
in the cell (13). The expression of a gene is controlled by
many mechanisms. A key factor in these mechanisms is
mRNA transcription regulation by various proteins, which
are known as transcriptional factors, that bind to specific
sites in the promoter region of a gene that activate or
inhibit transcription. Recently, there have been several
attempts to relate promoter sequence data and expression

data (14–17). Most recently, there have been some inter-
esting studies on inferring network motifs (18–20) in the
transcriptional regulation networks and module networks
under the Bayesian framework. We will briefly mention
these works in the next section.

There have been many of other approaches to modeling
gene regulatory networks, including linear models (21,22),
Bayesian networks (23–28), neural networks (29), differ-
ential equations (30,31), and models incorporating sto-
chastic components at the molecular level (32–34). The
model systems that have received the most attention
include the Bayesian networks and the Boolean networks
(BNs) originally introduced by Friedman et al. (24) and
Kauffman (35–37), respectively. There are several works
applying BNs to genomic analysis (32,38–40). An impor-
tant step in constructing these networks involves finding
genes that have the strongest influence on the target gene.
We will discuss BNs in this article.

Because existing Bayesian networks and BNs have
some limitations in biological applications, the probabil-
istic BNs (PBNs) were proposed in Ref. 12, which provide
insight and a conceptual framework for an integrative
view of genetic function and regulation. The advantage of
PBNs is that they naturally allow one to incorporate prior
biological knowledge (12), obtained from, for example,
clustering analysis (11). In this article, we describe an
approach to constructing a probabilistic gene regulatory
network from the microarray gene-expression data. The
key ingredients of this technique include an information
theoretic gene clustering method (8), and a nonlinear
regression method based on reversible-jump Markov
chain Monte Carlo (MCMC) annealing.

The remainder of this article is organized as follows. In
the next section, we review transcriptional regulatory
networks and Bayesian networks. Then, we introduce
BNs and PBNs. Afterward, we present a method for
constructing probabilistic gene regulatory networks using
mutual-information-based clustering and MCMC predic-
tor design. Finally, we present experimental results and
the conclusion.

2. TRANSCRIPTIONAL REGULATORY NETWORKS AND
BAYESIAN NETWORKS

2.1. Transcriptional Regulatory Networks

The complex functions of a living cell are carried out
through the concerted activity of many genes and gene
products (13). The gene microarray makes it possible for
us to understand gene regulations and interactions. The
expression of a gene is controlled by many mechanisms.
Genome sequences specify the gene expression that pro-
duces living cells, but how cells control the global gene
expression is far from being well understood. A key factor
in these mechanisms is mRNA transcription regulation by
transcriptional factors that bind to specific sites in the
promoter region of a gene that activate or inhibit tran-
scription. Recently, there have been some attempts to
relate promoter sequence data and expression data (14–
17). Specifically, an important concept called network
motifs (18–20) in transcriptional regulation networks
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has been proposed. The network motifs are defined as
patterns of interconnections that recur in many different
parts of a network at high frequencies. Figure 1 depicts
several such motif patterns: autoregulation motif, feed-
forward loop motif, single-input motif, and multi-input
motif. Each network motif has a specific function in
determining gene expressions. These motifs correspond
to different subnetworks (23) in biological regulatory net-
works. The challenge is how to find the network motifs
based on gene microarray and sequence data (13,18).

In Refs. 13 and 41, a probabilistic framework is pro-
posed that models the process by which transcriptional
binding explains the mRNA expression of different genes.
This model unifies two important components: the predic-
tion of gene regulation events from sequence motifs in the
gene’s promoter region, and the prediction of mRNA
expression from a combination of gene regulation events.
This model is termed module networks, and it is con-
structed under the framework of the Bayesian networks.

2.2. Bayesian Networks

Consider a finite set X¼fx1; . . . ; xng of discrete random
variables in which each variable Xi may take on values
from a finite set, denoted by {� 1, 0, 1}. A Bayesian
network is an annotated directed acyclic graph that en-
codes a joint probability distribution over X. Formally, a
Bayesian network (42) for X is a pair B¼/G, YS. The
first component G is a directed acyclic graph whose
vertices correspond to the random variables x1,y,xn. The
graph encodes the following set of conditional indepen-
dence assumptions: Each variable xi is independent of its
nondescendants given its parents in G. The second com-
ponent Y, represents the probability distribution for each
node: yi¼ yuijpaðxiÞ9pðuijpaðxiÞÞ for each possible value ui of
xi and pa(xi) of Pa(xi). Here Pa(xi) denotes the set of
parents of xi in G and pa(xi) is a particular instance of
the parents. If more than one graph is discussed, then we
use PaG(xi) to specify xi’s parents in graph G. A Bayesian
network B specifies a unique joint probability distribution

over X given by (42)

pðx1; . . . ; xnÞ¼
Y

n

i¼ 1

pðxijPa
GðxiÞÞ: ð1Þ

The problem of learning a Bayesian network can be
stated as follows. Given a training set O¼ fx1; . . . ; xmg of
instances ofX, find a network B that best matches O. Here
xi9½xi1; . . . ; xin�, and m is the number of observations. The
common approach to this problem is to introduce a scoring
function that evaluates each network with respect to the
training data, and then to search for the best network
with the highest score. The scoring function most com-
monly used to learn a Bayesian network is the Bayesian
score metric PðGjOÞ (42,43). According to the Bayes’ rule,

PðGjOÞ¼
PðOjGÞPðGÞ

P

G 0 PðOjG
0ÞPðG0Þ

/ PðOjGÞPðGÞ; ð2Þ

where P(G) is the a priori probability of the graph
structure (42) and PðOjGÞ is the marginal likelihood given
by PðOjGÞ¼

R

pðOjG;YÞpðYjGÞdY. If O is complete and
P(G) satisfies parameter independence according to (1),
then the marginal likelihood decomposes into a product of
terms given by

PðOjGÞ¼
Y

n

i¼ 1

scoreðxi;Pa
GðxiÞjOÞ; ð3Þ

where score(xi, Pa
G(xi)) has a simple closed-form solution

(26,42) for standard priors such as Dirichlet or Wishart
priors. Application of Bayesian networks for modeling
gene regulatory networks can be found in Refs. 13, 23–
25, and 44.

Y

Z

X

X

Y1

Y1

X1 X2 X3 Xn

Y2 Ym
YmY1 Y2 Y3

Y2

Ym

X

Multi-Input Motif

Autoregulation Motif

Single-Input Motif

Feed-forward Loop Motif

Figure 1. Network motifs in a transcriptional
regulatory network, where the capital letters
denote different genes.
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3. BNS AND PBNS

3.1. BNs

A BN G(V, F) consists of a set V¼ {x1,y,xn} of nodes
representing genes and a list F¼ ðf ð1Þ; . . . ; f ðnÞÞ of Boolean
functions, in which a Boolean function (a function that
takes binary values in {0, 1}) f ðiÞðxi1 ; . . . ; xik Þ with inputs
from specified nodes xi1 ; . . . ; xik is assigned to each node xi.
For a subset U � V consisting of k nodes, an expression
pattern c ofU is a function fromU to f0; 1gk. An expression
pattern of V constitutes a state of the network. Here c
represents a state of nodes (genes), in which each gene is
either 0 (not-expressed) or 1 (expressed). In a BN, the
expression pattern ctþ 1 at time tþ 1 is determined by the
Boolean vector function F operating on the expression
pattern ct at time t.

It is convenient to consider a wiring diagram (G0, F0) of
a BN G(V, F). For each node xi in V, let xi1 ; . . . ; xik be input
nodes to xi in G(V, F). Then we consider an additional node
x0i, and we construct an edge from xijto xi

0 for each 1rjrk.
Let (G0, F0) be the network with nodes x1; . . . ; xn; x01; . . . ; x

0
n

constructed in this way. Then, the expression pattern of
the set fx01; . . . ; x

0
ng is determined by x0i¼ f ðiÞðxi1 ; . . . ; xik Þ.

That is, the expression pattern of fx1; . . . ; xng corresponds
to a profile at time t and the expression pattern of
fx01; . . . ; x

0
ng corresponds to a profile at time tþ1. An

example of a wiring diagram for n¼ 3 is shown in Fig. 2.
Collectively, the states of the genes in the genome form a
gene activity profile (GAP) (40). The system ultimately
evolves into an attractor, which is a cycle of states from
which it does not escape. In theory, there are many
possible GAPs, but most Boolean functions have only a
few essential variables, and only a few GAPs actually
correspond to attractors (37).

The key step in constructing a Boolean gene regulatory
network is to determine the predictors f(i) and the corre-
sponding influencing gene set to the target gene xi. An
important step in constructing these networks involves
finding genes that have the strongest influence on the
target gene. We may apply the coefficients of determina-
tion (CoDs) technique (45) or Bayesian gene selection to
find the strongest genes.

3.2. PBNs

To overcome the deterministic rigidity of BNs, the BN
concept is extended to a probabilistic setting (12). The
basic idea is to extend the BN to accommodate more than
one possible function for each node. Thus, to every node xi,
there corresponds a set

Fi¼ff
ðiÞ
k gk¼ 1;...;lðiÞ; i¼ 1; 2; . . . ;n; ð4Þ

where each f ðiÞk is a possible function determining the
value of gene xi and l(i) is the number of possible functions
for gene xi. The functions ff ðiÞk g are also referred to as
predictors. If there are N possible realizations, then there
are N vector functions f 1; f 2; . . . ; fN of the form
f j¼ ðf

ð1Þ
j1

; f ð2Þj2
; . . . ; f ðnÞjn

Þ, for j¼ 1, 2,y,N, 1rjirl(i) and where
f ðiÞji 2 Fiði¼ 1; � � � ;nÞ. In other words, the vector function fj
acts as a transition function representing a possible
realization of the entire network. Let
f ¼ ðf ð1Þ; f ð2Þ; . . . ; f ðnÞÞ be a random vector taking values in
F1� � � � �Fn. That is, f can take on all possible realiza-
tions of the network. Then, the probability that predictor
fk
(i), 1rkrl(i), is used to predict gene i is

cðiÞk ¼Pff ðiÞ ¼ f ðiÞk g
X

j:f ðiÞ
ji
¼ f ðiÞ

k

Pff ¼ f jg: ð5Þ

Obviously,
PlðiÞ

k¼ 1 c
ðiÞ
k ¼ 1. Thus, a probabilistic gene regu-

latory network G(V, F) is defined by a set of nodes
V ¼fx1; . . . ; xng and the list F¼ ðF1; . . . ;FnÞ, where Fi is
defined in Equation 4. A network is said to be independent
if f ð1Þ; f ð2Þ; . . . ; f ðnÞ are probabilistically independent. Unless
otherwise mentioned, we will assume independent net-
work. Figure 3 illustrates a building block of a probabil-
istic gene regulatory network. Assuming independence,
M¼

Qn
i¼ 1 lðiÞ is the number of possible network realiza-

tions. If l(i)¼ 1 for all i¼1,y,n, then N¼1 and it reduces
to the standard deterministic network.

To summarize, a probabilistic gene regulatory network,
for every node xi, there are l(i) functions Fi¼ff

ðiÞ
k g

lðiÞ
k¼ 1,

where each f ðiÞk is a possible function determining the
value of gene xi, and each function is chosen to determine
xi with probability cðiÞk , k¼ 1; 2; . . . ; lðiÞ. To build the net-
work for gene xi, we implement the following four steps:

f 1
(i)

c1
(i)

xi′

c 2
(i)

f 2
(i)

x1

x2

x3
x4
x5

xn f (i)
l(i)

c (i)
l(i)

Figure 3. A building block of a probabilistic gene regulatory
network.

x ′1 x ′2 x ′3

AND

x1

x2 x3

x1 x2 x3

G(V,F) G ′(V ′,F ′)

Figure 2. A BN G(V, F) and its wiring diagram G0(V0, F0) (the
functions are defined as x01¼ x2, x

0
2¼ x1 AND x3, x

0
3¼NOT x1).
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(1) Determine l(i) and the input set of variables corre-
sponding to function f ðiÞk , k¼ 1; 2; . . . ; lðiÞ, which is done by
using a novel clustering technique based on mutual in-
formation minimization. Simulated annealing is employed
to solve the optimization problem. (2) Each f ðiÞk is then
modeled by a perceptron (a nonlinear function) consisting
of a linear term and a nonlinear term. A reversible-jump
MCMC technique is used to calculate the model order and
the parameters. (3) The CoD (45) is employed to compute
the probabilities cðiÞk , k¼ 1; 2; . . . ; lðiÞ, of selecting different
predictors for gene i. (4) When the data sample size is
small, we can adjust the clustering result and the corre-
sponding predictors by a local search technique.

4. PBN CONSTRUCTION FROM MICROARRAY DATA

4.1. Gene Clustering via Mutual Information Minimization

The motivation for considering mutual information is its
capacity to measure a general dependence among random
variables. The main idea of this technique is to identify a
relatively small number of candidate parents for each
gene based on statistics such as correlation. We then
restrict our search to networks in which only the candi-
date parents of a variable can be its parents, which results
in a smaller search space in which we can more efficiently
find a good structure. Mutual information I(X; Y) between
X and Y is a measure of information about X (or Y)
contained in Y (or X), and it is given by

IðX ;YÞ¼
X

Nx

i¼ 1

X

Ny

j¼ 1

PðX ¼xi;Y ¼ yjÞ ln
PðX ¼xi;Y ¼ yjÞ

PðX ¼xiÞPðY¼ yjÞ
;

where Nx (or Ny) is the number of possible values X (or Y)
can take. It is known that mutual information is always
non-negative, i.e., I(X; Y)Z0 (46). In practice, the prob-
abilities in the above definition are estimated by the
corresponding histograms.

Suppose we are to partition the set of gene variables
into k disjoint subsets as V¼X1,X2?,Xk. The cost
function is defined as the sum of pairwise mutual informa-
tion between any two subsets,

f ðsÞ¼
X

iOj

IðX i;X jÞ;

where s denotes a particular partition scheme. The simu-
lated annealing algorithm is employed to find an optimal
partition scheme such that the cost function attains the
minimum, i.e., s� ¼ argmins2S f ðsÞ, where S denotes the
set of all possible k-partition schemes. Finally, by varying
the value of k, we can find the number of clusters k* with
the minimal mutual information. Note that when the
number of genes is big, it is better to adopt the combined
mutual information and fuzzy c-means clustering algo-
rithm (8).

The set of parent genes for each gene is obtained by the
above mutual information-based clustering procedure.
However, in gene microarray analysis, the histogram-
based probability estimates are imprecise because the

sample size is small. Thus, it is not prudent to regard
this optimal partition-order k� as the final partition order.
Therefore, we choose several partition orders around k�,
and in particular, from the partition
sk��k1 ; . . . ; sk� ; . . . ; sk� þ k2 for some integers k1 and k2. Now
let the corresponding clusters containing gene xi are
CðiÞ1 ;CðiÞ2 ; . . . ;CðiÞlðiÞ, lðiÞ�k1þ k2þ 1, then it is natural to
define the l(i) sets fX ðiÞk g

lðiÞ
k¼ 1 as influencing sets for gene

xi to be composed of the other genes in C1;C2; . . . ;ClðiÞ. For
the moment, let us proceed under this assumption. Later
on we will make an adjustment on this assumption.

4.2. Predictor Construction Using Reversible Jump MCMC
Annealing

Based on the possible l(i) sets fX ðiÞk g
lðiÞ
k¼ 1, we want to

estimate the predictors f ðiÞk : X ðiÞk ! yi, k¼ 1; . . . ; lðiÞ from
the observations (in fact, yi should be xi, but to describe the
functions clearly, we let yi stand for xi). For notational
convenience, we consider a general formulation, f : X ! y.
We postulate a multivariate-input, single-output mapping
yt¼ f ðxtÞþ et, where xt 2 Rd is a set of input variables, yt 2
R is a target variable, et is a noise term, and t 2 f1; 2; . . .g is
an index variable over the data. The learning problem
involves computing an approximation to the function f and
estimating the characteristics of the noise process given a
set of m input–output observations
O¼ fx1;x2; . . . ;xm; y1; y2; . . . ; ymg.

We consider the following family of predictors:

M0 : yt¼ bþ bTxtþ et; ð6Þ

MJ : yt¼
X

J

j¼ 1

ajfðjjxt � ljjjÞ þ bþ bTxtþ et; ð7Þ

where 1rJrJmax and Jmax is an upper bound on the
number of nonlinear terms in Equation 7; f is a radial
basis function (RBF); 8 � 8 denotes a distance metric
(usually Euclidean or Mahalanobis); lj 2 R

d denotes the
j-th RBF center; aj 2 R

d is the j-th RBF coefficient; b 2 R

and b 2 Rd are the linear regression parameters; and et 2
R is assumed to be i.i.d. noise. Depending on our a priori
knowledge about the smoothness of the mapping, we can
choose different types of basis functions. Here the Gaus-
sian basis function is used, which is given by
fðRÞ¼ expð�R2Þ. Denote y¼ ½y1; . . . ; ym�

T,
a¼ ½b; b1; . . . ; bd;a1; . . . ;aJ �

T, e¼ ½e1; . . . ; em�
T, and

D9

1 x1;1 � � � x1;d fðjjx1 � l1jjÞ � � �fðjjx1 � lJ jjÞ

1 x2;1 � � � x2;d fðjjx2 � l1jjÞ � � �fðjjx2 � lJ jjÞ

..

. ..
. ..

.

1 xm;1 � � � xm;d fðjjxm � l1jjÞ � � �fðjjxm � lJ jjÞ

2

6

6

6

6

6

6

4

3

7

7

7

7

7

7

5

:

ð8Þ

We express the model (Equation 7) in vector-matrix form
as

y¼Daþ e: ð9Þ
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The noise variance is assumed to be s2. We assume here
that the number J of RBFs and the parameters
HJ9fl1; . . . ; lJ ; s

2; ag are unknown. Given the dataset O,
our objective is to estimate J and HJ, where HJ 2

Rk
�Rþ �OJ with k¼1þdþJ; that is, a 2 Rk;s2 2 Rþ ,

and l 2 OJ, where OJ is defined as
OJ ¼ l; mj;i 2 min1�l�m xl;i � 0:5; max1�l�m xl;iþ 0:5

� �� �

.
The Bayesian inference of J and HJ is based on the joint
posterior distribution pðJ;HJ jOÞ. Our aim is to estimate
this joint distribution from which, by standard probability
marginalization and transformation techniques, one the-
oretically expresses all posterior features of interest. It is
not possible to obtain these quantities analytically, be-
cause this would require the evaluation of high-dimen-
sional integrals of nonlinear functions in the parameters.
Consequently, we use a MCMC method to perform Baye-
sian computation. The basic idea of MCMC is to build an
ergodic Markov chain fJðiÞ;HðiÞJ ; i 2 Ng whose equilibrium
distribution is the desired joint posterior distribution
pðJ;HJjOÞ.

From Equation 9, given J; l1; . . . ; lJ, the least-squares
estimate of a is given by

â¼ ½DTD��1DTy: ð10Þ

An estimate of s2 is then given by

ŝ2¼
1

m
ðy�DâÞTðy�DâÞ¼

1

m
yTP�Jy;

where

P�J9Im �D½DTD��1DT : ð11Þ

Based on the minimum description length (MDL) criter-
ion, we can impose the following a priori distribution on J
(47):

PðJÞ / exp � Jþ
dþ 1

2

� �

log m

� �

: ð12Þ

Assuming the noise samples are i.i.d. Gaussian, it can
then be shown that the joint posterior distribution of
ðJ; l1; . . . ; lJÞ is given by (47),

pðJ; l1; . . . ;lJÞ / ½ðy
TP�JyÞ

�
m
2 �PðJÞ: ð13Þ

Hence the maximum a posteriori (MAP) estimate of these
parameters is obtained by maximizing the right-hand side
of Equation 13, which can be done by using the reversible-
jump MCMC algorithm (47).

4.3. CoD for Predictors

A natural way to select a set of predictors for a given gene
is to employ the CoDs (10,12). In the Appendix, we
introduce the traditional CoD and the relationship be-
tween traditional CoD and the CoD concept in nonlinear
filter design. Let xi be the target gene; X ðiÞ1 ;X ðiÞ2 ; . . . ;X ðiÞlðiÞ be
sets of genes; and f ðiÞ1 ; f ðiÞ2 ; . . . ; f ðiÞlðiÞ be function rules that are

estimated by the reversible-jump MCMC method devel-
oped in the previous section. Then the probabilistic error
measure eðxi; f

ðiÞ
k ðX

ðiÞ
k ÞÞ is defined as

eðxi; f
ðiÞ
k ðX

ðiÞ
k ÞÞ9E½jgðf ðiÞk ðX

ðiÞ
k ÞÞ � xij

2�; ð14Þ

where g is a binary-valued or ternary-valued threshold
function. For each k, the CoD for xi relative to the
conditioning set Xk

(i) is defined by (12)

yik¼
ei � eðxi; f

ðiÞ
k ðX

ðiÞ
k ÞÞ

ei
; k¼ 1; . . . ; lðiÞ; ð15Þ

where ei is the error of the best (constant) estimate of xi in
the absence of any conditional variables, and here it is
defined as ei¼ E½jxi � gðEðxiÞÞj

2�.
Usually, we limited the number of parents of each gene

to be less than 10. However, if it happens that there are
more than 10 genes in some classes, then we use a local
optimal clustering algorithm to recluster those sets or use
the CoD technique directly. Once a class of gene sets
X ðiÞ1 ;X ðiÞ2 ; . . . ;X ðiÞlðiÞ has been selected, we take the designed
approximations of the optimal function rules
f ðiÞ1 ; f ðiÞ2 ; . . . ; f ðiÞlðiÞ as the rule for gene xi with the probability
of f ðiÞk being cðiÞk ¼ yðiÞk =

PlðiÞ
j¼ 1 y

ðiÞ
j ; k¼ 1; . . . ; lðiÞ, where the

CoDs are the estimates formed from the training data
according to Equation 15.

The number l(i) of predictors is based on the optimiza-
tion of the number of clusters. Suppose the clusters
containing gene xi are C1,C2,y,Cl(i). Because of the diffi-
culty of estimating entropy with small sample sizes, there
is potential imprecision in these clusters. Consequently,
when sample sizes are small, as they are in the application
we will show next, we will proceed in a more flexible
manner in choosing the l(i) sets. Suppose Ck¼ {xi, gk1,
gk2,y,gk,r(k)}, where r(k) is the number of genes in Ck

besides xi. For j¼1,2,y,r(k), form the sets
fCk;Ckj1;Ckj2; . . . ;Ck; j; sðkÞg, where s(k) is the number of
genes not in Ck, by interchanging gkj with each of the
genes not in Ck. We then choose fk

(i) to be the predictor with
highest CoD from among the predictors formed from
Ckj1;Ckj2; . . . ;Ck; j; sðkÞ; j¼ 1; 2; . . . ; rðkÞ. Although this in-
creases the computational burden of finding the predic-
tors, it remains far less than required by the full-search
method.

5. EXPERIMENTAL RESULTS ON A MYELOID LINE

The ability of the mutual information clustering algorithm
and MCMC predictors to build probabilistic gene regula-
tory networks based on the observations in transcription
level has been tested in the context of responsiveness to
genotoxic stresses. The cell lines were chosen so that a
sampling of both p53 proficient and p53 deficient cells
would be assayed. By using the same dataset used for the
initial studies concerning nonlinear prediction in the
context of genomic microarray data (10), we can compare
the results of the above-described information MCMC
approach with the previously obtained results. The tern-
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ary data of the survey (14 genes and 30 samples) are given
in Ref. 10, where the conditions IR, MMS, and UV have
the values 1 or 0, depending on whether the condition is or
is not in effect. The 14 genes are RCH1 (x1), BCL3 (x2),
FRA1 (x3), REL�B (x4), ATF3 (x5), IAP� 1 (x6), PC� 1
(x7), MBP� 1 (x8), SSAT (x9), MDM2 (x10), p21 (x11), p53
(x12), AHA (x13), and OHO (x14). To maintain consistency
with Ref. 10, we continue to employ the blind controls used
in those studies, in which expression patterns for two
fictitious genes were created.

The optimal partition number is four, and we select the
k-partition schemes for k¼2 to k¼ 7. From the clustering
results in Ref. 11, we can find the possible parents for each
gene. Note that the artificial gene AHA (x13) has been
defined so that it is tightly coupled to p53 (x12). For the
details of the probabilistic gene regulatory networks based
on this dataset, we refer to Ref. 11. Here we compare the
results of the new information MCMC approach with
those obtained by using a full search restricted by a few
predictor genes. To do so, we consider one target gene, p53
(x12), whose predictor sets X ð12Þ1 and X ð12Þ2 are shown in
Table 1. Here we make some comparisons with results
reported in Ref. 10. In both studies, the CoD of a predictor
is estimated using cross-validation among the 30 samples:
20 samples are randomly chosen for training, the remain-
ing 10 samples are used for test data, and this is per-
formed 1000 times to estimate the CoD. It is known that
p53 (x12) is influential, but not determinative, of the up
regulation of both p21 (x11) and MDM2 (x10). Thus, some
level of prediction of p53 should be possible by a combina-
tion of these two genes. This expectation is met with p21
and MDM2 combining with ATF3 (x5) and AHA (x13) as
shown in Table 1. To fully interpret the results, we must
recognize that AHA is an artificial gene defined to couple
with p53. This is evidenced in Table 1, which shows that,
acting alone as X ð12Þ1 , AHA predicts p53 with a substantial
CoD. Adjoining p21, MDM2, and ATF3 increases the
MCMC CoD, whereas the perceptron CoD is unchanged
(the small variation in empirical error being insignificant).
We conjecture that the increment is caused by p21 and
MDM2. One should not be surprised to see the inclusion of
a noninfluential gene, such as we conjecture ATF3 to be, in
predictor sets. Not only is this inevitable when k is small,
but it also reflects the twin fact that not all related genes
are coexpressed and some unrelated genes have similar
expression patterns (48). The key point is that the set {
p21, MDM2, ATF3, OHO} forms a good predictor set for
the probabilistic gene regulatory networks.

In Ref. 10, the following statement was made regarding
p21 (x11): ‘‘As p21 shows both p53 dependent and p53
independent regulation in response to genomic damage, it

was expected that the p53 component would not be
recognized by the algorithm.’’ And it was not. The algo-
rithm chose {MDM2, ATF3} as the best predictor set with
perceptron CoD 0.356. In this study, although not having a
high CoD, p21 (x11) was recognized by the MCMC ap-
proach as contributing to strong determination when
combined with other genes in Table 2. Specifically, {p53,
OHO} has MCMC CoD 0.8044. The much lower CoD for
the corresponding perceptron indicates that the relation-
ship between {p53, OHO} and p21 is highly nonlinear. In
some nonlinear fashion, OHO, whose definition involves
p53 and MDM2, is working in conjunction with p53 to
provide strong prediction of p21. Table 2 also shows the
four-gene predictor set {p53, OHO, MDM2, ATF3}, for
which the MCMC CoD seems lower because of error
estimation based on such a small sample.

6. CONCLUDING REMARKS

In this article, we have briefly reviewed transcriptional
regulatory networks, Bayesian networks, BNs, and PBNs
in the genomic context. We also discussed a probabilistic
gene regulatory network construction method using mu-
tual-information-based clustering and MCMC predictor
design, which involves the following steps. First, the
number of possible parent gene sets and the input set of
variables corresponding to each gene are determined via a
clustering technique based on mutual information mini-
mization, which is solved using simulated annealing.
Then, each function is modeled by a perceptron consisting
of a linear term and a nonlinear term. A reversible-jump
MCMC method is used to calculate the model order and
the parameters. Finally, the CoD is employed to compute
the probability of selecting different predictors for each
gene. We have provided experimental results on micro-
array data from known gene response pathways including
ionizing radiation and downstream targets of inactivating
gene mutations. Finally we note that a fully Bayesian
approach to constructing probabilistic gene regulatory
network has been proposed recently in Ref. 43.

7. APPENDIX: CODS

The traditional CoD is defined in the linear regression
analysis. The linear model is defined as

yi¼ bþ bTxiþ ei; i¼ 1; . . . ;N; ð16Þ

where i.i.d. noise ei 2 N ð0; s2Þ. Let b̂ and b̂ denote the

Table 1. Regulatory Rules for Gene x12 (p53)

Reversible-jump
MCMC Perceptron

Parent Sets CoD cð12Þlð12Þ CoD cð12Þlð12Þ

X ð12Þ1 ¼fx13g 0.5532 0.4764 0.5532 0.5051
X ð12Þ2 ¼fx5; x10; x11; x13g 0.6080 0.5236 0.5421 0.4949

Table 2. Regulatory Rules for Gene x11 (p21)

Reversible-jump
MCMC Perceptron

Parent Sets CoD cð11Þlð11Þ CoD cð11Þlð11Þ

X ð11Þ1 {x8} 0.1233 0.0752 0.1233 0.2813
X ð11Þ2 {x12, x14} 0.8044 0.4904 0.1117 0.2548
X ð11Þ3 {x5, x10, x12,

x14}
0.7125 0.4344 0.2033 0.4639
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least-squares estimates of the parameters in Equation 16,
and ŷi¼ b̂þ b̂Txi, �y91

N

PN
i¼ 1 yi, then the following equal-

ity:

X

N

i¼ 1

ðyi � �yÞ2¼
X

N

i¼ 1

ðŷ2i � �yÞ2þ
X

N

i¼ 1

ðyi � ŷiÞ
2

ð17Þ

holds, where the first term of the right is called the
regression sum of squares and it reflects the amount of
variation in the y values explained by the model. Based on
the above equation, the CoD is defined as (49,50)

r2¼

PN
i¼ 1 ðŷ

2
i � �yÞ2

PN
i¼ 1 ðyi � �yÞ2

¼

PN
i¼ 1 ðyi � �yÞ2 �

PN
i¼ 1 ðyi � ŷiÞ

2

PN
i¼1 ðyi � �yÞ2

¼1�

PN
i¼ 1 ðyi � ŷiÞ

2

PN
i¼ 1 ðyi � �yÞ2

:

ð18Þ

Obviously, 0rr2r1. It is usually used for measuring
accurately the model fitting (51).

Correlation analysis attempts to measure the strength
of such relationships between two variables x and y using
the above similar definition. Assume that both x and y are
random variables and the measurements {(xi, yi); i¼ 1,
2,y,n} are observations from a population having the joint
density function f(x, y). Because myþbþ bTmx and
s2y ¼ s2þ k b k2 s2x according to Equation 16, then the joint
normal distribution of f(x, y) is given by (50)

f ðx; yÞ¼
1

2psxsy
ffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1� r2
p exp �

1

2ð1� rÞ2




�
x� mx
sx

� �2

�2r
x� mx
sx

� �

y� my
sy

� �

"

þ
y� my
sy

� �2
#)

;

ð19Þ

with

r2¼ 1�
s2

s2y
¼ jjbjj2

s2x
s2y

: ð20Þ

Actually, the r is the correlation coefficient. It might be
said then that sample estimates of r close to unity in
magnitude imply good correlation or linear association
between x and y. This definition of r2 is same as the
definition of r2 in Equation 18. That means the original
definition CoD is a metric to measure the correlation
strength between the prediction variable and the target
variable.

For nonlinear regression models, the CoD is still de-
fined as in Equation 18 and regarded as a kind of metric to
measure the model accuracy; meanwhile the author (51)
extended this definition to a more complexity definition.
Also in Ref. 45, the authors extended this definition to the
nonlinear filters; i.e., define r091

N

PN
i¼ 1 ðyi � �yÞ2 and

ropt91
N

PN
i¼ 1 ðyi � ŷiÞ

2 for nonlinear filter f; then the CoD
for this nonlinear filter is defined as

yCoD9
r0 � ropt

r0
¼ 1�

ropt
r0

: ð21Þ

Note that the equality (Equation 17) in nonlinear regres-
sion model does not hold. So, we cannot guarantee 0ry-
CoDr1. In Ref. 11, the CoD is properly generalized for
nonlinear filters.
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The sense of touch (somatic or haptic) involving force-
reflecting devices acting on, or in conjunction with, human
movement, provides a powerful paradigm to assist indivi-
duals in shaping their biodynamic actions in specific tasks
or scenarios (1). Haptics can behave as both a sensor (force
display) or an actuator (controller) with much research
accomplished in both areas. First a survey on current
biomedical and rehabilitation applications is provided. A
specific biomedical example is then presented that deals
with modulating control motions made by physically
challenged individuals that enabled more voluntary con-
trol. Finally, the future applicability of haptics or force
reflecting technology is given.

1. INTRODUCTION

As early as 1965 (2), it was recognized that many human
senses could be combined in a synergistic manner to
provide an ultimate display, using many different infor-
mation processing characteristics of people hence improv-
ing their ability to better interact with their external
environment. As the third most powerful sense (subordi-
nate to vision and hearing), haptics is a broad term used to
characterize how physical forces from the environment
may influence a human in the performance of a task and
the resulting interactions that may occur. Haptic inter-
faces have a natural application in biomedical and reha-
bilitation engineering because they can be used to correct
forces, change movements of individuals, or alert people to
their surroundings when this may provide an advantage.
A brief survey on current biomedical and rehabilitation
applications is first given. A specific biomedical example is
then presented that deals with manipulation of biody-
namic motions made by physically challenged individuals,
thus enabling more voluntary control. Finally, the future
applicability of haptics or force reflecting technology is
then described.

First a brief survey provides a flavor of the vast
applications possible concerning haptic devices in the
fields of biomedical and rehabilitation engineering.

2. A BRIEF SURVEY ON HAPTIC APPLICATIONS

Haptics are unique in the sense that they may perform
both as a display as well as a controller (3). The ensuing
discussion will review force reflecting devices that interact
with humans in a broad sense in both the biomedical and
the rehabilitation engineering area.

2.1. Applications of Haptics in the Biomedical Engineering
Area

In the year 2005, several applications of various haptic
interface devices and biomedical engineering exist. The
most popular use of force reflection devices occurs with the
training of physicians and surgeons through simulations
of the actual surgical procedure they plan to perform (4–
8). In this situation the person new to this procedure, with
a simulator, practices the surgical process and the goal is
to reflect forces back to the operator, which are realistic
and replicate the real application. The medical student
then obtains a feel for the course of action and does not
have to rely on only a visual simulation.

A second use of haptics is in an application similar to
the Tadoma procedure (9), whereas communication is
enhanced for individuals who may have reduced hearing
and vision by feeling both facial vibrations and motion.
Because the haptics feeling is the third most powerful
sense, and with the presumption that the first two senses
have been compromised, it seems plausible that this
method provides a viable technique to assist in commu-
nication for these challenged individuals.

Extensive research is still ongoing in the improvement
of virtual reality systems as evidenced in Refs. 10–12. In
these scenarios, the medical practitioner is at a different
location from the patient and the medical task must be
performed remotely. This process has application for
people on space ships, in military situations, and other
areas that are not easily accessible. Currently, surgeries
have been performed on animals and even people sited at
these remote locations.

Haptics, used in conjunction with medicine, has ap-
peared in various fields as evidenced by applications in
dentistry (13), surgery procedures related to urology (14),
vision (15), cardiothoracic (16), and the spine (17). Some
modern issues still consider the problems of management
of tremor (18), safety (19), and for improving the ability to
discern images (pattern recognition) with the assistance of
texture information provided back to the skilled profes-
sional who has to make decisions on the evidence pre-
sented via an x-ray or other image (20).

A brief review of recent applications related to haptics
in the rehabilitation engineering area is pertinent to this
discussion.

2.2. Applications of Haptics in the Rehabilitation Engineering
Area

A recent review of the underlying issues is now presented
relating how haptics influence humans in the performance
of a wide range of tasks related to rehabilitation. One can
first view the rehabilitation area within the context of
telerehabilitation (21), whereas technologies must be
transported to a group remote from the primary care
area. Tactile feedback can assist perceptional problems;
e.g. Tactile agnoisa is recognized as the partial (reduced)
reception of this powerful source of information (22).
Tactile aids can assist deaf patients who are not candi-
dates for cochlear implants. Devices can convert sound
into vibrations to provide patients with awareness of
sound (23). For people challenged for vision, sensory
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systems can be developed for these groups (24,25). This
type of sensory substitution has been a subject of great
interest with the classic reference (26) bringing this
concept to the literature. For the delivery of babies, tactile
sensory monitoring has achieved success (27). For mini-
mally invasive surgery, force-controlled teleoperated en-
doscopic graspers are receiving realization (28). Joystick
applications (29,30) are widely used for wheelchairs and
computer applications. For wheelchairs, many rehabilita-
tion applications involve understanding haptic issues
implicit in dynamics investigations (31), optimization
studies (32), sports applications (33), and pain issues
(34). Vibration studies are also of interest (35–37). Haptics
impacts the integrated controls concept (38), tremor as-
sessment (39,40), and for providing cognitive feedback for
functional electrode stimulation (FES) (41). Electrotactile
stimulation is another powerful application of haptic or
touch sensation on the skin as observed in Refs. 42 and 43.
Studies in pain management are a useful application of
this technology (44–46). A TACTICS system has been
developed for improving interpretation of visual images
(47). The overall concept of assisting persons who have
cognitive impairment has been investigated (48), which
may be viewed as robotic assistance (49). Improvement of
speech is ongoing (50), and virtual reality systems are
implementing haptics (51,52), which has applications in
rehabilitation engineering.

A brief description of the mechanism of haptics is now
presented.

3. THE MECHANICS AND DYNAMICS OF HAPTIC
INTERACTION

First it is necessary to distinguish the difference between
the display and the controller aspects of haptics. Recall
that haptics can act both as a sensor or as a controller.

3.1. Macroscopic View of Haptics

To understand the concept of haptics, Fig. 1a or b briefly
summarizes the key issues. There are two types of haptic
effects with humans. On the left side of Fig. 1a, when a
force is applied to the human body and no movement
occurs, afferent signals flow to the brain from the skin and
body tissues (kinesthetic information). In this paradigm,
the human acts like a sensor to the haptic information. On

the right side of Fig. 1a, the arm is now moving and
generating a force. In this situation, the brain is initiating
this action and the haptics sensation now appears much
like an actuator, which is different from a sensor. This
latter effect involves proprioceptive sensation including
tendons and muscles. Thus, haptics can act both like an
actuator or a sensor viewing different paths with the brain
as a result of each interaction. We now describe, in more
detail, some refinements of this macroscopic view of the
haptic universe.

3.1.1. Haptics as a Force Display (Kinesthetic or Afferent
Source). A great deal of research has been accomplished in
the afferent side of haptics, which occurs when forces
impact the skin and kinesthetic/cutaneous /tactile forms
of haptic information are produced. Within this context,
haptics appear as a force display. The glabrous skin has
five major types of receptors: free receptors (nerve end-
ings), Meissner corpuscles, Merkel’s disks, Pacinian cor-
puscles, and Ruffini corpuscles. Hairy skin has the
additional type of receptor, the hair-root plexus follicle
that detects movement on the surface of the skin, [see
Seow (53)]. Figure 2, adapted from Refs. 53 and 54,
illustrates these various receptors.

The Meissner corpuscles (53,54) represent over 40% of
the hand tactile receptors and lie just below the epidermis.

Horny layer

Epidermic

Corium

Subcutaneous
tissue

Meissner's
corpuscle

Merkel's
disks

Pacinian
corpuscle

Ruffini
ending Hair-follicle

receptor

Figure 2. Tactile receptors in the skin.

Static Forces Dynamic Forces

MovementNo Movement

Force
Applied Afferent Signals to

The Brain From the
Skin and Body Tissues
(Kinesthetic Information)

Efferent Signals from
The Brain To the
Muscles and Tendons
(Prioprioceptive Information)

(a) (b)

Figure 1. (a) Haptics or forces applied to the
human body. (b) Afferent and efferent signals
derived from haptics.
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These receptors can best detect the movement across the
skin and shift with the ridges of the skin. They function as
velocity detectors. The Merkel’s disks constitute 25% of
the receptors in the hand and have disk-like nerve end-
ings in the hand. They respond to pressure and can
provide vibration information. The Pacinian corpuscles
provide 13% of the hand receptors and are placed deeper
in the skin and detect acceleration. They can sense light
touch as well as vibrations. Ruffini corpuscles detect
pressure and skin shear as well as thermal changes.

There are processes of sensorial adaptation in which
the temporal variation of the number of potential dis-
charges produced by the receptors vary in response to a
constant stimulus. Also, these sensors can be character-
ized by how well they can resolve spatial information,
which defines their ability to act like mechanoreceptors.
For example, the lips are the most sensitive region; the
small of the back is least sensitive in resolving two points
spatially close. To briefly summarize this information, in a
force display sense, haptics can be viewed as a source of
afferent information with reference to the following key
variables: (1) force, (2) pressure, and (3) vibration. Skin on
different locations of the body has varying ability to detect
absolute levels of force, pressure, and vibration as well as
has varying sensitivity to detect pinpoint forces in a
spatial sense, as reviewed by Phillips (55).

Studies in haptics used in this afferent sense include
the Tadoma method (9,56), which provides powerful evi-
dence of the utility of touch information to improve how
people who are both blind and deaf can communicate with
each other. By placing their hand such that the fingers
touch the other person’s lips and neck, these challenged
individuals can discern spoken words at rates much
higher than can be achieved by alternative means. The
vibration sense is also powerful as demonstrated in Ref.
57, in which both experienced and novice subjects could
discern Morse code symbols more quickly and accurately
with the addition of vibration information to the standard
acoustical signal received.

3.1.2. Haptics as an Actuator (Proprioceptive or Efferent
Source). A difficult paradigm to evaluate haptics is when
the region of the human body affected by the force moves
or generates forces that interplay with the environment.
The complexity of understanding this interaction is com-
pounded by the fact that as muscle length changes (during
movement), this effect is nonlinear and hard to character-
ize. Nevertheless, several haptic studies have been con-
ducted in this regime because of their highly practical
nature, [cf. (58,59)].

To show an application of haptics to the biomedical
area, a specific study is selected in which it was clearly
demonstrated that some benefit could be derived from this
type of human–machine interaction.

4. A BIOMEDICAL EXAMPLE USING HAPTIC DEVICES

In Refs. 60–62, an interesting study was conducted with
physically challenged individuals (having some level of
spasticity or involuntary body motion) in an effort to

observe if certain haptic paradigms may be beneficial in
reducing the spastic motion generated by the subjects.
More voluntary control of the environment was a conse-
quence of these individuals interacting with an assistive
aid (haptic stick or force reflecting manipulandum) as
detailed in the following subsections.

4.1. Method

One important means of characterizing how well humans
perform tasks can be measured by information processing
techniques. A classic reference in this area is the well-
known Fitts’ Law (63), which demonstrated that humans
perform tasks much like an information channel. One
measure of a person’s ability to perform these tasks is
with an information theory measure characterized via
capacities with units of bits/second. The goal is to design
an experiment, involving haptics, with physically chal-
lenged individuals, which demonstrates that their capa-
cities to perform target acquisition tasks would increase
when augmented with force reflection devices. This pro-
vides two advantages to the subjects: (1) Their capacity to
perform tasks improves, and (2) the spasticity effects
would be mediated by the use of the haptic interface
without which the spasms would produce untoward bio-
dynamic motions in an unproductive manner. Figure 3
illustrates the overall closed-loop diagram of the experi-
ment discussed here to investigate capacity measures
with physically challenged individuals employing the
use of a haptic joystick to enable more control and
improved capacity in performing a special target acquisi-
tion task.

In Fig. 3, the subject sees a visual display, which is
further expanded in Fig. 4. The subject controls a force
reflecting joystick. This stick is operated in one degree of
freedom (sideways) in the same direction as the movement
of the cursor on the screen. The output of the joystick
becomes the input to a plant dynamics. The output of the
plant dynamics appears on the screen as the variable fo. A
force reflection algorithm is wrapped around the joystick
to compensate for spastic behavior of the subject. The task
objective is to move the cursor from the far right of the
display to reside inside the box on the left side of the

Display

ft

Target
Input

Human

Operator

Force Reflecting
Joystick

Plant

Dynamicsfo

fo

Plant
Output

Force Reflection

Algorithm

Force Loop

Position Loop

Figure 3. The closed-loop system to test physically challenged
individuals.
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display in minimum time. Figure 4 shows the task in more
detail, which will be shown, in the sequel, to be represen-
tative of a Fitts’ Law tracking task.

4.1.1. Apparatus. The joystick was a two-degree-of-
freedom electromechanical system (force reflecting manip-
ulandum) constructed for this experiment and controlled
the inner loop of Fig. 3, which was the force loop. This
inner loop ran at 300Hz for the haptic rendering. The
visual loop of Fig. 3 ran at 66Hz and was simulated via a
computer program written in Microsoft Quick C. The
entire system was PC based, and data collection was
achieved by a National Instruments Board with both a
D/A and an A/D interface between the PC and the D-C
Permanent Magnet Motors that reflected the forces back
on the subject. About 2 foot-pounds of torque could be
generated.

4.1.2. Stimuli. In Fig. 4, the subject manipulates the
cursor on the right (of width W2) with the joystick and
moves it leftward until it enters and remains inside the
box of width W1 for at least 300ms. The time to complete
this task was the acquisition time. The size of the cursor
W2 was manipulated to make the tasks easy and more
difficult. To understand the relationship between Fig. 4
and the information processing task of Fitts’ Law, Fig. 5
illustrates the classic Fitts’ Law scenario (63). Fitts’ Law
represents trading off speed for accuracy. On the vertical
axis in Fig. 5 is the time to acquire the target. Fast
acquisitions are near the bottom of the vertical axis, and

slow acquisitions are near the top of the diagram. The
horizontal axis has units of bits and is a measure of
difficulty. Easy tasks are to the left (low number of bits),
and more complex tasks are to the right (more difficult
tasks). The Fitts’ Law line represents a speed–accuracy
tradeoff. For fast tasks (high speed), the bits of difficulty
are low (reduced accuracy). For slow tasks, the difficulty
measure rises, which means highly accurate tasks require
a longer time to complete. The bits of difficulty are on a log
base 2 scale. Referring back to Fig. 4, it can be shown that
the bits of difficulty of the subjects in this experiment are
(60)

Bits of Difficulty¼ log2ð2A=ðW1 �W2ÞÞ: ð1Þ

What is the most useful attribute of Fig. 5 is the slope of
the straight line. The slope of the line has units of seconds/
bit. The inverse slope of this line is bits/second and is
identical to capacity measures used in information theory.
Thus, by calculating the line in Fig. 5, it is possible to
determine the capacity of the operator to perform a target
acquisition task. The inverse slope of this line is the
capacity of the individual. To better understand this
capacity measure, a low slope (flat line) indicates that
the subject does not change his acquisition time over a
wide range of complex tasks (he has high capacity).
However, for a steep line in Fig. 5, this indicates that a
slight change in task complexity significantly increases
the time to acquire the task, which is an indicator of low
capacity, because the slightest increase in complexity
adversely affects performance.

4.1.3. Subjects. Both male and female subjects who
participated were recruited from three areas: head
trauma injured (four subjects), cerebral palsy (four sub-
jects), and stroke survivors (two subjects). All subjects had
spastic (involuntary control) on the arm that was used
with the joystick. These subjects ranged in age from 10
years to 58 years and were compensated for their involve-
ment. A control group of both military and civilian em-
ployees at the nearby military base were also run with the
same apparatus. They ranged in age from 21 years to 45
years and were similarly compensated for their participa-
tion.

4.1.4. Procedure. Subjects were trained using three
different cursor sizes for W2 to represent tasks that had
easy, medium, and high difficulty. The scope of task
complexity was well covered by using the three different
cursor sizes. Because the objective of the study was to
investigate if haptics may improve performance, four
different types of haptic sticks were employed: (1) a
displacement stick (zero force to move the stick); (2) a
linear stick (displacement is linear with force, i.e., f¼k1

x), like a linear spring; (3) a quadratic stick (force in-
creases with the square of displacement, i.e., f¼k2 x2 );
and (4) a cubic stick (force increases with the cube of
displacement, i.e., f¼k3 x

3). In essence, the stick behaved
like a spring with zero force, linear force, a force that was
quadratic with distance, or a force that was cubic with

Square Box Target

Width = W1

W2 W2

Cursor at time t f Cursor at time t0Amplitude = A

Figure 4. Display task, which gives rise to Fitts’ Law.
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Figure 5. Fitts’ Law of information processing with humans.
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distance, which was a variable (haptics) with four levels of
treatments for the haptics. The null hypothesis that was
desired to be rejected was H0: There would be no difference
between the displacement stick and any haptic condition
in terms of the dependent measure of capacity measured
from the subjects (physically challenged or normals).

4.1.5. Data Analysis. After training, the subjects prac-
ticed until their performance showed asymptotic levels
(less than 5% change on successive days). They practiced
the four stick conditions in random order until they also
reached asymptotic behavior with the haptic conditions.
On data collection days, the four sticks were presented in
random order and the acquisition times were recorded.
Knowing the bits of difficulty from Equation 1, and the
empirically derived acquisition time, using plots similar to
Fig. 5, the capacity measures could be derived.

4.2. Results

Because brevity must be the style here, Fig. 6 illustrates
the average capacity measures for the four sticks averaged
across all spastic subjects. Statistical tests confirmed that
the quadratic and cubic stick were significantly more
effective in improving the capacity of the subjects than
the displacement stick (which is the standard in present-
day systems). What is most interesting from Fig. 6 is that
the spastic subjects could achieve capacity levels with the
cubic stick, which were greater than the normal subjects
when they had to use the displacement stick. Thus, the
physically challenged individuals performed better than
comparable normals when the normals had no haptic
advantage. In fact, one head trauma injured subject had
not experienced voluntary control for these types of tasks
for a period of over 10 years but could control a computer
cursor through the use of the joystick and the cubic force
reflection algorithm employed.

4.3. Discussion

There is an interesting interpretation on why the most
nonlinear stick (cubic over quadratic over linear) was
more effective in improving the capacity of these physi-
cally challenged individuals to perform this target acqui-

sition task. With reference to Fig. 7, a position and force
control system are compared. Traditionally the units of
the error signal define the type of control system used at
the summer, which differences the feedback signal to the
command signal. In the top of Fig. 7 is a position command
system because a position command signal is the input on
the left. The summer differences this input with a feed-
back signal generating an error, which still has units of
position. In the bottom of Fig. 7 is portrayed a force control
system. In this situation, the force command is differenced
with a force feedback error producing a force error. The
units of the error are still force; hence, this is a force
control system.

With Fig. 7 in mind, and comparing it with the results
displayed in Fig. 6, the more nonlinear the stick (f¼k3 x

3

versus f¼k2 x2 versus f¼k1 x) is approaching a force
control system in contrast to a position control system
(less displacement occurs). The more nonlinear the force
reflection, the more the inner loop in Fig. 3 behaves like a
force control system rather than a position control system,
which should be more effective during a spasm because
the modulation of the arm motion is better affected by a
force scheme (in contrast to position) because this is the

Force Error

Force Feedback

Force
Command

Position
Command

Position Feedback

Position Error
+

+

−

−

Figure 7. A position and force control system.

0

0.5

1

1.5

2

2.5

3

3.5

4

A
ve

ra
ge

 c
ap

ac
ity

 in
 b

its
/s

ec
on

d

Displacement Linear Quadratic Cubic
Stick condition

Capacity in bits/second for physically challenged group

Series 1

Figure 6. Average capacity measures for the four
stick conditions for the physically challenged
group.

HAPTIC DEVICES AND INTERFACES 5



source of the problem. A more detailed discussion is
contained in Ref. 60.

5. FUTURE STUDIES IN HAPTICS

For space travel, military applications, and for work in
hazardous environments, more sophisticated means will
be required to deal with people in these remote regions
who may need assistance from an expert at a safe and
distant location. Visual and audio feedback can enhance
the sense of presence about the remote environment, and
haptic devices may also provide important knowledge to
enable this possible interaction. The challenges are to
provide accurate force feedback and to maintain stability
in the intervening system. Certainly when time delays
and other high uncertainty factors enter into the human–
machine system, stability and control will be key issues to
be concerned with and haptics provides such an enabling
platform.

6. SUMMARY AND CONCLUSIONS

The third most powerful sense, haptics, can be employed
in a variety of applications related to biomedical and
rehabilitation engineering. Both afferent and efferent
uses of haptics can improve how humans deal with their
external environment. Future applications of these sys-
tems include remote control operation when a skilled
operator is located at a safe venue and the medical mission
has to be performed at a distant location. Haptics may
provide an improved sense of presence for tasks to be
performed in these scenarios and can play a key role in
biomedical and rehabilitation applications.
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1. INTRODUCTION

Human perception combines information from various
sensors, including visual, aural, haptic, and olfactory, in
order to perceive the environment. Virtual reality applica-
tions aim to immerse the user into a virtual environment
by providing artificial input to its interaction sensors (i.e.,
eyes, ears, hands). The visual and aural inputs are the
most important factors in human-computer interaction
(HCI). However, virtual reality applications will remain
far from being realistic without providing to the user the
sense of touch. The use of haptics augments the standard
audio-visual HCI by offering to the user an alternative
way of interaction with the VE.

One of the major application branches of haptic-en-
abled virtual environments is medicine. In the following,
the most important medical application areas are briefly
presented and described.

1. Echography examination is a nonintrusive techni-
que in which the observation and examination of the
organs such as the heart, liver, and spleen are
achieved permitting the evaluation of the fetus for
normal development as well as the blood flow
through specific vessels. In many places, such as
small hospitals and health centers, it is possible that
echography-related equipment exists, but there are
no experts able to perform the examinations. Typical
cases include many small medical centers, isolated
sites, or rescue vehicles, which do not have the
appropriate well-trained sonographer to perform
the initial echography for the evaluation of the
emergency level (1).

2. Training systems for blind and visually impaired
people are based on interaction in real situations;
usually with the assistance of nonblind trainers.
Navigation of the blind users in real-world situa-
tions exposes them to real danger and increases the
possibilities of ending to undesired situations such
as accidents. Typical examples include applications
that allow blind people to access 3D information
such as maps (2), or navigate in realistic environ-
ments using a virtual cane (2,3).

3. Further, most phobia treatment techniques require
the patient to be somehow exposed to the phobia
object either physically (real life, in vivo exposure) or

mentally (visualization or imaginary exposure). The
physical exposure environment is difficult to be
achieved because it often requires the presence of
both the therapist and the phobic person, outside of
the therapist’s office, which results in increased cost
and time for the therapy, possible public embarrass-
ment concerns, loss of confidentiality, and risk of
potential physical harm (4).

In this chapter cases where diagnosis, treatment, and
rehabilitation of patients can be improved by the use of
haptic-enabled virtual environments will be discussed. A
brief introduction into VEs and their components is pre-
sented in the sequel.

The chapter is organized as follows. The following
paragraph briefly presents the aspects of haptic virtual
environments. Then, factors that affect haptic interaction
are described and methodologies used for the generation
of force feedback in medical applications are analyzed. The
next section presents a number of haptic-enabled inter-
faces that are used in medical applications. A number of
cases where medical treatment or training is improved
using haptic-enabled interfaces is presented in the last
section.

1.1. Haptic Virtual Environment

The term virtual environment (VE) describes an environ-
ment that is fully or partially simulated by a computer.
Most VEs offer primarily visual experiences, displayed
either on a computer screen or through special stereo-
scopic displays. However, a VE may include sensory
information concerning any of the other human senses
(i.e., hearing, touch, taste, and smell).

Haptics is the study of how to couple the human sense
of touch with a computer-generated world. Lack of the
sense of touch in virtual reality systems and simulations
causes several problems concerning the provided realism
and immersion of the user in the virtual environment
(VE). For example, if a user tries to grab a virtual cup, no
nonvisual way exists to let the user know that the cup is in
contact with the user’s virtual hand. Also, no mechanism
exists to keep the virtual hand from passing through the
cup (5). Haptic technologies attempt to solve these pro-
blems. They can be subdivided into two main subfields:
those that provide force (kinaesthetic) and those that offer
tactile feedback.

Force feedback techniques deal with devices that inter-
act with the muscles and tendons that give the human a
sensation of a force being applied. These devices mainly
consist of robotic manipulators that push back against a
user with the forces that correspond to the environment
that the virtual effector is in.

Tactile feedback techniques deal with the devices that
interact with the nerve endings in the skin, which indicate
heat, pressure, and texture. These devices typically have
been used to indicate whether the user is in contact with a
virtual object. Other tactile feedback devices have been
used to simulate the texture of a virtual object.

Haptic-enabled VE is a VE, which includes the sensory
information concerning the sense of touch. Such environ-
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ments have been used in the past to assist medical
branches such as echography examination, phobia treat-
ment, rehabilitation environments for the blind, kinaes-
thetic therapy, and several surgery cases.

2. HUMAN FACTORS IN HAPTIC INTERFACES

Humans with poor or no visibility use their hands in
exploring environments. Humans are very good at identi-
fying 3D objects placed in their hands, but are not as able
to identify 2D objects (6). In 2D exploration, such as
exploring raised surfaces on a plane, humans use a set
of exploratory procedures as observed by Lederman et al.
(7). In order to design and develop haptic interfaces in a
virtual environment, it is important to ensure the safety of
the user as well as to study the limitations of human
perception to forces and tactile feedback. In the following,
the characteristics of human haptic perception abilities
will be discussed.

2.1. Anatomy and Physiology

In order to correctly design a haptic interface for a human,
the anatomy and physiology of the body must be taken
into consideration. In force feedback, the proportions and
strengths of average joints must be considered. As the
hands are most often used for haptic interfaces, the
properties of the hand should be considered when design-
ing a new interface. In tactile feedback, the interface must
track several variables of the human sense of touch. The
fingers are one of the most sensitive parts of the surface of
the skin, with up to 135 sensors per square centimeter at
the fingertip (8). Also, the finger is sensitive to up to
10,000Hz vibrations when sensing textures, and is most
sensitive at approximately 230Hz.The fingers also cannot
distinguish between two force signals above 320Hz; they
are just sensed as vibrations. Forces on individual fingers
should be less than 30–50 N total. For the average user,
the index finger can exert 7 N, middle finger 6 N, and ring
fingers 4.5 N without experiencing discomfort or fatigue
(8).

Humans are very adept at determining if a force is real
or simulated. In an experiment conducted by Eberhand et
al. (9), a device was used to determine how humans
reacted when they sensed that an object they were holding
began to slip. The device consisted of a solenoid attached
to a metal plate, which was allowed to slide when the
solenoid was turned off. None of the subjects were tricked
into believing that the object was actually slipping. They
all noted that ‘‘something was wrong with the object,’’ but
none commented that the object behaved as if it were
slippery.

Studies show that a strong link exists between the
sensations felt by a human hand, such as an object
slipping, and the motions the hand was going through to
acquire that knowledge, such as holding an experimental
apparatus (10). The human haptic system is made up of
two subsystems, the motor subsystem and the sensory
subsystem. A strong link exists between the two systems.
Unlike the visual system, it is not only important what the

sensory system detects, but what motions were used to
gain that information.

Another important factor in virtual reality systems is
the situation when a visual cue and a haptic cue are in
contradiction. The visual cue typically overpowers the
haptic cue. This fact could help solve ‘‘the stiff wall
problem,’’ which is as follows. It is very difficult to create
a machine that will correctly simulate the meeting of a
virtual object with a hard immovable object. To overcome
this problem, the user is presented with visual feedback,
which presents that he has reached a hard surface, which
gives the impression to the user that the virtual wall is
rigid, even though the haptic interface does not give the
force of a hard, stiff surface, but rather a linear Hooke’s
law approximation.

2.2. Safety Issues

In attempting to portray physical forces, robotic systems,
which are much stronger than the finger joints, must be
designed to account for the flexion and extension
strengths and flexibility of the human joints. If an inter-
face for the ‘‘average user’’ is being considered, it should be
considered that the size of the hand affects the extension
of the fingers and the flexion range. A hand that is larger
than the average user will not be able to flex its finger as
designed and could be injured by the interface (11,12).
Also, the user must be able to overpower the system,
because the user must feel like being in control and cannot
be injured by the device if its control system fails (9).

3. HAPTIC FEEDBACK GENERATION

In this chapter, the evaluation methodologies to calculate
force and tactile feedback will be described. Specifically,
force feedback calculation from rigid and deformable
objects as well as the implementation of haptic texture
and friction used in most cases of haptic-enabled applica-
tions will be analyzed. Moreover, methodologies used to
represent the haptic texture of objects in order to increase
the simulation realism will be described. Such cases
include texture representation by recording and playing
back the haptic properties of soft tissues for minimally
invasive surgical simulations and training (13). Other
haptic texture representation techniques are used in the
case of ‘‘HapticIO’’ project (14), as well as for the simula-
tion of rehabilitation applications for blind users (15).
Friction is another important property in haptic VR
simulations. Lack of friction causes objects in the VE to
be very slippery and hard to interact with. In the case of
rehabilitation applications, friction is used to allow the
user understand differences between objects in the VE
(15), where as in surgical simulation friction is used in
order to allow realistic interaction with the virtual organ
(16). Both friction and texture are important in haptic
applications because they increase the realism of the
environment and thus improve the performance of the
users. Medical teleoperation systems that use haptic for
assessment or treatment of patients require the use of
synchronization techniques concerning the workspace
scaling and data transfer time delay (17).
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In the following, details will be provided for all afore-
mentioned properties that influence the haptic feedback
generation in medical VEs.

3.1. Force Feedback

Force feedback from rigid objects is usually calculated
using a spring force model. The force applied to the user is
perpendicular to the object surface and is calculated using
the following formula.

F¼ k � d; ð1Þ

where k is the spring constant that depends on the
physical properties of the simulated object and d is the
penetration depth of the probe into the object.

For deformable objects, the force feedback is calculated
directly from the deformation properties of the model.

4. HAPTIC TEXTURE REPRESENTATION METHODOLOGIES

In human sensing and manipulation of objects, the per-
ception of surface texture is fundamental for both accurate
identification and perceptual realism. The identification of
everyday objects depends crucially on texture information.
Therefore, haptic texture rendering and material proper-
ties are important in order to create flexible simulations
capable of suggesting soft silk velvet, rough cotton denim,
or silk satin. As with graphical textures, a major design
constraint for haptic textures is the generation of a
sufficiently ‘‘realistic’’ texture. All objects have a surface
roughness, which manifests itself as small forces when
objects slide under load against each other. Simulating
this roughness using haptics enriches the interaction
between a user and a virtual world. Thus, designers of
haptic displays for virtual environments or telerobotic
applications have attempted to provide textural informa-
tion to users when conveying aspects of virtual objects,
and have developed a variety of algorithms and hardware
that can present a convincing simulation of surface tex-
tural features.

4.1. Texture Sampling Methods

Fritz in his thesis (18) presented two implementation
techniques for texture sampling: the lattice texture and
the local space texture methods. Generating the texture
on a uniformly spaced integer lattice provides a means for
spatial filtering and introducing neighborhood dependen-
cies of the samples on the lattice. The local space techni-
que takes advantage of the local nature of haptics and
requires only two samples: the current one and either the
previous or next sample. This method is versatile and fast,
but texture repeatability is not guaranteed and filtering
can only be accomplished based on the single distance
parameter.

4.2. Implementation of Random Textures

In Fritz and Barner (19), synthetic texture generation
achieved through the use of stochastic modeling techni-
ques to produce random and pseudorandom texture pat-

terns. These models are based on techniques used in
computer graphics textures generation and textured im-
age analysis and modeling. The features of a texture are
described through its power spectrum, where modifica-
tions of the spectrum produce various textures. Finally,
filtering is used to shape the power spectrum of the
texture primitive, while keeping the high-frequency power
sufficiently low. The technique discussed in this paper, and
the preliminary results obtained, show that a wide variety
of textures can be simulated through the use of simple
random and pseudorandom models and linear filters.
Filtering not only provides texture variation by modifying
the power spectrum, but also helps to keep the texture
force signal from causing instability problems in a haptic
interface. These textures may not represent real textures,
but are suitable for data visualization where the impor-
tant feature is perceptible differences.

4.3. Implementation of Real Texture

The goal of real texture implementation is to model the
properties of the material and to use them in order to
create realistic texture feeling. Minsky’s (20) pioneering
work on synthetic texture rendering uses a 2D force
feedback joystick. Specifically, a technique is proposed
for creating a class of textures and small features on the
surfaces based on their geometry, which allows an auto-
matic pipeline from a height map of small surface features
to a haptic display of the surface. This method is used to
implement synthetic lateral-force gradient texture, as-
suming a spring model of force and triangle wave texture.
Using this system, called Sandpaper, she created haptic
simulations of mechanical systems, solid materials, real-
world surface textures, nonphysical materials, some hap-
tic representations of medical imagery, and a user inter-
face prototype. This method of creating simulations of
textured surfaces led to objectively realistic surface simu-
lations.

5. FRICTION REPRESENTATION METHODOLOGIES

Friction is an important feature in the implementation of
virtual worlds that use haptic interaction. Several physi-
cal models such as Coulomb’s friction law or Dahl’s friction
law describe physical properties of friction. Lack of friction
in virtual world makes objects seem sleepy and thus hard
to recognize or use. Studies on the implementation of the
theoretical friction models in the virtual environment
have been proposed so as to give more realistic haptic
feedback. The most common friction model is the static–
kinetic friction model:

~Ff ¼

min ð ~Fp
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�

�

�

�

�
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�

�

�
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�

�
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�
mf~n kinetic

8

>

<

>

:

; ð2Þ

where Ff is the friction force, ms is the static friction
coefficient, mf is the kinetic friction coefficient, Fp is the
perpendicular force between the two surfaces, v is a unit
vector with direction opposite to the velocity of the object,
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and Fa is the tangential applied force to the object .
Although the model is relatively simple, several problems
exists concerning implementation of friction to haptic
interfaces because of the discontinuity of the function
when changing from the static to kinetic model and vice
versa. For this reason, several approaches have been
proposed using as a base Coulomb’s or other models in
order to provide friction to haptic-enabled VEs.

The models described in Refs. 21–23 discuss the way of
using Coulomb’s model with a haptic display. In Ref. 24,
Dahl’s model is implemented for virtual haptic use. The
viscous case is discussed in Refs. 22 and 25. Drag friction
(22) is also examined for usage in haptic environments.
Finally, many models of friction are studied in Ref. 26 and
Karnopp’s model is suggested for usage with haptic dis-
plays.

The following table presents various friction represen-
tation methods proposed in the past:

Model Main Characteristics

Coulomb’s Law –spring law
(21,27).

Implementation of the model
gives smooth results.

Dahl’s friction model Stick-
creep-slip-slide model (24).

Discrete calculation model, ro-
bust to noise accounts vector
motion and forces (2D–3D)
and neither drift or relaxes.
The normal force is assumed
to be constant.

Coulomb’s (stick-slip), vis-
cous, drag friction models
(22,28).

Uses friction models (viscous,
drag) as they are in physics.
Coulomb’s friction law uses
estimations of the normal as
well as the lateral forces.

Coulombs’ model (varia-
tion) (23).

The two coefficients of kinetic
friction are supposed to give
more realistic feeling.

Viscous model (25). Modeling of friction is imple-
mented to avoid slippage in
the VE. It uses viscous friction
model for all cases. Friction is
not implemented for realistic
feeling but just to avoid slip-
page.

Karnopp’s model(26). A complete, recent study on
using friction in a virtual
world. A complete study about
the stability conditions of the
friction algorithm provided
exists. It is hard to define fric-
tion parameters for materials.

Experimental model (29). The friction used is not found
by a function following a
model but from previous ex-
periments on the materials.
Experiments are not made
using the human finger-pad
but materials.

‘‘Textured’’ friction (30). An experimental model based
on measurements using Phan-

Model Main Characteristics

tom. It works well only for stiff
surfaces.

Vibrations instead of fric-
tion (31).

Braille reading is possible
using this method. Not realis-
tic feeling.

Integrated friction model
(32).

Can accurately describe fric-
tion behavior as observed in
experiments or described in
literature. The model calcula-
tion needs integration and no
implementation exists for
usage with haptic displays

LuGre (33,34). Friction hysterisis that is ex-
perimentally observed is de-
scribed by the model. Model
is oriented for controlling de-
vices.

6. SCALING AND TIME DELAY IN HAPTIC-ENABLED
SYSTEMS

Another important issue for haptic interaction in VEs is
the workspace scaling. As proposed in Ref. 35, if scaling is
applied only to the positions, and the forces felt by the
human remain the same as measured, then the appearing
stiffness of the environment changes because of the scal-
ing factor s. The scaling factor is then defined by:

xslave¼ s � xH : ð3Þ

If scaling is performed only to the position, then:

Ku¼
fEnv

Dxslave � 1S
¼S � KEnv; ð4Þ

where Ku is the stiffness felt at the operator side, fEnv is
the force measured, Dxslave is the actual displacement, and
KEnv is the stiffness of the environment. In order to avoid
changes in stiffness, the force feedback vector can be
calculated using the formula,

fH ¼KpðxH � xslave=SÞþKf fEnv=S; ð5Þ

where fH is the force vector sent to the haptic device, Kp

represents a virtual coupling (8) between the master and
the slave system, xH is the position of the haptic device
probe, xslave is the position of the remote robot probe, s is
the scaling factor, Kf is a control parameter (normally
equal to one), which can be tuned down if communication
delay affects the stability of the system, and fEnv is the
measured force vector. The first part of the sum is hys-
terisis force. The hysterisis force provided to the users
does not exist in the real world. The reason of its existence
is to avoid having different positions between the probe in
the virtual and the real world.
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7. HAPTIC INTERACTION DEVICES

Today, there is a large number of haptic equipment are
available in the market. This section will refer to a
selection of general-purpose haptic devices, which were
or are used in medical applications as well as a number of
haptic devices specially developed to be used for medical
purposes.

The PHANToM (http://www.sensable.com) is a high-
end force feedback device from SensAble Technologies. It
has six degrees of freedom for reading the position of the
probe and three or six degrees of freedom concerning the
feedback, depending on the model.

The CyberGlove (http://www.immersion.com) is a light-
weight glove with flexible sensors. The sensors measure
the position of the fingers and the wrist. Two models of the
glove exist for either hand: the 18-sensor and the 22-
sensor glove. The 18-sensor glove features two-bend sen-
sors on each finger, sensors measuring thumb crossover,
palm arch wrist flexion, and abduction. The 22-sensor
model adds sensors to measure the flexion of the distal
joints of the fingers. The CyberTouch is a tactile feedback
option for CyberGlove. Six vibrotactile stimulators, one for
each finger and one for the palm, that can be programmed
independently construct the CyberTouch. The array of
stimulators can generate simple sensations such as pulses
or sustained vibration. The CyberGrasp Haptic interface
is a force-reflecting exoskeleton that fits over CyberGlove.
The grasp forces are exerted via a network of tendons that
are routed to the fingertips. The device exerts grasp forces
that are roughly perpendicular to the fingertips through-
out the range of motion. Forces can be specified individu-
ally.

CathSim AccuTouch system is a device specifically
designed for the training of nursing and phlebotomy
students. The device allows health-care professionals to
gain experience using the device instead of performing the
procedure on patients. The device combines cognitive and
motor skills training into an integrated learning experi-
ence. Various types of patients are simulated and the
system is even able to create complications. The student
is able to feel the needle and catheter insertion into the
skin and vein lumen.

Endoscopy AccuTouch Simulator includes three types
of endoscopic procedures: flexible bronchoscopy and upper
and lower gastrointestinal flexible endoscopy. It is a
computer-based system for teaching and assessing motor
skills and cognitive knowledge, enabling novices and
experienced physicians to practice in a safe environment.
The systems uses real-time computer graphics, including
anatomic models developed from actual patient data and a
robotic interface device. Force feedback is provided
through the flexible scope to emulate the actual feel of a
procedure.

The Endovascular AccuTouch Simulator allows clini-
cians to practice endovascular procedures such as PTCA,
stenting, and cardiac pacing. Endovascular procedures
require careful attention to interpretation of the fluoro-
scopic image as well as the subtle feel transmitted through
guide wires, catheters, and other interventional devices.
The Endovascular AccuTouch System, which duplicates

the look and feel of the actual procedure, provides clin-
icians the ability to develop their skills, prior to perform-
ing the procedure on a patient and to return to maintain
their skills.

Hysteroscopy AccuTouch System is a simulation plat-
form for hysteroscopy procedures. The system provides an
immersive haptic-enabled virtual environment for cogni-
tive and motor skills training. The system allows physi-
cians to experience the appropriate resistance, while
navigating through cervical canal and uterus. Digital
simulations of real-life procedures, complications, and
tool/tissue interaction let clinicians learn hysteroscopy
procedures in a realistic, risk-free environment.

The Laparoscopic Surgical Workstation is a hardware
interface designed to simulate laparoscopic surgery. For
optimum training, surgeons helped develop the high-
strength and high-fidelity haptics necessary to render
life-like simulation. This interface has two fully instru-
mented tools, providing the highest level of haptic feed-
back on the market today. This system enables developers,
researchers, and educators to develop software for simu-
lating laparoscopic abdominal procedures such as: chole-
cystectomy, tubal ligation, oophorectomy (ovariectomy),
endometriosis treatment, and nissen fundoplication.

8. HAPTIC INTERACTION ENVIRONMENTS FOR MEDICAL
APPLICATIONS

Several haptic-enabled VR systems have been developed
to assist medical branches such as echography, cardiology,
laparoscopic surgery, eye surgery, phobia treatment, re-
habilitation, and minimal invasive surgery operations. In
the following, some of these branches are indicatively
presented so as to clarify the applicability of haptic inter-
faces in medical applications.

A remote robotic echography system is proposed in Ref.
1. The proposed system consists of the following two main
parts: an environment for the display of the ultrasound
image/video and the environmental video, providing the
appropriate tools for allowing an expert to perform remote
diagnosis using a haptic interface. The first part of the
graphical user interface is the component for viewing,
handling, and processing medical image/video files. A
haptic-enabled VE for controlling and monitoring the
remote mobile station, which includes a virtual reality
3D environment to provide the expert with visual and
haptic feedback during the examination, is also provided,
as shown in Fig. 1.

WISHKATS (Warwick, Imperial, Sheffield Haptic Knee
Arthroscopy Training System) is a virtual reality training
simulator being developed for knee arthroscopy. The
required fidelity for such a simulator is a result of several
interrelated factors such as the specific task examined, the
experience of the user, the capabilities of the human
perceptual system, and user acceptance. In Ref. 36, a
human factors approach is described including considera-
tion of theory, fieldwork, and experimental work to de-
scribe optimized fidelity with a focus on the production of
innovative haptic feedback. Typically, haptics generation
is constrained by device design and performance. WISH-
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KATS design is being mediated by research to determine
the necessary accuracy of a haptic device in terms of
human perception. Fidelity will be tuned to the sensitivity
of the human cognitive system for specific task perfor-
mance (36).

It is obvious that training of surgeons in virtual
environment will never substitute completely training
on synthetic bones and on cadavers. However, it allows
students to perform the initial routine work entirely in the
haptic-enabled virtual environment (Fig. 2), saving cost
and training time (37).

Haptic feedback, during minimally invasive operations,
is provided by mechanical manipulators, which makes the
implementation of simulated surgical instruments, which
provide force feedback based on the available technology,
feasible. Although the availability of force feedback during
minimal invasive surgeries is relatively limited, force
feedback is an essential component for the design of
realistic simulation environments (14,16). The used inter-
face consists of a mechano-electrical box, which is the
artificial body, a set of minimal invasive surgery tools and
switches that enable the control interactions with the
simulation such as scene lighting and resetting. The
doctors/trainees use the haptic-enabled surgery tools of
the system to perform minimal invasive surgeries such as
laparoscopic surgery (14). The system offers realistic
haptic feedback by simulating the force feedback using
deformable object/organ properties as well as friction and
haptic texture through the KISMET (KInematik Simula-
tion, Monitoring and offline programming Environment
for Telerobotics) (14).

Microsurgical tasks are another section where haptic
technologies can be used. Eye surgery is one of the most
demanding microsurgical tasks. The surgery requires
both submillimeter precision and eye-hand coordination
in a very small workspace. Researchers have developed
eye surgical simulators, including the modeling of capsu-
lorhexis procedure during cataract surgery (Fig. 3). The
proposed prototype capsulorhexis simulator uses complex
3D graphical models along with a high-fidelity haptic force
feedback device. The simulation of the capsulorhexis and
the force feedback is based on a mathematical model of
various tissue tear problem, which provides a training and
learning environment using simulation techniques in-
stead of actual patients (38,39).

Besides, the medical assessment and surgery simula-
tion applications haptic-enabled VEs are used in rehabi-

Figure 1. User interface of tele-echography
application.

Figure 2. Semitransparent representation of virtual femoral
neck fracture fixations.
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litation applications including applications for blind users
and for patients with kinaesthetic problems. Specifically, a
training system for the blind and the visually impaired is
proposed in Ref. 2. The system allows blind people to
interact in a haptic-enabled VE by using a virtual white
cane. The system is designed so as to provide an alter-
native way to train blind users to use the cane. The main
added value of the system compared with existing training
systems is that the users can study various cases in a safe
and controlled environment prior to practicing in the real
world.

In the cane simulation application, the user navigates
in 3D virtual environments, which represent existing
outdoor or indoor places. The following figure illustrates
blind users using a 5DOF haptic device to interact with
the VR environment (Fig. 4). The user on the left tries to
cross a road using the virtual cane. Haptic and audio
feedback is provided whenever collision of the cane and
any object of the scene is detected. The user on the left
navigates in an indoor area representing an apartment.

Another important application is the examination of
map models from visually impaired people. These models
can be either indoor maps of apartments, public offices,
and so on, or outdoor maps of cities neighborhoods, and so
on. The maps of such applications are 3D representations
of indoor as well as outdoor areas. In the following figures,
a blind user is investigating the 3D map, which represents
the structure of an apartment. Besides haptic, which is
directly applied to the user’s hand, audio feedback is also
used in order to inform the user about his/her exact
position in the virtual environment (i.e., kitchen, living
room) (Fig. 5).

Another approach that uses haptics for rehabilitation is
the development of systems for kinaesthetic therapy. A
haptic-enabled VE has been used for patients with motion
coordination disorders of the upper limbs. The therapy
environment is targeted to help patients who have lost
precision/control of their arm-hand gestures (Fig. 6)(40).

As already mentioned, phobia treatment requires in
many cases the exposure of the patient to the phobic
object. Realistic VEs provide a compromise between real
and imaginary exposure of the patient and minimize the
potential risks of real exposure and the uncertainties of
the imaginary exposure. Haptic interaction in VEs in-
creases the immersion of the patient in the environment
and reduces the overall treatment time (4).

Figure 3. Haptic-enabled cataract simulation.

Figure 5. Blind user exploring a virtual 3D
map using haptic interaction.

Figure 4. Cane application – a rehabilita-
tion – training environment.
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8.1. Impact of VE Exposure Therapy

Besides applications for surgical simulation and teleme-
dicine, haptic-enabled VEs provide an alternative means
of training and interaction for special population cate-
gories like the visually impaired and for phobic persons.
The major advantage lies in the fact that the user is never
exposed to the danger (e.g., streets during cane simulation
for the blind) or to the phobic object. This fact combined
with the game-like nature of virtual reality immerses the
user within the VE therapy, thus increasing its influence.

8.2. Financial Issues

Despite the efficiency of the afore-mentioned systems and
tools in medical applications, today they remain far from
being financially accessible for individual users because of
their high cost. Possibly only organizations for special
population categories (like schools for the blind) could
afford such equipment for providing these services to their
members. The cost for these services could also be dis-
tributed among user and health insurance companies with
a percentage of 75% for the insurance companies and 25%
for the users.

9. CONCLUSIONS

Haptic-enabled VEs provide powerful tools in the hands of
doctors and medical researchers. During the latest years,
numerous VR applications have been developed aiming to
assist them. Indicative examples are cases such as surgery
training, rehabilitation techniques, and cases where med-
ical treatment and assessment is not possible. The use of
haptic-enabled virtual environments is usually considered
as an alternative solution in cases where assessment and
treatment of patients is not possible.

Details concerning the implementation of haptic-en-
abled VEs including methodologies for the calculation of

force and tactile feedback and haptic texture and friction
modeling techniques were also provided in this chapter.
Finally, a number of medical-related applications that use
haptic-enabled VEs were presented in order to illustrate
the applicability of haptics in medical applications.
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1. INTRODUCTION

To deliver health care effectively, even the most basic
hospital must have functioning technology (1,2). Yet, in a
developing world hospital, as much as 60% of the equip-
ment does not work (3). Basic diagnostic tools, such as x-
ray imaging (4), do not exist, do not function, or lack the
necessary infrastructure to be used in most of the world’s
public hospitals. Functioning clinical laboratory equip-
ment often consists of nothing more than a hand-cranked
centrifuge and a microscope with a broken light.

Although it is tempting to blame this situation exclu-
sively on the political or economic conditions of the third
world, in fact, biomedical engineering has played a role in
the failure to deliver medical technology to the developing
world. For example, x-ray imaging and microscopes have
existed in the clinical setting for more than 100 years. Yet
the modern designs for these basic tools typically operate
for little more than six months once introduced into the
developing world. It is the design of such equipment that
has failed the majority of the world, and design is the
domain of biomedical engineering.

Before continuing, it is convenient to clearly distin-
guish between biomedical engineers and clinical engi-
neers. Clinical engineers (CE) are defined here as those
involved in the purchasing, maintaining, or repairing of
the medical equipment in a hospital. Biomedical engineers
(BME), on the other hand, are defined as those involved in
the research, development, design, and production of
medical equipment. Formal training in the respective
disciplines is not considered in these definitions. In other
words, engineers with degrees in Biomedical Engineering
may be employed as CEs and vice versa.

Although primarily concerned with BMEs, this article
does touch on some aspects of clinical engineering. This
article will discuss the interaction of biomedical engineer-
ing and the developing world, as well as the tremendous
opportunity that BMEs have to contribute solutions to
common third world problems. First, however, some back-
ground information on developing world health care may
be helpful.

2. HEALTH CARE TECHNOLOGY IN THE DEVELOPING
WORLD

The United Nations (UN) sees the developing world
through the lens of their human development indicators.
Human development is ‘‘about creating an environment in
which people can develop their full potential and lead
productive, creative lives in accord with their needs and
interests’’ (5). Of the 5 billion people living in the devel-

oping world (5), 1 billion are illiterate, 1 billion lack access
to safe drinking water, and 2.5 billion lack access to basic
sanitation (6). 11 million children under the age of five die
each year from preventable causes (7). The life expectancy
in the least developed country in the world (Sierra Leone)
(5) is 38 years, as compared with 77 in the United States
and 78 in much of Europe. In the United States, $4000 is
spent per capita on health care, about $2000 per capita in
Europe and less than $100 per capita in every one of the
35 nations with very low human development, with less
than $50 in most (5). Malaria has been all but eradicated
in the developed world, yet 37,000 of every 100,000 people
are killed by malaria in Zambia (5).

Both technical and nontechnical factors contribute to a
country’s development. The principle nontechnical factors
are political. Military or one-party (person) rule can lead
to low human development (5). Lacking a commitment to
international standards in human rights can also lower
human development. Civil war has torn apart many of the
nations at the bottom of the UN Human development
index.

Some people have claimed that inherent, nontechnical
factors, such as cultural bias, climate, or geography, are at
the root of a developing country’s condition. These argu-
ments are sometimes used as a pretext for inaction.
Although climate may play a role in some diseases, in
many developing nations, a thriving private sector for
health-care delivery exists. The private system typically
delivers excellent health care, rivaling that available in
the developed world. Thus, it cannot be argued that
inherent, irreversible factors prevent the delivery of
high-quality health care.

The relationship between the private sector and public
sector is somewhat different in the developing world and
deserves mention. In the United States, the private sector
serves the majority of the population through employer-
offered insurance. Users pay a small co-pay. U.S. citizens
without insurance use the public hospitals, where treat-
ment is often free. In the developing world, the private
sector serves a very small percentage of the population
(perhaps 3–4%). Users must pay the full fee for their
services. The public hospitals and clinics treat the major-
ity of the population. Users of the public system in the
developing world must, typically, still pay a small co-pay.
Therefore, unlike in the United States but somewhat
similar to Europe, health care for most citizens is deliv-
ered at a small cost by public hospitals.

3. AN EXAMPLE TECHNOLOGY

Examples of both failures and successes of modern biome-
dical engineering may help illustrate the problems faced
by BMEs when designing for this environment.

3.1. Diagnostic X-ray Imaging

Diagnostic x-ray imaging is critical for quality health-care
delivery. Yet, it remains unavailable to most hospitals in
the developing world. Engineering World Health (EWH)
recently completed a small survey of diagnostic x-ray
imaging availability in some of the world’s poorest coun-
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tries (4). As part of this report, EWH visited a total of eight
hospitals in Sierra Leone (the poorest country in the
world), Haiti (the poorest country in the western hemi-
sphere), and Nicaragua (the second poorest country in the
Americas) (5). The survey documents the mobile and
stationary, working and nonworking diagnostic imaging
x-ray machines. Where the machines are broken, the
cause of the removal from service was noted. The survey
results are summarized in Table 1. (The numbers in
parentheses are the number of broken machines.)

Each hospital had at least one operating room and an
intensive care unit. La Mascota and Leon Hospitals con-
duct thoracic surgeries. Yet, only one of the eight hospitals
had a working mobile x-ray machine, a tool typically
considered essential for thoracic surgery and nearly es-
sential in any intensive care unit. In several cases, the
hospital had a mobile machine, but it was broken, most
often because of an expired x-ray tube. The stationary x-
ray machines were also broken because spare parts were
unavailable, again, principally the x-ray tube. Only ap-
proximately half of the hospitals had a working stationary
x-ray machine. Even La Mascota, the largest pediatric
hospital in Nicaragua (250 beds) had no working x-ray
machine of any kind—stationary or mobile. In short, one
of the most common and perhaps essential medical tools
remains largely unavailable in the developing world.

3.2. Successes of Biomedical Engineering

As an example of where biomedical engineering has
succeeded, consider public health and the delivery of
medical care in disaster relief and temporary situations
(refugee camps, war zones, etc.) (8). In the last ten to
twenty years, a large range of engineering solutions have
been implemented in the field. Large-scale water bladders,
easily implemented approaches to sanitation, and applic-
able approaches to vector control have made significant
contributions to public health for disaster relief (9)
(although these are arguably the domain of civil engineer-
ing).

Other notable niches exist where practitioners have
engineered solutions to health-care delivery to meet their
needs. For example, the use of a sterile glove has as an
antireflux tool for pneumothorax (8). The use of a white-
hot paper clip to perforate the nail in the case of hema-
toma (8), and cryosurgery for eye care (10). Several
organizations have succeeded in delivering appropriate
first-world medical technology to the developing world.

Most notably, Engineering World Health, Project Hope,
and Project Cure have significant efforts.

4. OBSTACLES TO TECHNOLOGY IMPLEMENTATION

Clearly, the presence of political instability, an uninformed
health ministry, and economic weakness are the primary
barriers to technology in developing world health care.
However, there are secondary factors that directly relate
to biomedical engineering.

4.1. Obstacles that Biomedical Engineers Must Consider in
Design

The ever-increasing cost of the latest developments in
health-care technology is one of the barriers to implemen-
tation for certain technologies. For example, a single MRI
machine can cost US$10,000,000, or about 0.5% of the
entire economy of Sierra Leone (as opposed 0.0001% of the
U.S. economy) (11). Although it is not possible for Sierra
Leone, a country of 5.6 million people, to purchase such
equipment, the city of Memphis, Tennessee, with 1.2
million citizens, has more than five MRI machines. The
University of Saskatchewan installed an MRI machine for
dogs in January of 2003 (12).

However, in many cases, capital cost is not the primary
barrier to technology in the developing world. For exam-
ple, many American firms stand ready to donate their
used equipment, sometimes working, to needy hospitals.
These well-meaning donations often result in disappoint-
ment and frustration to the recipients. Even after the
capital is donated, barriers exist to technology implemen-
tation.

The most common barrier is the lack of spare parts.
Inevitably, equipment breaks and requires spare parts.
However, the required spare parts may not have been
donated with the capital and may not be available in the
developing world. Spare parts may not be available be-
cause the parts may not be made anymore or because the
CE staff do not have the expertise to find alternatives. For
newer equipment, the parts may be made, but may not be
affordable in the developing world. Even when the parts
are affordable, the hospital may lack the tools required to
execute the repair.

Lack of tools is a severe problem in the developing
world. Even screwdrivers and wrenches are sometimes
unavailable to the CEs. Slightly more advanced equip-

Table 1. EWH Survey of Mobile and Stationary, Working and Nonworking X-ray Machines

Country Hospital Number of Mobile X-ray Machines Number of Stationary X-ray Machines Number of Beds

Sierra Leone Connaught 1 (1) 1 (2) 500
Good Shepard 0 0 (1) 30
Bo 0 1 (2) 225
Kissy 0 0 (1) 150

Haiti Jacmel 0 (2) 1 (1) 250
La Vallee 0 0 50

Nicaragua La Mascota 0 (1) 0 (2) 250
Leon 0 (1) 1 (2) 400

Numbers in parentheses are the number of broken machines.
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ment such as voltmeters and oscilloscopes are rarely
available in the world’s poorest countries. Testing equip-
ment that CEs consider essential in the United States,
such as patient simulators, artificial lungs, and defibrilla-
tor calibrators, are nearly nonexistent in the third world.

After the lack of spare parts and tools, the next major
barrier is the lack of service manuals. As every manufac-
turer provides service manuals with their equipment, the
lack of service manuals is usually the result of donors
sending equipment, but failing to donate the service or
even the user’s manuals. In some cases, the manuals were
included, but only in English. Alternative language man-
uals may be difficult or impossible to obtain.

Another barrier is the lack of reliable power and water
(13). Much of today’s equipment assumes an existing
infrastructure of at least water and electricity (14). Some-
times distilled, deionized water must be available. In
small quantities, specialized water is not an obstacle.
However, continuous sources are not typically available.
Power is rarely available on a continuous, reliable basis in
developing world hospitals, and may not be available at
all. Some measurements exist that inherently consume so
much power, such as MRI, that without reliable electricity
they must be considered impossible. However, many mea-
surements do not require large amounts of energy. The
equipment simply has not been designed for alternative
environments.

There are a few subtle problems worth mentioning. A
considerable ‘‘brain drain’’ occurs from the developing
world. That is to say that modern medical equipment
often requires highly skilled technicians to operate and
maintain. Yet, technicians and engineers who become
highly trained can find jobs in the developed world. The
result is that there are few highly skilled technicians in
the developing world, despite the ever-increasing need for
specialized training.

Even where there are adequately trained personnel,
the environment (no tools, no spare parts, and no man-
uals) can lead to frustration. Corruption in the govern-
ment, perhaps extending to the public hospitals or
centralized biomedical engineering facilities, can add to
the frustration. Long-standing frustration with one’s job
can lead to detachment from the environment. The de-
tachment can decay to the point where no work is
attempted, even when the job could be accomplished. So,
it is sometimes the case that equipment remains broken in
a developing world hospital, even when the tools, spare
parts, and expertise are available to repair the equipment.

5. TECHNOLOGY OBSTACLES BROUGHT ABOUT BY
BIOMEDICAL ENGINEERING

Certainly, the most common barrier created by biomedical
engineering is the promotion of disposable supplies, where
reusable alternatives exist. For example, there are few, if
any, U.S. hospitals using metallic, reusable, ECG electro-
des today, having replaced them with disposable, sponge-
based, self adhesive pads. At first, this substitute appears
to be less expensive, since application is faster and they do
not require cleaning and sterilizing between uses. How-

ever, the apparent cost savings are labor costs. In the
developing world, labor costs are very low; the metallic
ECG electrodes are actually a cheaper option for the
developing world.

Another design issue is the need for specialized power.
The delivery of electrical power is unreliable in the devel-
oping world. An ideal equipment design would tolerate
very large fluctuations in the power grid voltage, includ-
ing battery or manual operation backups for periods of
power outage. However, most designs available today are
intolerant to power line variation. Battery backup is
occasionally provided for patientcritical applications, but
manual operation is rarely available as an alternative.

The use of servicing contracts for sophisticated equip-
ment, although not specifically a biomedical engineering
phenomenon, has become an obstacle incorporated into
the equipment designed by biomedical engineers. In other
words, the equipment is expressly designed to be serviced
at regular intervals. In some cases, the equipment will
simply stop working if it is not serviced every six months.
Such high levels of service are not realistic in the devel-
oping world. Equipment must operate with minimal ser-
vice for many years. Where service is required, it must not
require specialized training, tools (including a computer),
or manuals. Particularly frustrating is equipment that
requires knowledge (sometimes arbitrary knowledge, such
as a secret code) that can only be acquired after complet-
ing the manufacturer’s training course.

In some cases, the need to add features to compete has
created equipment that is expensive to maintain. In the
United States particularly, equipment competes in a mar-
ketplace that is not overly cost-sensitive. A good example
is blood electrolyte analyzers. The basic technology used is
the electrochemical sensor. This basic technology is rela-
tively easily maintained and supplied. However, the desire
to automate the process and simplify maintenance in the
developed world has led to the design of analyzers that
require frequent replacement of specialized chemical
packs and sensor heads. In some cases, the cost of the
required replacement items quickly exceeds the cost of the
analyzer. Thus, the addition of the feature of automation
and simplicity of use has created a product that cannot be
sustained in the developing world.

6. NONOBSTACLES

Although real barriers exist to technology in the develop-
ing world, there are several unsubstantiated barriers that
biomedical engineers inappropriately avoid in the adap-
tive design process. One misconception is that there are
not sufficient doctors in the developing world. Although
this may be true in a statistical sense, in the major
hospitals (where health-care technology is concentrated),
an adequate staffing of doctors often exists. Often, those
doctors are well trained in the developed world. Similarly,
there are often sufficient nurses in the hospitals, although
the training level may not be sufficient.

A related misconception is that instruments must be
simple to use, which is simply not true. The people in the
developing world can be trained to operate any instrument
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that a first-world hospital staff can use. In fact, if any-
thing, the staff of a developing world hospital is more
tolerant of lengthy, labor-intensive tasks. For a developing
world application, it is quite acceptable to provide a
simple, perhaps eloquent, device that is complicated to
use.

Although it was mentioned above that the one-time cost
of modern equipment is a barrier, exceptions exist. In
some instances, the government can pool its resources to
purchase a single piece of expensive equipment. Thus,
capital costs should not necessarily be considered an
obstacle to deployment.

7. CURRENT BME STRATEGIES TO ADDRESS OBSTACLES

As the infrastructure support for modern medical equip-
ment is lacking in the developing world, and because an
educated population can deliver the necessary infrastruc-
ture, one solution to the problem is to deliver training to
the local population. In this vein, biomedical engineers
and clinical engineers have set up schools to train the CEs
in the public hospitals. However, these projects can be
unsuccessful because, after receiving their training, the
engineers or technicians are sufficiently skilled to compete
for higher paying jobs outside of the public sector. In this
sense, education may backfire, removing talent from the
public health-care system.

An alternative approach is advocated by International
Aid, a faith-based aid organization with a medical tech-
nology division. International Aid conducts training in
electronics and medical equipment repair in six four-week
modules. In most of their locations (Ghana, Philippines,
Kosovo), they offer three modules per year over a two-year
period or, even more common, two modules per year over
four years. All training is offered in the host country.
These extended formats allow for adequate training while
guaranteeing that the student remains in the host country
for at least the duration of the training.

One solution to filling a technology gap is to export
first-world technology into the third world. There are
many organizations that donate medical technology to
the developing world, and the UN and the World Bank
may give loans or donations to poor countries to purchase
medical equipment, which, in certain cases, is the ideal
solution to rebuilding a country. However, in other cases,
this approach has led to only limited success. There are
certainly thousands, if not millions, of pieces of donated
equipment in the developing world. However, only a small
percentage remains functional. Aside from all the barriers
to continued functionality already mentioned, donated
equipment can also be ineffective because a cable or
accessory can be forgotten, the equipment breaks in
shipping, the hospital technical staff may not be prepared
to properly install the equipment, or the training to use
the equipment is inadequate.

Another approach is advocated by EWH. Instead of
focusing on sending equipment, EWH focuses on sending
biomedical engineers and clinical engineers to the devel-
oping world. When these engineers arrive, they deliver
equipment, train the local population, deliver spare parts,

and install equipment. Frequent short-term training ses-
sions lead to local competence. Students, professionals,
and technicians volunteer their time to travel to the
developing world with this organization.

8. UNTAPPED POTENTIAL OF BME

Despite the efforts of several groups to help the developing
world, the list of strategies presented in the previous
section does not address the complete list of obstacles.
The lack of targeted efforts toward solutions by biomedical
engineers includes assessment, delivery, and development
weaknesses.

8.1. Assessment

The needs of each developing world hospital are unique to
some extent. A consulting CE should begin working with a
hospital by taking inventory of the hospital’s equipment.
The CE should evaluate the training level of the staff and
the availability of adequate infrastructure. However, no
software and hardware tools exist that are specifically
designed for the assessment of developing world hospitals.
Tools for the developed world are often too expensive and
too unreliable for use in the developing world.

8.2. Delivery

One of the most acute needs is the delivery of specialized,
technical service. Modern technology would be a good
investment for the developing world if the service contract
were donated with the equipment. However, at present, no
organization exists that delivers medical equipment ser-
vice contracts to needy hospitals. Most manufactures do
not offer free or low-cost service to the developing world or
specialized training to engineers willing to donate their
time to travel to the developing world to deliver the
service.

No biomedical engineering organization exists that
focuses on the delivery of spare parts, tools, or manuals
to the developing world. No organization exists that de-
signs alternative spare parts for older medical equipment.
Yet, spare parts, tools, and documentation are among the
most critical needs of developing world CEs.

9. EDUCATION, RESEARCH, DESIGN, AND
DEVELOPMENT STRATEGIES

The group that could have the most impact on the state of
health care in the developing world is biomedical engi-
neers. As a group, biomedical engineers have the training
to research new technology, design new tools, and develop
entire strategies for the reliable, low-cost delivery of
health-care technology. However, to a large extent, biome-
dical engineers have ignored the developing world.

No consistent policy exists toward education in the
developing world by, and for, biomedical engineering.
Little effort is expended to help create biomedical engi-
neering departments in developing world universities.

Very little is being done to design specialized equip-
ment for the developing world. Engineering solutions for
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the developing world can be envisioned for x-ray, ultra-
sound, electrosurgery, clinical laboratory equipment, etc.
Alternative designs avoid disposables, consider the low
cost of labor, require little power, little service (or easily
delivered service), require little specialized training for
servicing, etc. Although the manufacture of such equip-
ment would require an effective economic model, design
requires only an organized effort by volunteer engineers.

A subtle problem encountered by biomedical engineers
is the creation or promulgation of standards that are
inappropriate for the developing world. It is often as-
sumed that the application of first-world standards to
the third world will improve their condition. In fact, the
governmental enforcement of these standards can reduce
the quality of care.

For example, the standard for storage life is based on a
risk-benefit analysis under the assumption that an out-of-
date vial can be replaced by a new vial. However, when
faced with using an older vial or having no treatment at
all, it may well be preferable to use the older vial.
However, strict adherence to U.S. standards for storage
life has lead some developing world nations to destroy
thousands of vials of effective medicine every year, while
their population goes without treatment.

No international body advocating specialized stan-
dards for the developing world exists. Therefore, develop-
ing world governments, faced with no alternative
standards, must adopt and enforce the first-world stan-
dards, inevitably leaving some patients with inferior care.

Finally, very little, if any, money is put into the
research and development of new technologies for the
developing world. Notable exceptions exist, for example,
the detection and treatment of certain diseases (e.g.,
malaria, TB, and AIDS) receive considerable attention.
However, the funding of alternative technologies for diag-
nostic x-rays, neonatal incubation, electrosurgery, and
many other common technologies is nearly nonexistent.
Biomedical engineers should be at the forefront of en-
couraging their governments to fund these types of tech-
nology development on an equal footing with disease-
oriented projects.

10. CONCLUSIONS

Biomedical engineering stands in a unique position. There
are billions of people who have a strong need for health-

care technology solutions. Engineers can design and de-
velop tools and techniques to meet their needs. Although
the financial gains may be slight, the gains in human
development promise to be enormous. Engineering health
care for the developing world could be one of the next great
challenges for biomedical engineering as a profession.
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1. INTRODUCTION

The heart rate variability (HRV) and its control have been
studied extensively under the assumption of linearity.
Thus, linear analyses were performed both in the time
domain and in the frequency domain.

The HRV control is achieved by several oscillators in
the central nervous system (CNS) and different control
loops that interact with each other. Thus, the hypothesis
that the general control over the cardiovascular system is
nonlinear seems natural. Indeed, much evidence exists for
nonlinearity in the HRV control. For example, some of the
control mechanisms exhibit nonlinear properties such as
the baroreflex control. Indeed, its response curve has a si-
gmoidal shape as a function of the different levels of arte-
rial pressure (1). In addition, some studies based on linear
tools suggested that the system might be nonlinear, for
example, a study by Toledo et al. (2). This research focused
on the very-high-frequency peaks in the HR power spectra
of heart transplant patients and suggested that they may
originate from nonlinearities, which become more domi-
nant in the denervated cardiovascular system.

It is therefore assumed that the irregular time course of
the RR intervals (RRI) signal may also be characterized by
a nonlinear dynamics analysis, as a complementary anal-
ysis to the widely used linear approach.

Recent progress in nonlinear dynamics has provided
new methods for the study of multivariable, complex sys-
tems. These methods are especially valuable for the anal-
ysis of experimental data obtained from a single variable
time series. They are thus ideal for the study of the RRI
signal, which, as a single series, combines and reflects the
complex nonlinear control over the cardiovascular system.

2. NONLINEAR DYNAMICS

The study of dynamical systems is based on the idea of
oscillation and vibration, which characterize regular or
irregular motion. Nonlinear dynamics is a branch in
mathematics that deals with rhythms in nonlinear equa-
tions.

Many systems, including different oscillator systems,
are described by set of n first-order ordinary differential
equations:

d

dt
~XðtÞ¼Fð~XðtÞÞ;

where ~X is a vector in <n (n-dimensional phase space) and
F is a vector field over this space. A set of differential

equations, such as the above equation, is called a flow. If F
is not linear with respect to ~X, then the dynamic of the
system is defined as nonlinear. Most of the time, the flow is
not integrable (i.e., no analytical solution exists). In these
cases, the study of the flow is done by analyzing the tra-
jectory in the phase space of each solution.

Physical systems in general and physiological systems
in particular are dissipative systems. In these kinds of
systems, the trajectories will converge toward an attractor
in the long-term. An attractor is a compact set in the phase
space, which is invariant under the flow or mapping (3). In
focusing on studding attractors, one neglects transient ef-
fects and concentrates on the asymptotic regime.

In many cases, the equations that describe the dynam-
ical system are not known. Therefore, the task that the
experimentalists are often dealing with is to characterize
the system’s dynamics based on the time evolution of one
or more of the parameters of the system.

Nonlinear dynamical systems can be analyzed based on
a one-dimensional time series, x(t), due to the unique
characteristic of nonlinear systems in which all variables
in a process are generically connected. Thus, no discon-
nected subspace of variables exists. Given only a one-di-
mensional time series, x(t), it has been shown (4) that one
can reconstruct (embed) the full motion of the system in
phase space by applying the method of delayed coordi-
nates:

~FðtÞ¼ ðxðtÞ; xðtþ tÞ; . . . ; xðtþ ðn� 1ÞtÞ;

where t is an arbitrary delay time constant, n is called the
embedding dimension, and ~FðtÞ is a vector whose elements
are the coordinates of a point in an n-dimensional space.
The trajectory of ~FðtÞ in its n-dimensional space is related
to the trajectory of the initial system in its full phase space
by smooth differentiable transformations, thus keeping
the invariants of motion unchanged.

3. PHASE SPACE PORTRAIT

Temporal plots of RRI display fluctuations in an appar-
ently random manner. In order to look for deterministic
behavior in these signals, it is possible to plot RRI at beat i
(RRIi) against the RRI at beat iþ1 (RRIiþ 1) (5–11). Awell-
defined trace in this plot implies that the time series is of a
deterministic origin, whereas a scattered plot is a typical
characteristic of a stochastic process. These kinds of plots
are called the phase space portrait of the signal. They are
also referred as First Return Maps, or Poincaré Maps. An
example of the plots for RRI series obtained during differ-
ent sleep stages can be seen in Fig. 1 (9).

Naturally, these plots could be used as a first tool to
obtain some familiarity with the system’s dynamics. The
limitation of these plots develop from the fact that the
density of the plot, namely the number of points covering
the same region in the plot, is ignored, thus plots from
remarkably different RRI signals may look the same.

Nonetheless, the phase space portrait method is able to
show differences between several clinical conditions; for
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example, Woo et al. (6) obtained three visual qualitative
distinct patterns for patients with advanced heart failure,
and Guzzetti et al. (7) found a different structure of the
trajectories between normal and transplanted patients.
These phase space plots of RRI have the ability to differ-
entiate between slow wave sleep and REM sleep (9). More-
over, Mourot et al. (10) and Tulppo et al. (11) computed
quantitative parameters based on the phase space plots
and were able to obtain useful information on vagal mod-
ulation of RRI dynamics during exercise. The phase space
plot might thus be relevant in various clinical conditions.

4. SURROGATE DATA

In contrast to linear statistical tools, an essential aspect of
the nonlinear methods is that they cannot be used as a
black box routine. Although the calculation of many of the
nonlinear parameters for a time series will result in a
valid number, its relevance as a reliable describer of the
data depends on the general understanding of the system
under study. It is thus recommended that the first step in
analyzing a time series, which is suspected to develop
from a nonlinear dynamical system, should be to establish
the existence of nonlinearity in the time series by using
the surrogate data method (12).

By this approach, a certain linear model is chosen as
the null hypothesis. Then, the original data is used to
construct several realizations of surrogate data. In the
process of this reconstruction, some of the properties of the
original data are preserved, whereas others become sto-
chastic. A discriminating nonlinear statistic (for instance,
correlation dimension, largest Lyapunov exponent), which

is some characteristic parameter of the time series, has to
be evaluated in order to compare the original data with its
surrogate realizations. When a significant difference is
found between statistics of the real data and that of the
surrogate data, then the null hypothesis can be rejected.

Several methods exist for producing surrogate data,
each related to a different assumption of a stochastic lin-
ear model. One of the common null hypothesis for analyz-
ing RRI signals (7,13,14) assumes that the entire
structure of the data is provided by the autocorrelation
function or, equivalently, by the Fourier Power spectrum.
The related surrogate data can thus be produced by ran-
domization of the phase of the Fourier transform, followed
by the inverse transform.

The surrogate test is widely used and most of the HRV
studies begin with it. It was tested for experimental (15)
and clinical (7,13,14,16) studies for a variety of physiolog-
ical conditions such as healthy conditions, myocardial in-
farction, or transplanted heart, for ages ranging from
newborns to elderly people. Most of the studies used the
phase randomization surrogate method. A diversity of dis-
criminating statistics were used, such as mutual informa-
tion (13), correlation dimension (7,12), and nonlinear
prediction error (15).

As expected, the null hypothesis, that the HRV devel-
ops from a linear system, was rejected in many studies
(7,13–15).

Although HRV has been extensively studied with sur-
rogate tests, it is still recommended to perform the test
again for each new study, in order to validate the nonlin-
earity of the studied time series. However, it is important
to note that the surrogate data method is only capable of

(a) (b)

(c) (d)

Figure 1. An example of phase space portrait of
RRI, in which RRI at beat number i is plotted
against the RRI of beat number iþ1. The signals
were recorded in the same subject at different sleep
stages: (a) Sleep stage 2; (b) Sleep stage 4; (c) REM
(rapid eye movements) stage; (d) Awake. One can
easily see the different patterns for the different
stages. (Unpublished Picture by Z. Shinar, A. Bah-
arav, Y. Sivan, and A. Akselrod.)
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detecting some kind of nonlinearity by denying the specific
linear null hypothesis. Therefore, careful attention is
needed in choosing the specific null hypothesis and dis-
criminating statistic for each application.

In addition to identifying nonlinearity in a specific sig-
nal, surrogate data is also used to verify synchronization
between two signals, in our case between RRI signals and
another signal such as respiration (17,18) or external
stimulation (19). In these cases, the results obtained
from the real signals were compared with those from sur-
rogate data in order to verify that the synchronized epi-
sodes obtained could not result from a random signal.

After successfully passing the surrogate test for non-
linearity, the study reaches its main part in which the
data will be quantitatively analyzed with nonlinear tools.
A variety of nonlinear parameters can be calculated, such
as correlation dimension (7,14,20,21) largest Lyapunov
exponents (LLE) (7,13), entropy (7,13), and the nonlinear
prediction error (21) of the system. Below, we will elabo-
rate only on the first two, which are considered to be the
most popular classifiers of dynamical systems.

5. CORRELATION DIMENSION

The correlation dimension (D2) is an invariant of the sys-
tem that measures the complexity of the investigated pro-
cess, thus characterizing the distribution of points in the
phase space. The dimension is a lower bound on the num-
ber of essential variables needed to model the dynamics.
The dimension of a regular deterministic process is a finite
integer, whereas in a chaotic process it is finite, yet not an
integer. Most stochastic processes do not have a finite di-
mension. However, some cases of correlated stochastic
processes may also have a finite noninteger dimension.

The correlation dimension is defined with the use of the
correlation integrals:

CðrÞ �
2

NðN � 1Þ

X

N

iOj
i;j¼ 1

yðr� jFi � FjjÞ;

where N is the number of points in the n-dimensional em-
bedded vector F and y is the Heaviside step function given
by:

yðxÞ �
0 for x � 0

1 for x > 0:

(

jFi � Fjj is the distance between the ith and jth sample (in
the n-dimensional space).

Therefore, C(r) is proportional to the number of pairs of
attractor points with distance less than r. Grassberger and
Procaccia (22) showed that the correlation integral, C(r),
behaves in some region, called the scaling region, as a
power of r:

CðrÞ � rd:

In the scaling region, Log(C(r)) is a linear function of

Log(r) with a slope d when r-0. The correlation dimen-
sion, D2, is defined as the saturated value of d when N-
N and the embedding dimension, n, increases so that
n42d. An example of the correlation integral, C(r), for
different values of n can be seen in Fig. 2 (23).

It is important to note that, in the region r-0, the lack
of statistics because of the small number of neighbors,
within a radius r, becomes a dominant effect. Thus, the
slope of the curve starts to fluctuate tremendously. In ad-
dition, if the data is noisy, then below a length scale of a
few multiples of the noise level the noise dominant and
hides the true scaling.

The evaluation procedure of D2 requires long station-
ary signals with a minimal amount of noise. In addition, it
requires the careful determination of several parameters
such as the embedding dimension, the delay time, and the
length of the time series [see, for example, Abarbanel (3)].

As mentioned above, D2 is a measure of the complexity
of the system; however, the physiological meaning of its
value is far from being clear. Nonetheless, it is still pos-
sible to obtain physiological and clinical information from
its computation. For example, the expected decrease in the
system’s complexity after heart transplant was indeed
confirmed by significantly lower D2 in subjects after heart
transplant compared with the control studies (7). Mrowka
et al. (14) and Kanters et al. (21) studied the coupling be-
tween HRVand the respiratory system. Both studies have
concluded that the nonlinearity in HRV does not originate
from variations in the respiration, although a coupling
exists in the regulation of both systems. Several studies
have found D2 values to be sensitive enough to observe
differences between sleep stages (14) or between groups of
patients after acute myocardial infraction with normal vs.
reduced ejection fraction (24). D2 was even found to be re-
duced a few hours prior to lethal arrhythmias (20), which
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Figure 2. The correlation integrals as a function of the distance r
on a ln–ln plot for embedding dimension 2–10 for BP signal ob-
tained from a 3-month old normotensive rat at baseline condi-
tions. The straight line indicated the scaling region, in which the
lines seem linear with similar slopes for embedding dimension 6–
10 (23).

HEART RATE VARIABILITY (HRV): NONLINEAR HRV 3



might perhaps be used as a diagnostic test or an early
warning for ventricular fibrillation.

6. LYAPUNOV EXPONENTS

Lyapunov exponents are the average exponential rates of
divergence or convergence of nearby trajectories under the
evolution of the dynamics in the n-dimensional phase
space. Thus, Lyapunov exponents measure the sensitivity
of the system to initial conditions.

One can define the spectrum of the n Lyapunov expo-
nents, li, based on the growth rate of an infinitesimal n-
dimensional sphere of initial conditions. As the point
evolves under the flow, the n-dimensional ball will move
with it, and as it evolves, it will be stretched into an n-
dimensional ellipsoid. Then, the Lyapunov exponents, li,
are given by (25):

li¼ lim
t!1

1

t
log

piðtÞ

pið0Þ
;

where pi(t) are the principal axes of the ellipsoid.
Usually, the Lyapunov exponents are ordered from

largest to smallest, as follows

l1 � l2 �; . . . ; ln:

A positive Lyapunov exponent is associated with diver-
gence of nearby trajectories or stretching of the ellipsoid.
Thus, it is enough to obtain a positive largest Lyapunov
exponent (LLE), l1, in order to characterize the dynamic of
a system as being sensitive to initial conditions.

The LLE is invariant of the system and, thus, is inde-
pendent of changes in the initial conditions of the trajec-
tory and of the coordinate system in which the attractor is
observed. Thus, similarly to the correlation dimension, the
LLE can be reliably evaluated in the reconstructed phase
space that is made out of a time delay vector x(t).

The first algorithm to calculate LLE from an experi-
mental time series was suggested by Wolf et al. (25). The
method works well for long and noise-free signals; how-
ever, it might fail in situations of short or noisy datasets.
Other algorithms (26) exist that have been developed to
overcome these limitations (27). In addition, in some
cases, it might be recommended to use a nonlinear
noise-reduction technique before analyzing the RRI sig-
nal (28).

As mentioned above, a positive LLE is a measure of the
sensitivity of the system to initial condition and it is a sign
for the system to be chaotic. The magnitude of the expo-
nent reflects the time scale on which the system dynamics
becomes unpredictable. Yet the physiological meaning of
the LLE value is far from being clear. Nonetheless, it is
still possible to obtain physiological and clinical informa-
tion from its computation. Most of the studies (13,29,30)
have found a positive LLE for RRI signals for several
physiological conditions. A positive value was found even
for the denervated heart after heart transplantation
(13,29). The LLE in healthy groups of subjects were found

to be significantly higher than the LLE found for several
pathological conditions such as myocardial infraction (13),
heart transplantation (13), and panic disorder (30). Sim-
ilar results were also found in pigs, in which a decreased
LLE was found after vagal blockade (31). Thus, the differ-
ent values obtained for the LLE might operate as a clas-
sification among the considered pathophysiological cases.

7. BLOOD PRESSURE

In order to gain a better understanding of the nonlinear
characteristics of the cardiovascular system, blood pres-
sure (BP) variability can also be analyzed with nonlinear
tools. As a results of the periodic nature of the BP signal,
some of the studies use only the systolic or diastolic pres-
sure (32), which are considered to be Poincaré sections (33)
of the BP signal. Others use the entire BP signal (23,34–
36).

In parallel to the RRI signals, BP signals were analyzed
by Surrogate data tests. The null hypothesis, that no non-
linear structure exists in the BP signal, was rejected in
many studies (23,34–36).

Nonlinear investigations of BP variability have been
performed in animals and humans by applying the same
variety of nonlinear tools as for HRV. These tools include
correlation dimension (23,34,37), LLE (35,36), and entro-
pies (32).

As observed for HRV, the physiological meaning of the
values of the various nonlinear parameters calculated for
BP signals are far from being clear. Yet again, it is still
possible to obtain relevant physiological and clinical in-
formation from their computation. For example, both the
correlation dimension and the LLE were reduced after
baroreflex denervation in dogs while the (linear) standard
deviation was increased (36), which suggests that the
baroreflex reduces the variability of the BP signal at the
cost of an increase in complexity and a reduction in pre-
dictability. Similar results, in which the correlation di-
mension was reduced while the variance was increased,
were observed (37) for aggregated apneas as compared
with normal breathing in humans. Hypertensive rats
were compared with age-matched normotensive rats in
several experiments using nonlinear tools (mainly corre-
lation dimension). In some of these studies (23,34), signif-
icant differences between the strains were found by the
use of the correlation dimension. The influence of agonists
or antagonists of the sympathetic control loop were tested
as well, both in experimental studies (34,35) and in clin-
ical studies (32).

In some of these studies, the nonlinear parameters
were able to detect the changes in the sympathetic activ-
ity compared with the baseline condition.

8. CONCLUSION

The cardiovascular signals at various physiological condi-
tions have displayed clear signs of nonlinearity by passing
the surrogate tests, obtaining noninteger correlation di-
mension values and positive LLE. Although the mathe-
matical assumptions, such as stationary long traces of
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noise-free signals, are not always fulfilled when trying to
analyze HRV with nonlinear tools, the clinical perspective
still justifies their use. Thus, the nonlinear approach rep-
resents a set of complimentary tools to be used in parallel
with the established and commonly used linear spectral
analysis techniques to describe the cardiovascular control
under normal or pathological conditions.
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1. REGULATION OF HEART RATE BY THE AUTONOMIC
NERVOUS SYSTEM

The human nervous system is composed of the central
nervous system (CNS-brain and spinal cord) and the
peripheral nervous system (PNS). The PNS in turn con-
sists of an afferent division (sending information from the
periphery to the CNS) and an efferent division (transmit-
ting neural commands from the CNS to the effector
organs—muscles and glands). The efferent division has
two parts: the somatic nervous system and the autonomic
nervous system (ANS). The ANS innervates cardiac mus-
cle, smooth muscle, and glands while skeletal muscles are
supplied by the somatic division. The ANS controls in-
voluntary (automatic) bodily functions. These functions
include the regulation of heart rate (HR), ventilation,
blood pressure (BP), and body temperature. Under some
conditions the CNS can override the ANS and consciously
control some of these functions.

The ANS is structurally and functionally subdivided
into sympathetic and parasympathetic divisions. Sympa-
thetic nerve fibers exit the thoracic and lumbar regions of
the spinal cord to synapse (preganglionic) with the sym-
pathetic ganglia (trunk) closely located on each side of the
spinal cord, and then connect (postganglionic) to the
target cells. Nerve fibers of the parasympathetic division
originate from the cranial and sacral sections of the spinal
cord and make connections (preganglionic) with the gang-
lia located in the target organs. The parasympathetic
innervation of the heart is through the Vagus nerve
(cranial X) and this influence is often referred to as vagal
activity.

The sympathetic nervous system is mainly adrenergic
(using norepinephrine as a neurotransmitter) and re-
sponds to fight-or-flight situations (e.g., increasing HR
and BP under stressful conditions). The parasympathetic
division is mainly cholinergic (using acetylcholine as the
neurotransmitter between synapses) and is responsible
for facilitating relaxation and energy conservation (e.g.,
decreasing HR and BP). It is important to emphasize that
some organs, including the heart, receive opposing influ-
ences from the antagonistic sympathetic and parasympa-
thetic nervous systems. This dual innervation underpins a
fine and continuous regulatory system and simply means
an increase in the activity of one division results in a
smooth and reciprocal decrease in the other.

The overall regulation of HR is under the influence of
the ANS, hormonal, and electrolyte concentrations in the
plasma, as well as variations in body temperature. How-
ever, the beat-to-beat control of HR is determined by two
processes: (1) the intrinsic firing rate of the sinoatrial (SA)
node of the heart (known as the natural pacemaker of the
heart); and (2) a fine balance between the two divisions of
the ANS that modulate the SA firing rate (34). This fast
and fine control is a consequence of the dense sympathetic
and parasympathetic innervation of the heart at several
locations. Parasympathetic nerves terminate at the SA
node, atrioventricular (AV) node, ventricular muscles, and
coronary blood vessels, while sympathetic nerves inner-
vate the SA node, the cardiac conductive pathway, atrial
and ventricular musculature, and coronary vessels.

The dynamic interplay between the two divisions accel-
erate or decelerate the HR depending on the predomi-
nance of one system over the other. In adults, the intrinsic
heart rate at rest, in the absence of any extrinsic auto-
nomic influence is about 90 beats per minute (bpm). The
effect of the vagal impulse depends on the phase of the
cardiac cycle during which it is applied. The release of
acetylcholine (ACH) via the vagus nerve activates the
muscarinic ACH receptors within the cardiac tissue,
causing a conformational change in the various gated
ion channels. This results in a slow diastolic depolariza-
tion. In contrast, the sympathetic nervous system influ-
ences heart rate through the action of adrenaline and
noradrenaline, producing an acceleration of the diastolic
depolarization. Thus, the sympathetic and parasympa-
thetic inputs cause conflicting reactions and are continu-
ously engaged in the fine-tune control of the cardiac
rhythm, whereas vagal tone typically dominates the rest-
ing heart rate. Increased sympathetic activity accelerates
heart rate, shortens the ventricular refractory period, and
decreases the threshold of ventricular fibrillation. In-
crease in parasympathetic activity slows the heart rate,
decreases AV nodal conduction, while increasing ventri-
cular refractory and fibrillation thresholds. Therefore, the
heart rate demonstrates the net effect of sympathetic and
parasympathetic nervous system in a healthy individual.
At rest, both divisions of autonomic nervous system are
significantly active with dominant vagal effects.

2. HEART RATE VARIABILITY AND THE AUTONOMIC
NERVOUS SYSTEM

Heart rate variability, also known as beat-to-beat varia-
tion of heart period, cycle length, RR variability, or RR
interval tachogram represents the cyclical changes in HR.
As HR is modulated by both parasympathetic and sympa-
thetic inputs, HRV can be utilized as an indirect measure
of autonomic regulation and control. High HRV reflects an
ANS that is adaptable and dynamically responsive to
change whereas reduced HRV is indicative of an abnormal
or restricted ability of the ANS in maintaining home-
ostasis (34,51). Pharmacological studies and spectral ana-
lysis of the HRV signal have revealed two clear peaks in
the power spectrum: a high-frequency (HF) and a low-
frequency (LF) component. The HF peak, which is typi-

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



cally centered around 0.25 Hz (0.15–0.4 Hz), arises from
the coupling of the respiratory and cardiac cycle and is
termed respiratory sinus arrhythmia (RSA). Vagal block-
ade abolishes this HF peak suggesting that it is para-
sympathetically mediated (51). The LF peak, which is
typically centered around 0.1 Hz (0.04–0.15), arises from
blood pressure fluctuations (Mayer-waves) and can be
modified by both vagal and sympathetic blockade and
therefore reflects both sympathetic and parasympathetic
influences (51). A better measure of sympathetic modula-
tion is the LF/HF ratio, which reflects the balance between
sympathetic and parasympathetic activity (sympatho-va-
gal balance) with a low-frequency bias suggesting sympa-
thetic dominance (58,51). A number of research studies in
recent years have confirmed that higher variability in HR
is indicative of a healthy ANS, while reduced variations in
the HR is a sign of diseased or pathological state.

With HRV signal analysis, it is possible to noninva-
sively quantify the autonomic regulation of the heart rate
by investigating the sympatho-vagal balance. However, it
should be clearly understood that the holistic nature of
this information reflects an extremely complex ensemble
of events including (32):

* Responsiveness of the SA node or vascular muscula-
ture.

* The interaction of central neural integration with
peripheral cardiovascular reflexes and multiple in-
teractions, such as that with respiration.

* Interactions of events in a closed-loop physiologic
condition, which is different from experimental ap-
proaches based on open-loop models.

Therefore, the state of sympatho-vagal balance, as
derived from cardiovascular variables (e.g., HRV signal),
should be considered as part of a more comprehensive
state of neurovegatative regulation, modulating the activ-
ity of other organs and systems. (For more details on the
components of the HRV signal, see Heart Rate Variability
chapter in this volume).

In summary, due to the reciprocal innervation of the SA
node by the two antagonistic arms of the ANS, an increase
in HR is generally indicative of simultaneous increase in
sympathetic tone and decrease in parasympathetic influ-
ence. Conversely, a reduction in HR is indicative of
decreased sympathetic activity concomitant with in-
creased parasympathetic tone (a pivotal balance between
the two arms of ANS). However, in some emergency and
stressful conditions, HR is indicative of the influence of
one division independent of the other. This response is
known as the fight-or-flight response. HRV correlates well
with fluctuations of the autonomic tone. The respiratory
rhythm (RSA) of the HRV reflects vagal modulation of
heart rate control, while the rhythm corresponding to the
vasomotor modulation in the HR and BP variations is a
marker of sympatho-vagal influences.

3. SLEEP

Despite the fact that we spend approximately one-third of
our lives asleep, the precise functions of sleep are still
unknown. Nevertheless, it is well recognized that ade-
quate and sufficient sleep is an essential requirement for
normal physiological and psychological function and that
sleep disorders can result in a range of adverse health
outcomes. Sleep deprivation and sleep disorders have
emerged as one of the biggest health problems facing our
society and have led to the rapid development of Sleep
Medicine as a specialty field over the past four decades.
This relatively new field of medicine is still in its infancy
and continues to grow as we learn more about the complex
physiological functions, activities, and disorders that oc-
cur during sleep.

Sleep can be defined as a regularly occurring, reversi-
ble behavioral state characterized by reduced awareness
and responsiveness to the environment. It is generally
associated with lowered body movements and muscle
activity and a reduction in or absence of consciousness
and voluntary behavior. Sleep is composed of two distinct
states that differ fundamentally in their anatomical origin
and physiological behavior. The first is non rapid eye
movement (NREM) sleep, which is divided into four stages
(S1, S2, S3, and S4), and the second is rapid eye movement
(REM) sleep. During normal sleep these two states cycle
alternately throughout the night in a highly regulated and
predictable fashion. The four stages of NREM sleep ap-
proximate a continuum of sleep depth with stage 1 being
the lightest and stage 4 being the deepest sleep. Accord-
ingly, arousal thresholds are lowest in stage 1 and highest
in stage 4 NREM sleep (10). These five sleep stages
(NREM 1–4 and REM) are identified by measuring three
key electrophysiological variables during sleep: brainwave
activity (the electroencephalogram or EEG); eye move-
ments (the electrooculogram or EOG); and surface muscle
electromyogram (EMG) of the submental (chin) muscles,
as these have characteristic properties in the different
sleep stages (Table 1).

The progression of sleep throughout a night (the se-
quence, distribution, and duration of sleep stages) is
referred to as sleep architecture and can be displayed
visually as a sleep hypnogram (Figs. 1 and 2). Evaluation
of sleep architecture is an important component in the
assessment of sleep disorders. In humans sleep architec-
ture undergoes significant maturational and developmen-
tal changes, particularly in the first few years of life. In
the first few months of infancy the sleep EEG does not
show the level of differentiation and organization of the
five sleep stages described above, but gradually develops
into this pattern during the first six to nine months (Fig.
2).

One of the most striking differences between NREM
and REM sleep is in the characteristics of the EEG.
During NREM sleep the EEG is described as synchronous
due to large numbers of neurons firing at the same time.
As sleep progresses through the four NREM stages,
neuronal firing becomes more synchronous resulting in
EEG waves of high amplitude. The appearance of char-
acteristic EEG waveforms including sleep spindles and K

2 HEART RATE VARIABILITY (HRV): SLEEP DISORDERED BREATHING



Table 1. The Combination of EEG Characteristics, Eye Movements and Muscle Tone that Define the Five Stages of Sleep.
Interpreting the Sleep EEG is Based on the Frequency (Hz), Amplitude (voltage) and Morphology (shape) of the Waveforms
Observed. Stage 1 NREM Sleep is a Transitional Stage While Stages 3 and 4 are Often Combined and Termed Slow Wave
Sleep (SWS). Muscle Tone is Measured from Surface Electrodes Placed on the Submental (chin) Muscles. Modified from (52)
and (13)

Sleep Stage
EEG Amplitude and

Frequency EEG Waveforms Eye Movements Muscle Tone

Wake Relatively low voltage,
mixed frequency of
13–25 Hz

Variable High

Wake – drowsy 8–12 Hz Alpha waves Slow Relatively high
NREM stage 1 Relatively low voltage,

mixed frequency of 2–
7 Hz

Theta waves vertex
sharp waves

Slow rolling and
involuntary

Reduced from wake

NREM stage 2 Background of relatively
low voltage, mixed
frequency with 12–
14 Hz sleep spindles

Sleep spindles K
complexes

Absent Reduced

NREM stage 3 and 4
(SWS)

High voltage, low
frequency of o2 Hz

Delta waves Absent Reduced

REM Sleep Low voltage, high
frequency

Sawtooth waves Intermittent and jerky
synchronous bursts

Atonia of all postural
muscles
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Figure 2. Normal sleep architecture recorded from a two month old infant. The sleep EEG of
infants is less differentiated at birth and is characterized by three main states with shorter sleep
cycles: active sleep (red blocks) which is equivalent to REM sleep, quiet sleep (dark blue) which is
equivalent to NREM sleep and indeterminate sleep (green). Infants will often start with REM sleep
which occupies up to 50% of total sleep time in newborns. As the brain develops and matures the
sleep EEG becomes fully developed and differentiated by approximately 6 to 9 months of age.
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Figure 1. Normal sleep architecture recorded from a 5 year old female. Each colored block
represents a specific sleep stage. For NREM sleep: stage 1 (yellow), stage 2 (green), stage 3 (light
blue) and stage 4 (dark blue). REM sleep is represented by red blocks, periods of movement are
black and blank periods are wake. Note the regular cycling of NREM and REM sleep with the
amount of stage 4 NREM sleep declining and REM sleep increasing as the night progresses.
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complexes are also seen in NREM sleep. During REM
sleep the EEG is very active and is described as asynchro-
nous due to neurons firing at different times resulting in a
low-amplitude signal, during this stage the EEG resem-
bles that of wakefulness. REM sleep is also associated
with postural muscle atonia (loss of normal muscle ten-
sion), rapid phasic bursts of synchronous eye movements,
and dream generation (10).

Sleep has a strong modulating effect on physiological
activity and regulation with marked differences in auto-
nomic behavior between NREM and REM sleep. During
NREM sleep sympathetic input is reduced and parasym-
pathetic activity predominates, resulting in relative sta-
bility in ANS function. A decrease in heart rate, cardiac
output, and arterial blood pressure are observed, while
ventilation is reduced and regular compared to the wake
state. REM sleep, in contrast, is characterized by highly
variable sympathetic activation (which can be comparable
to or higher than awake levels) punctuated with phasic
parasympathetic discharge, which results in fluctuating
cardiovascular and respiratory behavior. Accelerations
and pauses in heart rate and irregular ventilation are
therefore characteristic of REM sleep (13,45,62). The
analysis of HRV during sleep must therefore take into
consideration these sleep state-related differences in auto-
nomic activity.

One of the major physiological changes associated with
sleep is the reduction in muscle tone, particularly sup-
pression of postural muscle activity during REM sleep.
These normal changes can predispose some individuals to
developing sleep-related breathing problems due to air-
way narrowing, which, when combined with lowered
arousal thresholds during sleep, can lead to clinically
significant abnormal cardiorespiratory and arousal
events. Sleep-related breathing disorders are one of the
most common but often underrecognized diseases affect-
ing the health and well-being of countless individuals and
are the focus of the next section.

4. SLEEP DISORDERED BREATHING

Sleep disordered breathing (SDB) refers to a range of
pathological conditions characterized by abnormal re-
spiratory function during sleep. The most common man-
ifestation of SDB is apnea (cessation of airflow) or

hypopnea (a reduction in ventilation) and depending on
the severity, result in varying degrees of hypoxia, hyper-
capnia, and fragmented sleep. The etiology of these ab-
normal breathing events may be obstructive (due to upper
airway collapse or blockage) or central (arising from a
transient failure of the brain to send a signal to the
respiratory muscles to initiate respiration). Failure to
diagnose and treat SDB can lead to a wide range of
adverse health outcomes including excessive daytime
sleepiness and fatigue, impaired neurocognition, cardio-
vascular dysfunction, hormonal imbalances, and reduced
quality of life (50). A detailed discussion of the underlying
causes, co-morbidities, and treatment modalities of all
forms of SDB is beyond the scope of this chapter and the
reader is referred to (28) for comprehensive coverage of
this topic.

Obstructive sleep apnea (OSA) is the most common
form of apnea and is the most frequent reason for referral
to a sleep disorders laboratory for formal evaluation by
overnight polysomnography (PSG – see the next section).
The cause of OSA can be structural (e.g., enlarged tonsils
and adenoids) or functional (e.g., poor muscle tone) or a
combination of both factors. While OSA is common in both
children and adults, the underlying causes, clinical pre-
sentation, and treatment differ (Table 2). Adenotonsillar
hypertrophy is the most common cause of OSA in children
and is generally cured by surgery. The cause of OSA in
adults is more complicated involving lifestyle factors,
obesity, and processes related to aging, and generally
requires continuous positive airway pressure (CPAP)
therapy for treatment. It is now recognized that OSA is
underdiagnosed in both the adult and pediatric population
and if unrecognized and untreated leads to premature
morbidity and mortality. Much interest has focused on a
proposed link between OSA and cardiovascular disease, in
particular systemic hypertension (49).

Individuals with OSA may stop breathing many times
during the night due to repeated apneas or hypopneas
arising from airway obstruction. The resulting oxygen
desaturation and rise in CO2 that follow apnea or hypop-
nea trigger a sequence of arousal responses that aim to
reopen the airway and resume normal breathing. The
arousal response includes sympathetic and cortical acti-
vation resulting in transient increases in blood pressure
and heart rate and a shift to lighter sleep stages, thereby

Table 2. General Clinical Characteristics of OSA in Children Versus Adults. Modified from (9) and (33)

Clinical and PSG Features Children Adults

Peak age of presentation Pre-school Middle age
Sex ratio Equal Predominantly male
Weight presentation Failure to thrive/normal/obese Obese
Excessive daytime sleepiness Rare Common
Neuro-behavioral deficits Developmental delay/behavioral and learning problems Impaired cognition and vigilance
Enlarged adenoids and tonsils Common Rare
Major obstructive pattern Prolonged partial obstruction Complete apnea
Sleep architecture Often preserved Abnormal and fragmented
Cortical arousals post apnea Uncommon Common
Occurrence of OSA Predominantly REM sleep REM and NREM sleep
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fragmenting sleep (55). Obstructive breathing events are
also associated with large swings in intrathoracic pres-
sure, which in combination with the repeated cycles of
desaturation and arousal, are believed to result in abnor-
mally high sympathetic nervous system activation leading
to cardiovascular dysfunction. Autonomic dysfunction, in
particular elevated sympathetic activity, has been docu-
mented in patients with OSA when both asleep and awake
(40). Early detection and diagnosis of OSA is therefore
essential so that affected individuals can receive timely
and appropriate medical treatment and management.
Formal evaluation and diagnosis of SDB including OSA
is generally achieved by conducting overnight polysomno-
graphy, which provides essential information about cardi-
orespiratory function during sleep.

5. MEASUREMENT OF SLEEP AND EVALUATION OF SLEEP
DISORDERS

Polysomnography (PSG) is the reference (gold) standard
employed to diagnose and evaluate a range of sleep
disorders and is defined as the simultaneous measure-
ment and recording of multiple physiological and beha-
vioral variables during sleep. Overnight PSG is generally
conducted in a dedicated sleep laboratory or sleep center
and depending on the clinical problem being investigated
typically measures physiological signals related to (1)
sleep state (EEG, EOG and EMG), (2) cardiac function
(ECG), (3) ventilation (pulse oximetry and CO2 produc-
tion), (4) respiratory effort, (5) body and leg movements,
and (6) sound recordings to record the presence or absence
of snoring (Table 3). Additional measures may include an
extended EEG montage for seizure monitoring, esopha-
geal pH or manometry, and intercostal or diaphragmatic
EMG.

Figure 3 shows a representative schematic of a compu-
terized PSG system. Various technical considerations are
essential in obtaining optimal PSG data including good
transducer or sensor application, appropriate signal pro-
cessing methods, and recognition and correction of record-
ing artifacts (7).

In addition, the technician performing the PSG must
ensure patient safety and comfort and needs to recognize
abnormal physiological or behavioral events that may
occur during sleep. Subsequent analysis of the PSG is
conducted manually by a highly trained technician using
international standards for scoring sleep studies (52,2).
The PSG data are analyzed by visual inspection of the
data (including the EEG), which requires good human
skills in pattern recognition as only limited progress has
been made with automated computerized analysis of adult
PSG data. Figures 4–6 show summary data for three PSGs
performed in children undergoing evaluation for sleep
disordered breathing.

Once scored by a highly trained sleep technician, a
physician specializing in Sleep Medicine reports on the
PSG results in light of the patient’s clinical and medical
history. The diagnosis of sleep disorders from PSG data
includes an evaluation of

* Abnormal sleep patterns – the timing and amount of
sleep, distribution of sleep stages, number of arou-
sals/awakenings.

* Abnormal cardiorespiratory events – apneas, hypo-
ventilation, hypoxia, elevated CO2, cardiac arrhyth-
mias.

* Excessive or abnormal leg/body movements.
* Evidence of any other abnormal physiological or

behavioral events, e.g., seizures.

Table 3. Standard Parameters Measured during Overnight Polysomnography. Application of the EEGElectrodes Conforms
to the International 10–20 System of Electrode Placement. Eye Movements (EOG) are Recorded on the Basis of a Small
Electropotential Difference Between the Front and the Back of the Eye

Method of Measurement

Sleep variables

EEG Surface electrodes placed at central (C3/C4) and occipital (O1/O2) scalp locations
EOG Surface electrodes placed at the right and left outer canthus of the eyes
Chin EMG Surface electrodes placed over the submental muscles

Cardiorespiratory variables

ECG Chest placement of modified lead II
Oxygen saturation Pulse oximetry
CO2 Transcutaneous or end tidal carbon dioxide
Oral and nasal airflow Thermistor, thermocouple or nasal pressure by sensors placed near the nose and mouth
Respiratory effort Chest and abdominal wall movement by inductive plethysmography or strain gauges

Additional variables

Leg EMG Surface electrodes placed on the right and left anterior tibialis muscles
Body position Position sensor
Snoring Microphone or snoring sensors
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The PSG procedure is very labor–intensive, requiring
an overnight stay in a sleep laboratory and the overall cost
can reach between $2,000 to $3,000. Furthermore, many
sleep centers have long waiting lists for PSG, leading to
delays in the diagnosis and treatment of sleep disorders.

Shortcomings of PSG include that the data collected
during the night may not be representative of the patient’s
normal sleep due to the individual sleeping and being
monitored in a strange environment. Also milder cases of
upper airway obstruction are often missed due to lack of
sensitivity and specificity in the measured PSG variables
while visually based manual analysis of PSG data may be
inconsistent or inaccurate. In addition, when performing
PSG in children some of the variables important in
detecting upper airway obstruction (e.g., nasal airflow)
can be difficult to obtain because of non-compliance and
intolerance to the sensors attached to the face and head.
In view of these limitations research efforts have focused
on developing new techniques for detecting and evaluat-
ing sleep disorders. As a result, the analysis of HRV has
emerged as a promising and novel tool in detecting
changes in the ANS associated with SDB. Research
around the world has demonstrated that particular fea-
tures of HRV analyses are sensitive markers of the ANS
response to breathing abnormalities during sleep.
Furthermore, the advantages of utilizing measures of
HRV include that they are noninvasive, sensitive, specific,
easy, and inexpensive to obtain.

6. HRV DURING SLEEP

Research studies in animals and humans over the last
three decades have demonstrated that the dynamic inter-
play between the sympathetic and parasympathetic arms
of the ANS controls the cardiovascular system. As the
tonic, reflex, and integrative control of the ANS is in turn

dependent upon physiological and behavioral states, fac-
tors like sleep- wake cycles, respiration, emotions, and
attention can influence autonomic function. Therefore, it
seems intuitive to expect that the activity of the two arms
of the ANS is affected by sleep, with the type and degree of
modulation depending on the sleep state. As sleep is a
state of reduced consciousness it provides a great oppor-
tunity to assess ANS regulation under a condition that is
relatively free from physical activity and higher cortical
influences.

Even though HR exhibits a declining trend during
sleep, variation in HR during sleep is state-dependent
and increases over successive REM periods. REM and
NREM sleep show differences in spectral patterns of the
HRV signal, which in turn reflects sleep stage variations
in sympathetic and parasympathetic nervous activity. It is
now established that dramatic changes in ANS regulation
occur during sleep. Overall, sleep is a condition with
increased vagal and reduced sympathetic activity (26).
During NREM sleep compared to wakefulness, a decrease
in sympathetic activity is observed while parasympathetic
activity is increased (44).

Parasympathetic activity and ANS stability increase
during NREM sleep, whereas during REM sleep, the tonic
reduction in sympathetic activity is interrupted by irre-
gular episodes of sympathetic activation and parasympa-
thetic deactivation. During the 4 NREM sleep stages (S1–
S4), respiration and HR are regular with an increase in
regularity from S1 to S4. The HF component of the HRV
signal increases as LF and LF/HF show a decrease toward
the deepest stages of NREM sleep indicating reduced
cardiovascular input from the sympathetic nervous sys-
tem (3,54,62). However, during the last 15 minutes of
NREM sleep, just before the onset of REM sleep, there is
an increase in LF/HF even before any other sign of sleep
stage change. The LF/HF during REM sleep is comparable
to that of wake and transitional sleep. Arousals (reflected
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Figure 3. Schematic representation of computerized polysomnography setup. The relevant
physiological signals are recorded via transducers or sensors, undergo signal processing (including
amplification and filtering) and after analogue to digital processing are stored and displayed on a
microcomputer. Important aspects of the PSG procedure include ensuring patient comfort and
safety, equipment and bio-calibration, obtaining and maintaining high quality signals and
recognition of abnormal physiological or behaviors events that may occur during sleep.
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Figure 4. Summary data for a normal overnight polysomnography result in a 14 year old male
(not all recorded variables are shown). Sleep architecture (top panel), pulse oximetry (SaO2) and
transcutaneous CO2 all fall within normal age specific parameters. Note the reduced amount of
REM sleep in this 14 year old compared to the younger child and infant in Figs. 1 and 2 above. The
reduction in the proportion of REM sleep is a normal developmental change with REM sleep
declining to between 20–25% in adulthood.
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Figure 5. Severe obstructive sleep apnea in a 13 year old male. Note that arterial oxygen levels as
indicated by pulse oximetry (SaO2) are normal while awake (blank periods on the sleep
hypnogram) but drop at sleep onset due to the occurrence of repeated obstructive apneas during
sleep resulting in severe hypoxia (normal arterial oxygen levels are considered to be 494%). Later
in the night when the child is sleeping on his right hand side (shown in the red trace in the bottom
panel) he does not experience any obstruction. Body position can influence the degree of upper
airway obstruction which is often worse when sleeping supine. Note also the highly fragmented
sleep hypnogram and abnormal sleep architecture (top panel) as a result of repeated cortical
arousals aimed at reopening his airway after each obstructive apnea leading to significantly
disrupted sleep.
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by changes in EEG activity showing transition from a
lower sleep stage or to wake stage) are associated with
increased LF power in the spectrum of the HRV signal.
(also see references in the section 7.6 below).

While there is a well-defined pattern of ANS function
during normal sleep, marked alterations in autonomic
behavior occur in patients with sleep disordered breathing
due to the blood gas abnormalities, intrathoracic pressure
swings and arousals that accompany abnormal breathing
events. The ANS response to apneas and hypopnoeas is a
complex sequence of events leading to sympathetic activa-
tion involving multiple mechanisms including peripheral
and central chemoreceptor stimulation (55). During epi-
sodes of apnea sympathetic activity gradually increases
and is highest at the end of the event when oxygen
desaturation and carbon dioxide retention are the most
acute. The termination of apnea is accompanied by a surge
in blood pressure due to the combination of increased
cardiac output and sympathetically induced vasoconstric-
tion of the peripheral vasculature (40). Thus, an ongoing
cycle of sympathetic activation and blood pressure surges
accompanying repetitive apneas occurs throughout the
night in individuals with sleep disordered breathing.
The physiological consequences of apneas and hypopnoeas
include heart rate changes and cardiac arrhythmias, rapid
and cyclical blood pressure alterations, ventilatory in-
stability, and arousals leading to sleep stage changes
and thus HRV may be a sensitive marker of autonomic
dysfunction that accompanies sleep disordered breathing.

Guilleminault et al. in 1984 (19) showed that cyclic
variations in the heart rate are characteristics of sleep
apnea events (46). This study demonstrated that apnea/

hypopnea events are accompanied by ordered cyclic varia-
tions in the HR. This work simply showed that the
patterns of HRV signal are closely linked with the time
course of apneic events. Since 1984, a number of investi-
gators have used the HRV signal patterns to detect sleep
apnea and SDB
(1,6,12,14,15,20,21,25,29,35,37,38,42,43,46–
48,53,56,57,59,60,63–67) to name a few.

The majority of investigations use the popular spectral
components of the HRV signal to derive sympathetic and
parasympathetic influences of the ANS to detect sleep
apnea. Even though this has proven useful in comparing
the spectral components derived from 2-min windows
around apneic events with similar parameters obtained
from control healthy subjects during nonapneic events,
the results of such investigations should be interpreted
with caution. It should be emphasized that sleep apnea is
a complex interaction between regular changes in the
ANS during sleep and specific apnea-related changes
(47). Therefore, the dynamic pattern of HRV during sleep
apnea is by no means stationary, and therefore, the
application of spectral analysis with the underlying as-
sumption of stationarity of the HRV signal during short-
term windows around apneic events is of limited value. To
address this limitation new techniques especially suited
for nonstationary signal analysis (e.g., time-frequency and
wavelet analysis) have been adopted by some investiga-
tors (47,48,12). Some of these advanced methods have
produced 100% accuracy in detection of sleep apnea
(47,48).
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Figure 6. REM sleep hypoventilation in a 16 year old female. Note the decline in pulse oximetry
(SaO2) at sleep onset (first appearance of Stage 2 NREM sleep as indicated by the green block in
the sleep hypnogram). Hypoxia due to non-obstructive hypopneas is experienced in all REM sleep
periods (red blocks in the sleep hypnogram) with concomitant rises in transcutaneous CO2 (bottom
panel).
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7. HRV SIGNAL PROCESSING AND ANALYSIS METHODS

As an earlier chapter on Heart Rate Variability in this
volume presents an excellent treatment of this subject;
here we only give a description of a recent method used to
process the ECG signals to accurately extract the HRV
signal, present a brief overview of different signal proces-
sing methods used to analyze the HRV signals, and then
refer to a number of successful methods applied to detect
SDB from HRV.

7.1. Derivation of the HRV Signal

Accurate determination of the QRS complex in the ECG
signal and, more specifically, reliable detection of the R
wave peak play a central role in robust derivation of HRV
signal. Fluctuations in the ECG signal such as baseline
drift, motion artifact due to electrode movement, and
electromyographic (EMG) interference due to muscular
activity frequently contaminate the ECG signal. In addi-
tion, morphological variations in the ECG waveform and
the high degree of heterogeneity in the QRS complexes
make it difficult to distinguish them from tall peaked P
and T waves.

Many techniques have therefore been developed to
improve the performance of QRS detection algorithms.
These techniques are mainly based on band pass filtering,
differentiation techniques, template matching, and others.
Recently, it has been shown that the first differential of the
ECG signal and its Hilbert transform can be used to
effectively distinguish the R waves from large, peaked T
and P waves with a high degree of accuracy (4). Even
though this method provides excellent R peak detection
performance, it lacks automatic missing-R-peak correction
capability (and has not been tested on pediatric ECG
data). Manual correction of missing R peaks in the ECG
signal is time-consuming and tedious and could play a
critical role in error-free derivation of HRV signal.

For robust and error-free derivation of HRV signals, an
enhanced Hilbert transform-based (EHT) algorithm with
automatic missing-R-peak correction capability could be
used (8). The block diagram for the EHT algorithm is
shown in Fig. 7.

In this algorithm, filtered ECG signals are first differ-
entiated to reduce baseline drift and motion artifacts. This
step sets the ECG peaks to zero. Hilbert transform of the
differentiated signal and its conjugate are then calculated.
With these operations, the zero crossings in the differen-
tiated signal become prominent peaks in the Hilbert-
transformed conjugate of the differentiated signal. A
threshold is selected based upon the normalized RMS
value (as it gives a measure of the noise content in the
signal) of the Hilbert-transformed ECG signal (note:
effective threshold values will be different for adult and
children data). The time instants for which the signal
amplitude is greater than the threshold value are stored
in an array. Peak detection is performed on the original
signal. The peak values and the time at which they occur
are stored in separate arrays. The RR intervals are then
calculated. If an RR interval is greater than 130% of the
previous RR interval, then the HRV signal is considered to
have missed an R-peak from the ECG signal. Hence a
correction for the missing beat is made based upon an
updated moving average of the previous RR intervals. The
amplitude of the missing peak is estimated as the average
of the two previous R-peaks adjacent to it.

As the HRV signal is not equally sampled, it is neces-
sary to perform an interpolation to achieve uniform
sampling before carrying out frequency domain analysis.
The cubic spline interpolation technique is a popular one
for this purpose. As cubic splines are not band-limited, the
HRV signal may be resampled at any desired sampling
rate. To avoid aliasing the interpolated HRV signal is
resampled at 2 Hz (for adult data). A lowpass Butterworth
filter with a cutoff frequency of 1 Hz is then used to
eliminate the frequencies above 1 Hz.The resampled
HRV signal is finally decimated by a factor of 2. (For
infant and children data, the resampling and cutoff fre-
quencies are different.)

7.2. Analysis of HRV Signal

Basically, the HRV signal, as its name implies, is a
variable phenomena. As such it could be described as a
function of time (time-domain representation) or as a
summation of single-frequency components with appro-

Filtered ECG Signal

First Order Differentiation

Hilbert Transform Conjugate

Threshold Selector

Peak Ranges

Peak Detection in ECG Signal

Automatic Missing-R-peak
Correction

Cubic Spline Interpolation

HRV Signal

Figure 7. Block diagram for the enhanced
Hilbert transform-based (EHT) QRS detection
algorithm with automatic built-in missing-R-
peak correction capability (8).

HEART RATE VARIABILITY (HRV): SLEEP DISORDERED BREATHING 9



priate magnitude and phase information (frequency-do-
main representation). For frequency-domain analysis of
the HRV signal, stationary conditions and sufficient
length of data (especially if the nonparametric FFT-based
method is to be used) are necessary to achieve reliable
outcomes. It is important to emphasize that for nonsta-
tionary situations various advanced signal processing
methods are available to characterize the signal and its
dynamics (5,58,22). Therefore, currently HRV signal ana-
lysis methods are based on time-domain, frequency-do-
main, and nonlinear-dynamics measures. HRV signal
analysis may take place over a short period of time (2–
5 minutes known as short-term) or over a long period of
time (several hours, usually 24 hours known as long-
term). Both methods have their advantages and disad-
vantages. Short-term recordings may fail to detect some
very low-frequency components while long-term record-
ings may be affected by alternating environmental condi-
tions that influence the results.

The time-domain and frequency-domain analyses
methods are very well developed and have proven to be
useful in evaluating tonic autonomic effects in health and
disease such as heart disease (see earlier chapter in this
volume on Heart Rate Variability: Heart Disease), stroke,
diabetic neuropathy, etc. (58,5,27,32) and sleep apnea (see
section below). The non-linear dynamics methods of HRV
signal analysis are far less developed and more complex
than the time- and frequency-domain methods. There are
still many unresolved issues with their theoretical foun-
dations and their practical application. Nevertheless, they
have shown promise and have been successfully applied to
detect abnormal HRV in various cardiovascular conditions
such as coronary artery disease with or without previous
myocardial infarctions (30), and sleep apnea (see section
below).

7.3. Time-Domain Methods

Time-domain measures of the HRV signal are based on its
statistical or geometrical features. They include maximum
RR interval, minimum RR interval, mean RR interval
(RRI), SDNN (standard deviation of RRI), variance, and
others parameters. SDNN is one of the simplest time-
domain measures to calculate and it reflects all the cyclic
components responsible for the variations in the HR
during the analyzed period. Therefore, its calculation is
length-dependent and the period should be standardized.
RMSSD (the square root of the mean squared differences
of the successive RRIs), the NN50 (the number of interval
differences of successive RRIs greater than 50 ms), and the
proportion of NN50 (pNN50) are some of the most com-
monly used time-domain measures of the HRV signal.
Histograms are also popular and are plotted to display the
relative distribution of RRIs in the HRV signals (58).

Various methods are also available to derive geometri-
cal patterns from HRV signals. A popular geometrical
method is based on quantitative analysis of Poincaré plots
(23), which are scatterograms plotting each RRI as a
function of the previous RRI. The shape of the Poincaré
plots could be used to categorize different patterns of HR
dynamics and could provide a qualitative analytical tool

for HRV signals (68). Poincaré plots are valuable visuali-
zation tools for HRV signal analysis due to their ability to
display nonlinear aspects of the interval sequence. There
are other geometrical methods in the literature where the
geometric patterns could be used to analyze the HRV
signals (16).

7.4. Frequency-Domain Methods

Power spectral analysis of HRV signals provides a power-
ful analytical tool to quantitatively assess autonomic
regulation of the heart rate dynamics (58). Basically it
transforms the variations in the RRIs into their power
spectral components in the frequency-domain. Power
spectral density (PSD) analysis of HRV signals provides
an estimate of how signal variance (power) is distributed
as a function of frequency. There are parametric (autore-
gressive model-based) and nonparametric (fast Fourier
transform-based) spectral analysis methods. The autore-
gressive (AR) model-based methods provide smoother
spectral components, easy post-processing, and an accu-
rate estimate of the PSD even with a small number of
sample points (short HRV record length). Fast Fourier
transform-based (FFT-based) methods are faster and sim-
pler to implement. The disadvantage of the AR modeling
method is selection of an appropriate model order and
verification of the best model order suitable for all subjects
to ensure valid quantitative comparison of results be-
tween subjects.

The spectral components of the HRV signal are divided
into 4 frequency bands: ultra low-frequency (ULF) band,
0–0.0033 Hz, very low-frequency (VLF) band, 0.0033–
0.04 Hz, low-frequency (LF) band, 0.04–0.15 Hz, and
high-frequency (HF) band, 0.15–0.4 Hz.The power spectral
components and total power are expressed as absolute
units in ms2. These components are calculated as areas of
the spectrum over the specified band of frequencies. LF
and HF components are also expressed in normalized
units (nu given in ms2/Hz). The LF/HF is used as an
indication of sympatho-vagal balance (for significance of
spectral components, see the sections above as well as the
chapter on Heart Rate Variability in this volume). Both
normalized and absolute values should be provided to
present a clear indication of the distribution of spectral
components. The normalized units are obtained by divid-
ing the power of a given component by the total power
(from which the VLF has been subtracted) and multiplied
by 100 (58).

7.5. Nonlinear Dynamics Methods

Analytical methods based on chaotic behavior of nonlinear
dynamical systems have been successfully applied to
determine the complexity of HRV signals (18). These
methods have shown that a healthy heart rhythm is
chaotic and exhibits fractal form that may be broken
down by a disease. The nonlinear methods have proven
useful as predictor of mortality in cardiac patients (31)
and SDB (see section below). It has been also reported that
the most essential parts of the nonlinear properties of the
HRV signal may be vagally mediated (69). A number of
parameters have been used to derive the nonlinear mea-
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sures of the HRV signal. These parameters include but are
not limited to fractal dimension, 1/f scaling of power
spectra, detrended fluctuation analysis (DFA) (17), Kol-
mogrov entropy, and approximate entropy (ApEn). 1/f
power has been shown to provide a more powerful pre-
dictor of survival than traditional makers in both healthy
elderly and patients suffering from heart disease (24).

7.6. Detection of SDB from HRV Signals

A number of studies have demonstrated altered HRV in
OSA patients (11,36,39,41). These studies on autonomic
regulation of the HR during sleep apnea have proven that
sympathetic activation increases during the course of
apnea. This increased level of activity in patients with
sleep apnea persists even during the daytime and may
contribute to cardiovascular risk in these patients (39). As
the HRV signal reveals information about the functional
state of the autonomic control of the cardiovascular sys-
tem, and as respiration influences the HR through ANS,
breathing abnormalities such as sleep apnea result in
alterations in HR. Based on these interrelationships (19)
suggested that variations in HR during breathing may
serve as a screening method for OSA.

Researchers around the world have applied the differ-
ent signal processing methods mentioned above to derive
sensitive measures to investigate sleep stages, sleep dis-
ordered breathing (SDB), and other disorders influencing
the heart by analyzing the HRV signal. In the apnea
challenge 2000 (47,48), participants took advantage of
frequency-domain, time-frequency wavelet analysis,
time-domain measures of the HRV signal as well as
some of the morphological features of the ECG signal
(including ECG-derived respiration, EDR) to recognize
sleep apnea with impressive results. Since then a large
number of studies have been carried out to investigate
different aspects of sleep in health and disease by analyz-
ing the HRV signal using the more established frequency-
domain, time-domain, and nonlinear dynamics (to a lesser
extent) measures and a combination of them. For a list of
some of these efforts see (.

8. INTEGRATED SOFTWARE PACKAGES TO ANALYZE HRV
SIGNAL IN SLEEP STUDIES

As was described above, there is ample evidence indicat-
ing that SDB impacts on HRV. Therefore, it is of value to
include analysis of HRV as part of SDB diagnosis, and
possibly derivation of prognostic measures. Almost all
sleep laboratories that test patients to diagnose sleep
apnea include ECG measurements as part of their noc-

turnal polysomnography recordings. With the prevalence
of computer-based sleep data scoring, it is quite feasible to
include the analysis of HRV as part of the software that is
used to score the sleep data. In this section, we provide a
brief description of what type of analysis of HRV may be of
value for inclusion in the scoring software packages.

While many investigators have focused on the spectral
analysis of HRV to detect the SDB events, the potential
benefit of other HRV metrics cannot be discarded at this
point. This is primarily due to the fact that HRV is not a
stationary or periodic signal. When spectral analysis is
applied, one has to assume that HRV signal is periodic and
stationary. Also, studies have shown that often a single
measure of HRV is not adequate for detection of changes
in HRV due to SDB
1,6,12,14,21,25,29,35,37,38,42,43,47,48,53,56,57,59,60,61-
,63,64,65,66)(57). Hence, the time-domain measures of
HRV remain of interest in understanding and analyzing
the relationship between SDB and HRV. Notably, one may
find the most popular time-domain measures of HRV in
(58). However, previous studies (57) have shown that only
a few of the measures introduced in (58) are sensitive to
SDB. Table 4 lists these measures.

While the efficacy of many of these measures has not
been fully examined, their computation is relatively sim-
ple and rapid. Hence, for completeness it is desirable to
include them in the package along with spectral and
nonlinear measures. Some other specific features that
are desirable for inclusion in an integrated software
package for analysis of HRV during sleep are as follows.

The time-domain measures of HRV shown in Table 4
can be computed using 2-min epochs, as suggested by
some investigators (20,57). These measures have shown
sensitivity to the presence of sleep disordered breathing
events. A graphical display of these measures over the
entire night will be of interest.

Many studies reported in the literature have used 15-
min data epochs for analysis of HRV. Ideally, the software
would provide an option to the user to either automatically
divide the ECG recorded during sleep into 15-min seg-
ments or allow the user to select the temporal length of the
data for analysis. However, it is important to alert the user
to the fact that selecting shorter data segments may not
capture the impact of low-frequency component (typically,
0.04 to 0.15 Hz). Once the data segment is selected, the
program needs to detect the R peaks of the QRS complexes
in the ECG waveform in a reliable and robust fashion.
Constructing the R-R interval waveform by interpolation
schemes such as a cubic spline and uniformly sampling it
(at approximately 1 Hz) constitute the next step in pre-
paring data for HRV analysis. For ease of reference, the

Table 4. Time Domain Measures of HRV

Time Domain Measure Description

s1 Standard deviation of the R-R intervals of the entire epoch (e.g., 16 min)
s2 Standard Deviation of the averages of R-R intervals in all 2 minute segments of the entire epoch
s3 Mean of the standard deviation of all R-R intervals for all 2 minute segments
s4 Square root of the mean of the sum of the squares of differences between adjacent R-R intervals
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discrete samples of this curve will be called R-R series.
Using Welch’s periodogram technique, an estimate of the
spectrum of the R-R series can be obtained. Graphical
visualization of the spectrum and highlighting the high
(0.15–0.4 Hz, HF) and low (0.04–0.15, LF) frequency re-
gions is quite useful. As some investigators have proposed
(20,64) it would be useful to provide the user with the total
power within the HF and LF to aid the detection of apnea
in a user-friendly fashion. An example of a user-friendly
graphical interface is shown in Fig. 8.

Trending the values of the frequency-domain measures
of HRV (as well as nonlinear dynamics measures, once
their efficacy is fully established) would be of interest. For
example, the change in the total power in the LF and HF
intervals throughout the night will be of interest, as it
may reflect the change due to normal or disrupted sleep.
In displaying time-domain, frequency-domain, and non-
linear measures of HRV, it is important to identify and
separate the epochs of REM and wake periods. That is, the
heart rate variability measures during these periods are
similar to when SDB events occur during sleep. In short,
integrating the analysis of heart rate variability with
sleep data scoring software will provide a greater insight
to an understanding of the important neurologic and
cardiovascular response to SDB.

In developing user-friendly graphical user interfaces
for HRV signal analysis during sleep, there is a need to
have drop-down menus, which allow the user to import
sleep data, visualize, clip, process, and perform compre-
hensive time-domain, frequency-domain, and nonlinear
dynamical analyses on sleep data in an integrated envir-
onment. An important objective in designing a graphical
user interface should be to maximize the degree of ease
and user-friendliness and give it the touch and feel of
popular application software programs. Once the user
clicks on the ‘File’ menu, the Open, Save, Close, etc.
options should become accessible as submenus. Under
the ‘Open’ menu, the program should allow the user to
import a sleep data file from any drive or any path on the
computer into the display window for visualization. After
opening the file, under ‘Raw-Data’ drop-down menu, the
user should have the option to be able to display the vital
signs (ECG, EEG, BP, and respiration, etc.) individually or
collectively in one window for ease of visualization. Once
the sleep data file is read and displayed, the user should be
able to use cursors to clip the length of data to be analyzed.
A push button named ‘HRV’ could allow the user to
process the raw ECG and extract the RR intervals (tacho-
gram). Another push button should allow the user to
display the HRV signal along with respiration signal to
easily compare these. This feature can be used to facilitate
visually the detection of SDB.

The analysis menu in the system should enable the
user to invoke any of the time-domain, frequency-domain,
and nonlinear dynamical analyses routines for the proces-
sing of the HRV data. The software should easily cater for
the results being printed for the specialist or be exported
into a complete report sheet or into a statistical package to
be used in further analyses (42,43).
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Figure 8. (a) An example graphical user interface for Heart Rate Variability signal analysis of
2 minutes RR interval in REM sleep (in a child) with normal breathing conditions (42,43). (b) An
example graphical user interface for Heart Rate Variability signal analysis of 2 minutes RR
interval in sleep (in a child) with OSA (42,43).
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1. INTRODUCTION

Heart rate variability (HRV) has become an important
way to consider the cardiovascular system and its cardi-
ovascular control. It has opened a wide range of new
research topics and clinical applications (1).

HRV is an extremely interesting and important scien-
tific field, which enables:

* the understanding of many physiological features
related to autonomic activity and cardiovascular con-
trol and

* the development of novel, sophisticated methods for
the analysis of fluctuations under steady and dy-
namic unsteady conditions.

A variety of dedicated signal processing tools have been
developed and implemented while investigating HRV, all
of which have a rich range of applications, not only for
analyzing HRV, but also for analyzing fluctuations of other
physiological signals and signals in general.

As we all know, the most basic assessment of a patient’s
clinical conditions is the measurement of heart rate (HR),
blood pressure (BP), systolic, diastolic) and respiration. A
strong interaction exists between all these variables via
neural, hormonal, mechanical, and electrical mechanisms.
Some are direct, some are expressed by feedback mechan-
isms, some are linear, and some are nonlineary

In fact, all these mechanisms do function simulta-
neously. Their activity causes fluctuations in all the
above-mentioned physiological signals, which are respon-
sible for maintaining homeostasis. From the analysis of
these fluctuations, important information can be derived
about the control mechanisms involved.

Analysis of HRV has an extremely wide range of
diagnostic and clinical applications, such as early detec-
tion of hypertension (2,3), determination of fetal well-
being (4,5), estimation of fetal autonomic development
(6), migraine and cluster headache diagnosis (7,8), detec-
tion of sleep staging (9), detection of successful thrombo-
lysis in myocardial infarct patients (10), and risk
assessment in postmyocardial infarction patients and in
diabetes (2–12).

On one hand, cardiovascular fluctuations play an im-
portant role in the cardiac activity, whereas, on the other
hand, they reflect the activity of the autonomic nervous
system. Their quantitative analysis allows a nonivasive,
online look, ‘‘up’’ into the brain, and ‘‘down’’ to the heart.

The HR fluctuations contain clear and dominant fre-
quency components. The natural approach to quantify
them is therefore to perform spectral analysis of HRV.
This approach allows one to measure the frequency and
power of these components, and thus to separate and
quantify the different control mechanism.

Although in early investigations HRV has also been
quantified in the time domain, presently most HRV stu-
dies are based on the frequency domain.

This chapter will focus on heart rate variability (HRV),
its features, its physiological origins, and its ability to
detect abnormalities in autonomic control.

The different methods of HRV quantification and ana-
lysis will be presented more intuitively than quantita-
tively, by focusing on specific examples of their
implementation, as displayed in the figures below. The
mathematical procedures will not be detailed, but the
pitfalls to be avoided will be emphasized.

2. INSTANTANEOUS HR AND ITS TYPICAL SPECTRAL
COMPONENTS

HRV refers to the beat-to-beat fluctuations in HR as
derived from the instantaneous interbeat time intervals,
RR intervals, around their mean values (HR or RR). Many
discussions among scientists have dealt with the choice
between analyzing RR or HR fluctuations. If the spectral
analysis is carefully performed, both approaches should
lead to equivalent conclusions.

Typically, the beat-to-beat HR signal has two main
oscillating components (Fig. 1):

* The first component, usually identified as the low-
frequency (LF) peak, fluctuates at a period of about
10 seconds. In the frequency domain, this component
typically appears as a spectral peak within the
frequency range 0.05 to 0.18Hz.

* The second main oscillating component reflects the
modulation of the instantaneous HR signal caused by
respiration. Hence, under normal conditions, the
frequency of this component and its bandwidth cor-
respond exactly to the respiration rate and its spec-
tral bandwidth. In the frequency domain, for a
healthy adult, this component typically occurs within
the 0.2–0.4Hz frequency band, and is therefore
termed the high-frequency (HF) peak. Yet, as this
peak reflects the breathing rate, its frequency may
sometimes shift below the 0.2Hz limit or move
toward 1Hz during heavy exercise.

The power of the HF peak increases when the respira-
tory rate is reduced or when the breathing volume in-
creases. HF power is reduced when respiratory frequency
is enhanced or when breathing volume is reduced.

In cardiology, the HF fluctuations in HR are often
referred to as respiratory sinus arrhythmia (RSA),
although they are nor arrhythmias and, in fact, reflect
the natural sinus node rate, typically expressing cardiac
well-being.

1
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3. METHODS APPLIED FOR HRV QUANTIFICATION
BELONG TO: THE TIME DOMAIN, THE FREQUENCY
DOMAIN, OR TIME-FREQUENCY DOMAIN

3.1. Time Domain Approaches

Basic time domain tools have been applied in the initial
studies in the HRV field, such as computing the mean
values and standard deviations of beat-to beat HR values
(according to various, slightly different definitions) and
their distribution (13).

One of these parameters is SDNN (standard deviation
of all normal-to-normal intervals) another is the SDRR
(standard deviation of all RR intervals). More details
about the basic quantitative time domain parameters
can be found in Chapter 3 of Heart Rate Variability (13).
The Poincarre plot is another simple time domain ap-
proach, an elegant way to examine data and to extract
nonlinear patterns (see Ref. 14).

In our sleep studies, we have plotted RR(iþ l) as
function of RR(i).

An example of its simplicity and sensitivity is displayed
in Fig. 2 the Poincarre plots disclose a marked difference
between sleep stages. Note in Fig. 2, how, during slow-
wave sleep, the Poincarre map differs from rapid eye
movement sleep. In particular, the distribution is mark-
edly affected by the type of sleep stage. Quantitative
parameters can be defined to describe the shape of the

Poincarre map and the distribution it presents. The
features of the Poincarre map can essentially be used as
a parameter for sleep staging and sleep quality determi-
nation.

3.2. Frequency Domain Approaches

The main features disclosed by spectral analysis of HRV
have been described above, and have been thoroughly
discussed in the HRV book (5,15). It is important to
emphasize once more that the classic spectral analysis
procedures require the signals to be steady.

A quick reminder of the classic mathematical proce-
dures, assuming linearity, applied for power spectrum
(PS) computation is given below.

3.2.1. Fourier Transform (15). The expression of the PS
as a function of the frequency, P(f), can be directly
obtained from the time series y(k), where k is the discrete
time index, by using the periodogram expression:

Pðf Þ¼
1

NDt
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�

�
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jYðf Þj2;

where Dt is the sampling period, N is the number of
samples, and Y(f) is the discrete time Fourier transform
of y(k).

3.2.2. AutoRegressive Moving Average (ARMA) Process
(15,16). Among the various possibilities of modeling, lin-
ear models can be applied to a wide range of processes, in
particular physiological signals.

In general cases, these signals can be represented by
the following linear equation, which relates the input
driving signal oðkÞ and the output yðkÞ of an autoregres-
sing moving average (ARMA) process.

yðkÞ¼ �
X

p

i¼1

aiyðk� 1Þþ
X

q

j¼1

bioðk� jÞþoðkÞ;

where oðkÞ is the input white noise with null mean value
and variance l2, p and q are orders of the AR and MA
parts, respectively, and ai and bj are the proper coeffi-
cients.

Setting the coefficients bj or ai to zero simplifies the
ARMA model to either an AR model or an MA model.

3.2.3. The Corresponding AR based Power Spectrum Ex-
pressions.
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:

Careful choice of sampling rate (defining the maximal
derivable frequency) and data length (defining the fre-
quency resolution) has to be made. Validated application
of windowing for FFT procedures, optimal selection of the
model order for AR applications are required.

Figure 1. (a) Example of a normal HR trace 300 s long and its
corresponding power spectrum. (b) Note the two spectral peaks,
labeled LF and HF. The HF peak reflects the respiratory modula-
tion of HR. (c) shows the power spectrum of the corresponding
respiratory signal.
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Several examples, obtained by applying Fast Fourier
Transform are presented in this paper, which display the
dominant frequency components, LF and HF, and their
typical frequency ranges (see Figs. 1 and 3). As previously
mentioned, frequency ranges of the peaks in HRV power
spectra may significantly vary between subjects.

The example below emphasizes the extreme difference
between an adult HRV power spectrum (Fig. 1) and the
power spectrum of a fetal HR (Fig. 3). The fetal HR
variability is a ‘‘healthy’’ example where the breathing
motion frequency is much higher than in an adult, and
very irregular, causing the HF peak to be much wider and
located around a much higher frequency. In the following
figure, we see that, for the fetus, the HF peak is above
1Hz, and to observe its power, a log scale is helpful (Fig. 3a
and 3b). Note that Fig. 3a and 3b are the result of a
regular steady-state spectral analysis, whereas Fig. 3c
displays the time-frequency analysis (see below) of fetal
HRV, showing how the frequency content of the fetal HR
changes as function of time and clearly reflecting the
width of the HF peak shown in the steady-state spectrum
in Fig. 3b. This example contains a clear LF and HF
pattern as a function of time.

The respiratory motion frequency (HF) is between
1.0Hz and 1.2Hz all along the recording, changing
slightly as a function of time, while its width is also slowly
varying, yet remaining within the wide HF range dis-
played in Fig. 3b.

3.3. Nonstationary HRV Signals Require Time-Frequency
Analysis

Obviously, changes in HR variability may also develop
from nonstationarities in the cardiovascular system, be-
cause of sudden or gradual, internal or external stimula-

tions (3,17,18). An autonomic ‘‘trigger’’ such as the change
in position (CP) from supine to standing affects, suddenly
and strongly, all the control mechanisms related to HR.

These changes cannot be analyzed by the usual time
domain tools or by the classic spectral analysis tools. A
reliable analysis of nonsteady data requires a well-de-
signed algorithm for time-frequency analysis (16,19–23).

Figure 3c is the first example displayed in this paper of
a time-frequency decomposition, which is the ideal method
to derive the time-dependent frequency content of a signal
that contains variations both in time and in frequency.
The time-frequency analysis of the fetal HR discloses the
fact that amplitudes change as a function of time both in
LF(t) and HF(t), whereas the dominant frequencies also
vary as a function of time.

Figure 4 displays the changes in HR during a subject’s
change in position from supine to standing. The corre-
sponding time-frequency spectrum displays the time-de-
pendent changes in the instantaneous power spectrum.
Note the strong changes in frequency and power, how
strongly the HR signals are affected during and after the
CP, and how strongly this is reflected in the t-f map at t¼
4424 s. A time-dependent decrease in HF power can
clearly be observed (the main frequency of HF is around
0.25Hz), and the corresponding increase in LF (and MF)
power. This result reflects a strong increase in LF/HF
ratio, expressing the increase in Sympathovagal ratio.

An autonomic challenge such as CP has the ability to
disclose abnormalities in autonomic control, which other-
wise remain masked in steady-state.

3.3.1. Nonequal Resolution in t-f Map. In this paper, the
continuous wavelet transform is applied as the time-

Figure 2. Poincarre plot of RR intervals, where
RR(i-2) is plotted as function of RR(i), while i is
the beat number. Four maps are shown during
different sleep stages, during stage 2 (top left),
stage 4 (top right), one during REM sleep (bot-
tom left), and during wakefulness (bottom right).
The patterns are clearly different.
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Figure 3. Fetal HR analysis �38 weeks of gestation. (a) Standard power spectrum – the peak in
the LF range (below 0.2Hz) is dominant. (b) Logarithmic display - enables an intensification of the
HF range. It is obvious that, in this range, very little power is displayed, spread over a wide range
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spectral components and their time dependence. Note the LF power (below 0.2Hz) and the HF
power (a peak at B1.2Hz) as a function of time.
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frequency analysis tool:

WCWTðt; f Þ¼

ffiffiffi

f

c

r

Z

c
2f

�
c
2f

sðtþ tÞHðtÞ ei2pf tdt;

where c is a constant, s is the analyzed signal, and H is a
standard signal analysis window.

It is extremely important to mention that the t-f map
has different time resolutions in t and in f in the plane,
which is an inherent result of applying the continuous
wavelet transform (20,21,24), The frequency resolution is
high in the lower frequency ranges (while time resolution
is reduced), and the time resolution is high in the higher
frequency range [while the frequency resolution is re-
duced (see Figs. 3 and 4)].

3.4. Other Methods to Analyze HR Variations

Obviously, the HR and BP variations may include a
variety of other, nonoscillatory, nonlinear components.
Arrythmia, all kinds of sudden triggers, such as caused
by a change in position, a change in activity, or sudden
stress may affect the pattern of fluctuations.

Tools applied to analyze HRV in such conditions in-
clude:

1. The examination of the power spectrum of very long
HR trace (several hours) reveals a pattern of l/f
behavior.

2. Computation of correlation dimension, for both HR
and BP signals, has been applied mainly in order to
detect differences between groups of subjects (e.g.,
with and without medication or with and without
disease) and could be related to changes in physio-
logical conditions (25).

3. The Poincarre plot (see time domain methods), an-
other nonlinear method to look at data, is often
applied to visualize the patterns of the fluctuations
in RR(i), as shown in Fig. 2.

4. HR turbulence. Although arrhythmias do not allow,
in many cases, to compute the power spectrum of
HRV, it was shown recently that the HR response to
arrhythmia bears important clinical information
(26). In low-risk patients after acute MI, a typical
pattern of acceleration and then deceleration of HR
was observed. In high-risk patients, however, this
pattern was absent. The HR response to BP varia-
bility (BPV) is most probably linked to the auto-
nomic response to the reduced cardiac output caused
by the arrhythmia. Therefore, HR turbulence may
serve as a tool for investigating the autonomic
activity in cases that prohibit the use of ‘‘classical’’
HRV techniques.

4. PHYSIOLOGICAL SIGNIFICANCE OF THE HRV AND ITS
POWER SPECTRUM

Analysis of HRV has triggered intensive scientific efforts
because of the relations between fluctuations in HR and
the functioning of the autonomic nervous system (ANS).
Specifically, the power of fluctuations in the LF and HF
frequency ranges, as well as their ratio, are closely related
to the activity of the sympathetic and parasympathetic
limbs of the ANS. The power in the HF region of the
spectrum is associated mainly with cardiac parasympa-
thetic activation, whereas the LF fluctuations are affected
by both cardiac sympathetic and parasympathetic activa-
tion (27–30). For a more detailed review of the physiologi-
cal interpretations of HRV, see Refs. 1,31–33.
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Figure 4. HR trace (top) and the corresponding
power spectrum (bottom). Note the additional
spectral peak near 0.6Hz in the power spec-
trum indicated by VHF
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The sympathetic nervous system has a direct effect on
the SA node. It decreases resting membrane potential and
increases the rate of spontaneous depolarization, thus
increasing HR. In addition, it also increases cardiac con-
tractility and, as a result, increases cardiac output and
blood pressure. The SNS also has a direct effect on
vascular contraction.

Its effect can be defined as the ‘‘fight or flight’’ (alarm,
stress) responses. In emergency situations, the sympa-
thetic nervous system is called into action—it prepares the
body to respond to stress by increasing blood pressure, and
allowing the heart to beat faster and stronger, while
reducing less critical processes such as digestion.

The parasympathetic nervous system typically has the
opposite effect of the SNS. It increases resting membrane
potential and reduces the rate of spontaneous depolariza-
tion, thus reducing HR. Parasympathetic stimulation
reduces cardiac contractility and, hence, decreases cardiac
output as well.

Its effect can be defined as the ‘‘rest and digest’’
responses, which is the time for the parasympathetic
nervous system to act to save energy—blood pressure
decreases, the heart beats slower, and digestive processes
predominate.

The balance of the activity of these two autonomic
branches will determine mean HR and mean BP, as well
as the fluctuations in HR and BP. In general, a more
predominant parasympathetic influence such as that ex-
pressed by the slow resting HR of an athlete is considered
to reflect ‘‘healthier’’ autonomic tone. The resulting fluc-
tuations in HR, defined as HRV, are the focus of this paper.

BP fluctuations are mainly the result of HR fluctua-
tions, cardiac contractility changes, modulations in stroke
volume (caused by respiration), and neural vasomotor
control. The power spectrum of the blood pressure signal
also consists essentially of an LF and HF peak. The
physiology underlying BPV is closely related to HRV.
Yet, in BPV, the HF component reflects much more the
mechanical effects related to respiration than the neural
ones. In HRV, the neural modulation is the more dominant
contributor and, therefore, HF of HR is mainly a reflection
of parasympathetic control (34,35). The LF component of
the BP fluctuations reflects mainly the direct alpha-sym-
pathetic vasomotor control, and also the indirect para-
sympathetic and beta-sympathetic input to the SA node.

The spectrum of the closely related blood flow signal
contains mainly LF fluctuations and almost no HF. It
obviously reflects most directly the vasomotor control.

Spectral analysis of the respiratory signal displays a
peak at breathing frequency, sometimes with some har-
monics. The respiratory signal should be used whenever
possible, in order to define as accurately as possible the
range of the HF, which may change dramatically within a
subject’s recording or between subjects (Figs. 1 and 3).

It is extremely important to mention that the LF and
HF frequency ranges described above are the typical ones
for healthy adults. For sick subjects, for children, or for
neonates, these frequencies can be markedly different and
have to be carefully determined. For this reason, it is
essential to monitor respiration and not just to assume
that it will occur within a certain frequency range.

In animal studies, all these ranges have to be thor-
oughly reconsidered.

As a result of a disease, the power in a specific
frequency range can be either enhanced (such as the LF
in migraine patients) or reduced (such as LF and HF in
diabetic or in transplant patients), and the balance LF/HF
can be markedly affected. The LF/HF ratio represents an
estimate of the sympathetic to parasympathic balance and
is an important parameter when analyzing clinical data
(36–38).

5. ADDITIONAL SPECTRAL COMPONENTS OF HRV

In addition to LF and HF, less obvious peaks may occur in
other frequency ranges, these peaks are usually not taken
into account, especially in clinical studies, where HRV is
typically of low amplitude.

Several examples of such unusual spectral components
are displayed below:

5.1. Very-Low-Frequency Peak (VLF, below 0.05Hz)

Sometimes a strong, very-low-frequency component (VLF)
may occur below 0.05Hz, as happens during sleep onset.
Obviously, the trace has to be long enough to allow the
computation of such a low frequency, at least five times the
longest wavelength of interest, in order to provide valid
spectral components (39).

Figure 5 displays six different parameters and signals
recorded during sleep onset as a function of time.

The EEG signal is, in general, recorded in every poly-
somnographic test. Its role is mainly to help obtaining the
sleep stages. The EEG signal shown in Fig. 5 (top graph)
displays clearly how, after sleep onset (vertical line), the
delta waves (reflecting sleep) become stronger than the
alpha waves (reflecting awakeness). The crossing point
between the two curves indicates the transition from
awake to asleep.

In parallel, the RR intervals increase (Fig. 5b) and the
respiratory frequency gradually decreases (Fig. 5c). How-
ever, these parameters are inadequate to provide a thresh-
old defining sleep onset.
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Figure 5. Example of a singly momentary power spectrum, as
obtained from the output of the time-frequency analysis of a HR
trace (in fact, one vertical slice from a figure such as Fig. 3c): The
shaded areas are the three ranges of interest: HF peak, MF peak,
and ‘‘true’’ low-frequency (TLF) peak.
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Analyzing the HR variability by applying a time-fre-
quency algorithm, as required by the fact that the sleep
onset is not a steady-state condition, has allowed devel-
opment of a sensitive method for sleep onset detection.

This investigation disclosed the following conclusions,
displayed in Fig. 5:

1. Time-dependent LF of HRV does not change signifi-
cantly.

2. Time-dependent HF gradually increases.

3. Looking at the VLF as a function of time, large VLF
waves are observed, the power of which displays a
strong decrease, even before sleep onset (as defined
based on the EEG signal).

Figure 5 reveals that the behavior of VLF can provide
the exact timing of the sleep onset, in excellent agreement
with its detection based on the EEG signals (where the
alpha waves cross the delta waves).

We believe that the behavior of the HR VLF, while
falling asleep, can allow one to detect sleep onset more
accurately, more easily, and earlier (because of the in-
stantaneous time-frequency analysis) than when measur-
ing the sleep onset by EEG.

The VLF behavior as function of time may replace the
need to record and analyze EEG signals, or the need to
test wakefulness by applying external triggers. Each of
these procedures is very inconvenient and requires an
overnight hospitalization.

5.2. Mid-Frequency Peak (MF between 0.1 and 0.15Hz)

A relatively small number of studies also deal with the
mid-frequency peak (MF). Although often merged with LF,
MF reflects mainly the effect of the baroreflex, and in-
volves more parasympathetic than sympathetic activity
(27). It is typically strongly affected by the transition from
supine to standing position. The fluctuations within the
MF range reflect mainly the vagally based baroreflex
activity, and also some of the vasomotor modulations
controlled by the alpha-sympathetic system.

It is often possible to observe a mid-frequency peak,
typically between 0.1 and 0.15Hz, that can be separated
from the ‘‘true LF’’ (40) and is closely related to the blood
pressure feedback control (baroreflex) (27,41).

In general, the MF peak is merged with the LF peak,
and, in most studies, it is not taken into consideration.
However, it is clear, as seen in Fig. 6, that it exists within
the frequency range between LF and HF.

5.3. Very-High-Frequency Peaks (VHF, above HF)

In addition to the above-mentioned LF and HF fluctua-
tions, the HRV signal sometimes exhibits fluctuations at
even higher frequencies, which may be the higher harmo-
nics of HF. However, as shown in recent studies (42,43),
some higher frequency components have been observed
that are totally unrelated to HF and respiration. They are
called them very-high-frequency peaks (VHF), which can
be observed in patients with extremely depressed cardiac
autonomic control, such as in cardiac transplant patients

(42,44). Figure 7 displays the HR as function of time in a
heart transplant patient. Note the strongly reduced HRV.
The HR power spectrum reveals a VHF component at
0.6Hz.

The HR PSD proves that the VHF peak is not a higher
harmonic of the HF peak, because its power is stronger
than that of the HF peak. When computing the corre-
sponding BP variability, the same VHF peaks are ob-
tained, proving that it is not an artifact (42).

The mechanism behind the VHF requires further in-
vestigation. What is clear is that it occurs in patients with
depressed autonomic activity.

6. WHERE TO BE CAREFUL WHEN ANALYZING HRV

The following section briefly describes some basic, but
important, rules for correctly assessing HRV, both by time
domain methods and by frequency-based methods.

6.1. Correct Choice of Sampling Rate for the ECG Signal

HRV assessment can be accomplished in several ways.
However, before any method can be applied, the time
interval between consecutive heart beats (RR interval)
must be very accurately detected.

For normal heart rates, ECG sampling at 250Hz can be
sufficient, but obviously 500Hz would be better. In many
cases, however, ECG devices offer only a much lower
sampling rate (as low as 100Hz in Holter systems). Too
low a sampling rate may cause quantizing artifacts in the
RR interval (or HR) trace. Improving the time resolution
of the RR interval series is thus required in some cases
(22,45,46).

6.2. Creation of the Instantaneous HR Signal, Accuracy of R-
Wave Detection

In order to create the beat-to-beat HR time series, it is
necessary to determine the exact timing of the heartbeat
occurrence. Obviously, the most exact and convenient way
to achieve this goal is to use the ECG recording. The QRS
complex is the most significant feature of the ECG and the
R-wave detection is used to construct a series of RR
intervals.

R-wave detection can be achieved by thresholding the
ECG signal, or by more elaborate approaches, such as
looking for the maximal slope or applying correlation-
based methods. The time resolution of the RR interval
series is determined by the sampling rate of the ECG
signal.

As shown before in Fig. 3, high-frequency of breathing
motion in the fetus, as well as the relatively high fetal HR,
require a higher sampling rate of the ECG than for an
adult subject at rest. To optimize R-wave detection for all
typical human heart rates (at rest, or during exercise test,
newborns or adults), a sampling rate of 500Hz is recom-
mended.

6.2.1. An Example of Accurate and Elaborate RR Detec-
tion (Fig. 8). The figure displays a noninvasively obtained
abdominal maternal ECG (single lead). It contains both
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the maternal and the fetal ECG signal. Both the maternal
and fetal R-waves have to be independently detected,
which is not an easy task because the maternal ECG
contribution to the combined signal is at least one order of
magnitude larger than the fetal ECG. In order to allow the
detection of the fetal R-waves, the combined signal has to
be of high quality (high S/N). Even then, a large percen-
tage of the fetal QRS complexes beats are somehow hidden
by a maternal QRS or T-wave.

A complex algorithm has been developed in the
authors’ lab (6,7) designed to detect every maternal and
fetal heartbeat, without missing a single fetal ECG beat!

6.3. Additional Requirements in Order to Obtain Valid HRV
Analysis

The whole notion of HRV analysis is related to the
influence of the ANS on the SA node. Therefore, HRV
analysis cannot be applied to ECG epochs, which include
nonsinus beats, such as paced HR or ECG with frequent
arrhythmias.

Arrhythmia cannot be simply eliminated, as this would
affect the time scale, distorting the oscillations, and affect-
ing the validity of the spectral analysis.

The effect of isolated arrhythmias can be extremely
disturbing, adding a high amount of noise to the power
spectrum and masking the information of interest.

It is thus an absolute requirement to somehow over-
come this problem. The best and simplest solution is to

Figure 6. Displays signals during sleep onset. The LFof HRV does not change significantly during
the transition from awake to asleep. HF increases gradually. Looking at the VLF as a function of
time, we see large VHF waves that clearly decay even before sleep onset, as ‘‘classically’’ defined
based on the EEG
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choose subtraces without arrhythmia. When this choice is
impossible, it is reasonable to apply correction procedures
when the number of ectopic beats is small.

Typically, the occurrence of abnormal intervals or ar-
rhythmic beats have to be replaced by a linear interpola-
tion of the time interval of neighboring beats.

Time domain tools and parameters have been men-
tioned above. They are easy to compute as long as the ECG
signal is adequately sampled, the R-wave detection reli-
ably performed, and the necessary corrections carefully
performed.

6.4. Basic Rules for Applying Frequency Domain Tools

After having carefully performed all these steps for time
domain detection of R-waves, one can move to the next
step, the spectral analysis of HR fluctuations.

Spectral analysis of HRV is a very effective way to
assess cardiac autonomic activity and the associated
sympathetic and parasympathetic activities. The power
spectrum of the HR signal can be assessed using either
parametric or nonparametric methods, each of which has
its advantages and disadvantages (see Spectral Analysis).

The nonparametric methods for spectral analysis are
based on the Fourier transform, typically implemented
using the fast Fourier transform algorithm (see Figs. 1, 3a,
and 3b).

6.4.1. Sampling Rate of Instantaneous HR (or RR) Sig-
nal. Before applying the Fourier transform to the HR
signal, the series of RR intervals must be first converted
into a uniformly sampled signal, as the HR is known only
between consecutive heartbeats. The instantaneous HR is
thus obtained at nonequal sampling intervals. Several
approaches can be applied for the conversion of the RR
intervals into a signal sampled uniformly in time (27).

Most approaches are based on some kind of interpola-
tion of either the instantaneous HR (the reciprocal of the
RR interval) or of the heart period (RR interval) (47).

Then, the power spectrum of the interpolated HR (or
heart period) signal is computed, typically using the Welch
periodogram.

Some researchers choose to give a number to each R-
wave, assuming they occur at equal intervals on the time
axis. They then take the mean HR as the effective sam-
pling rate (48). The power in the LF and HF (or other
spectral components) regions can be assessed by integrat-
ing the resulting power spectrum over the relevant fre-
quency ranges.

6.4.2. Prefiltering of Nonstationary Data. All RR or HR
data as function of time, even in steady-state conditions,
require some preprocessing, such as DC subtraction,
detrending, and elimination of extremely low fluctuations.

In many cases, the LF peak might be masked by the
power of nonstationarities in the HR signal. Such a
condition occurs when the HR changes within the epoch
being studied, as occurs during exercise, change of pos-
ture, or other autonomic provocations. In those cases, as
well as other cases that exhibit significant nonstationary
behavior, the HR signal must be prefiltered. The filtering
procedure is typically nonlinear, in order to preserve the
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Figure 7. CP in healthy subject. The top trace shows continu-
ously the actual HR at rest, during transition to standing and
during standing. The bottom figure displays the time-dependent
spectrum of HR during rest and Change of Posture in a young,
healthy subject. The gray level is the power of fluctuation at a
specific time and frequency. The transition to stand occurred at
4424 seconds. Note the marked increase in LF power upon
Change of Posture and the reduction in HF power.

Figure 8. Abdominal ECG with indication of
maternal and fetal R-waves. Note that the
maternal and fetal HR are very different and
have their own RR modulation.
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spectral content of the signal while filtering out the HR
changes.

An example of the power spectrum of an unfiltered HR
and the same signal after nonlinear high-pass filter using
a moving median is shown in Fig. 9.

6.5. Importance of Time-Frequency Analysis

A variety of time-frequency decomposition algorithms
have been applied, such as SDA (20), Wigner–Ville (23),
time-dependent autoregression (22), or continuous wave-
let transform. All these allow one to analyze nonsteady
data, as shown before during CP (Fig. 4).

On the other hand, they also allow the display of 3-D
information of a steady signal, which contains regular
time-dependent changes in the frequency content.

An example of time-frequency analysis of fetal HRV is
displayed in Fig. 10. Note the strong frequency resolution
in the LF domain. In addition to the classical time-

dependent LF power (below 0.1Hz), the CWT analysis
discloses the time-dependent power of effect of fetal
mouthing gradually changing from 0.15 to about 1.2Hz.
The time-dependent peak corresponds to the regular slow
variations in HR signal shown in the top graph.

7. SUMMARY

The results of HRV analysis, presented as examples
throughout this paper, demonstrate that spectral analysis
of HRV can be an important diagnostic tool.

HRV analysis is involved in numerous clinical studies,
ranging from risk stratification in myocardial infarction
patients, via the assessment of diabetic neuropathy, via
the analysis of ANS activity during tilt test, via migraine
detection, via cluster headache, up to the early detection of
hypertension and more.

The various HRV-derived parameters are a clean and
direct online expression of sympathetic and parasympa-
thetic activity and their balance. It is extremely important
to remember that LF and HF ranges, as well as VLF, MF,
and VHF, should be carefully chosen, taking into account
the age or the disease status of a subject.

The most basic approach to quantify HRV used to be
simple time-domain parameters (49). However, these
parameters are inadequate to differentiate between the
various autonomic control branches and to develop diag-
nostic tools.

As a result, most of the research, basic and clinical, has
switched to the frequency domain.

It is most important to repeat that steady-state spectral
analysis (performed by any reliable method, such as FFT
or autoregression), although intensively used in HRV
studies, is not the only technique applied to investigate
this phenomenon.

An important challenge is the treatment of nonsteady
HRV signals, such as during sudden autonomic changes or
provocations, which requires the development and appli-
cation of a reliable time-frequency method for spectral
decomposition.

The most useful tool, allowing one to quantify the
spectral content of HRV, both in steady conditions and in
nonsteady conditions, the time-frequency approach, as
disclosed in many examples presented above.

Figure 9. HR (top) and power spectrum (bottom) of a normal
subject. The dotted line shows the power spectrum of the HR
signal without filtering, whereas the solid line is the power
spectrum of the same signal after removing the median in a
wide sliding window. The prefiltering procedure reveals the LF
peak that was masked in part by the VLF peak. In this subject,

the HF peak is relatively weak, and appears around 0.3Hz.

Figure 10. An example of a fetal HR signal
(top) and its time-frequency transform com-
puted by the continuous wavetet transform.
The CWT is shown up to 0.25Hz. Note the
strong frequency resolution in the LF domain.
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Obviously, in order to obtain a wider physiological
picture, additional signals can be analyzed using all the
tools described in this paper.
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1. CARDIAC AUSCULTATION

Heart sounds result from the interplay of the dynamic
events associated with the contraction and relaxation of
the atria and ventricles, the valve movements, and blood
flow (1). They can be heard from the chest through a
stethoscope—a device commonly used for screening and
diagnosis in primary health care. The art of evaluating the
acoustic properties of heart sounds and murmurs, includ-
ing the intensity, frequency, duration, number, and quality
of the sounds, is known as cardiac auscultation. Cardiac
auscultation is one of the oldest means for assessing the
heart condition, especially the function of heart valves.
However, the traditional auscultation involves subjective
judgement by the clinicians, which introduces variability
in the perception and interpretation of the sounds, thereby
affecting diagnostic accuracy.

With the assistance of electronic devices, phonocardio-
graphy provides a noninvasive technique for obtaining the
graphic recording of heart sounds, leading to more objec-
tive analysis and interpretation. In the earlier days,
phonocardiographic devices were used to document the
timings and relative intensities of the components of heart
sounds. However, they are generally inconvenient to use.
The further advancement in analog and digital microelec-
tronics in the past decades has led to the development of
electronic stethoscopes. These portable electronic stetho-
scopes allow clinicians to apply both auscultation and
phonocardiography more conveniently. The new stetho-
scopes have also opened the possibilities for the applica-
tion of advanced signal processing and data analysis
techniques in the diagnosis of heart diseases. The practice
of cardiac auscultation has come to a new era.

2. PHYSIOLOGY OF THE HEART

The heart is one of the most important organs of the
human body. It is responsible for pumping deoxygenated
blood to the lungs, where carbon dioxide-oxygen (CO2-O2)
exchange takes place, and pumping oxygenated blood
throughout the body. Anatomically, the heart is divided
into two sides: the left side and the right side, which are
separated by the septum. Each side is further divided into
two chambers: the atrium and the ventricle. As illustrated
in Fig. 1 (2), heart valves exist between the atria and the
ventricles and between the ventricles and the major
arteries from the heart, which permit blood flow only in
one direction. Such valves include the tricuspid valve, the
mitral valve, the pulmonic valve, and the aortic valve.

The tricuspid and mitral valves are often collectively
called the atrioventricular valves, because they direct
blood flow from the atria to the ventricles. The competence
of the atrioventricular valves depends not only on the
proper functioning of the valve leaflets themselves but
also on the strong fibrous strands, called chordae tendi-
neae, that are attached to the free edges and ventricular
surfaces of the valve cusps (2). These strands are, in turn,
attached to the finger-like projections of the muscle tissue
from the endocardium called the papillary muscles (2).
The aortic and pulmonic valves are called the semilunar
valves as they have a half-moon-shaped structure that
prevents the backflow of blood from the aorta or the
pulmonary artery into the ventricles.

The heart acts like a pump, generating the required
pressure to pump blood through the arterial circulation.
The process consists of the synchronized activity of the
atria and the ventricles. First, the atria contract (atria
systole) pumping the blood into the ventricles. As the atria
begin to relax (atria diastole), the ventricles contract to
force blood into the aorta and the pulmonary artery
(ventricular systole). Then the ventricles relax (ventricu-
lar diastole). During this phase, both the atria and the
ventricles relax until atrial systole occurs again. The
entire process is known as the cardiac cycle.

3. ORIGINS OF HEART SOUNDS AND MURMURS

During the systole and the diastole phase of the cardiac
cycle, audible sounds are produced from the opening and
the closing of the heart valves, the flow of blood in the
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Figure 1. The blood flow through the four valves of the heart.
SVC, superior vena cava; IVC, inferior vena cava; RA, right
atrium; LA, left atrium; RV, right ventricle; LV, left ventricle (2).
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heart, and the vibration of heart muscles. Usually, four
heart sounds are generated in a cardiac cycle. The first
heart sound and the second heart sound can be easily
heard in a normal heart through a stethoscope placed on a
proper area on the chest. The normal third heart sound is
audible in children and adolescents but not in most adults.
The fourth heart sound is seldom audible in normal
individuals through the conventional mechanical stetho-
scopes but can be detected by sensors with high sensitiv-
ity, such as electronic stethoscopes and
phonocardiographic systems. Sounds other than these
four, called murmurs, are abnormal sounds resulting
from valve problems, or sounds made by pacemakers or
prosthetic valves. Figure 2 (3) shows how the four heart
sounds are correlated to the electrical and mechanical
events of the cardiac cycle.

The first heart sound (S1) occurs at the onset of
ventricular systole. It can be most clearly heard at the
apex and the fourth intercostal spaces along the left
sternal border. It is characterized by higher amplitude
and longer duration in comparison with other heart
sounds. It has two major high-frequency components
that can be easily heard at bedside. Although controversy
exists regarding the mechanism of S1 (1), the most com-
pelling evidence indicates that the components result from
the closure of the mitral and tricuspid valves and the
vibrations set up in the valve cusps, chordae, papillary,
muscles, and ventricular walls before aortic ejection (2). S1

lasts for an average period of 100ms to 200ms. Its
frequency components lie in the range of 10–200Hz. The
acoustic properties of S1 are able to reveal the strength of
the myocardial systole and the status of the atrioventri-

cular valves’ function. As a result of the asynchronous
closure of the tricuspid and mitral valves, the two compo-
nents of S1 are often separated by a time delay of 20–
30ms. This delay is known as the ‘‘split’’ in the medical
community and is of significant diagnostic importance. An
abnormally large splitting is often a sign of heart problem.

The second heart sound (S2) occurs within a short
period once the ventricular diastole starts. It coincides
with the completion of the Twave of the electrocardiogram
(ECG). It can be clearly heard when the stethoscope is
firmly applied against the skin at the second or third
intercostal space along the left sternal border. S2 consists
of two high-frequency components, one because of the
closure of the aortic valve and the other because of the
closure of the pulmonary valve. At the onset of ventricular
diastole, the systolic ejection into the aorta and the
pulmonary artery declines and the rising pressure in
these vessels exceeds the pressure in the respective ven-
tricles, thus reversing the flow and causing the closure of
their valves. The second heart sound usually has higher
frequency components as compared with the first heart
sound. As a result of the higher pressure in the aorta
compared with the pulmonary artery, the aortic valve
tends to close before the pulmonic valve, so the second
heart sound may have an audible split. In normal indivi-
duals, respiratory variations exist in the splitting of S2.
During expiration, the interval between the two compo-
nents is small (less than 30 ms). However, during inspira-
tion, the splitting of the two components is evident.
Clinical evaluation of the second heart sound is a bedside
technique that is considered to be a most valuable screen-
ing test for heart disease. Many heart diseases are asso-
ciated with the characteristic changes in the intensities of
or the time relation between the two components of S2.
The ability to estimate these changes offers important
diagnostic clues (2).

The third and fourth heart sounds, also called ‘‘gallop
sounds,’’ are low-frequency sounds occurring in early and
late diastole, respectively, under highly variable physiolo-
gical and pathological conditions. Deceleration of mitral
flow by ventricular walls may represent a key mechanism
in the genesis of both sounds (4).

The third heart sound (S3) occurs in the rapid filling
period of early diastole. It is produced by vibrations of the
ventricular walls when suddenly distended by the rush of
inflow resulting from the pressure difference between
ventricles and atria. The audibility of S3 may be physio-
logical in young people or in some adults, but it is
pathological in people with congestive heart failure or
ventricular dilatation. The presence of the third heart
sound in patients with valvular heart disease is often
regarded as a sign of heart failure, but it also depends on
the type of valvular disease (5). In patients with mitral
regurgitation, the third heart sound is common but does
not necessarily reflect left ventricular systolic dysfunction
or increased filling pressure. In patients with aortic
stenosis, third heart sounds are uncommon but usually
indicate the presence of systolic dysfunction and elevated
filling pressure.

The fourth heart sound (S4) occurs in late diastole and
just before S1. It is produced by vibrations in expanding
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Figure 2. Correlation of the four heart sounds with the electrical
and the mechanical events of the cardiac cycle (3).
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ventricles when atria contract. Thus, S4 is rarely heard in
a normal heart. The abnormally audible S4 results from
the reduced distensibility of one or both ventricles. As a
result of the stiff ventricles, the force of atrial contraction
increases, causing sharp movement of the ventricular wall
and the emission of a prominent S4 (2).

Most murmurs are the result of turbulent blood flow,
which produces a series of vibrations in the cardiac
structure. Murmurs during the early systolic phase are
common in children, and they are normally heard in
nearly all adults after exercise. Abnormal murmurs may
be caused by stenoses and insufficiencies (leaks) at the
aortic, pulmonary, or mitral valves (3). It is important in
the diagnostic point of view to note the time and the
location of murmurs. The identification of murmurs may
assist the diagnosis of heart defections like aortic stenosis,
mitral and tricuspid regurgitation, etc.

4. AUSCULTATION TECHNIQUES

Heart sounds are heavily attenuated during their travel
from the heart and major blood vessels, through the body
tissues, to the body surface. The most compressible tis-
sues, such as the lung and the fat layers, usually con-
tribute the most to the attenuation of the transmitted
sounds. To clearly perceive various heart sounds, optimal
recording sites are defined, which are the locations where
the sound is transmitted through solid tissues or through
a minimal thickness of an inflated lung. Four basic chest
locations exist [as illustrated in Fig. 3 (3)] where the
intensity of sound from the four valves is maximized.

As heart sounds and murmurs have low amplitudes,
extraneous noise level in the surrounding area of the
patient must be minimized. The auscultation results can
be vastly improved if the room is kept as quiet as possible

before auscultation begins. The patients should be recum-
bent and completely relaxed. They need to hold their
breaths so that the noise from their breath and the base-
line wandering caused by movement can be minimized.

5. STETHOSCOPES

A stethoscope is used to transmit heart and lung sounds
from the chest wall to the human ear. It was the first
diagnostic instrument used by physicians. After many
years of development, it is still considered as an indis-
pensable medical tool. The stethoscope was not invented
until 1816, when R. Laennec, a French physician, was
examining a young woman (6). He found it difficult, and
embarrassing as well, to hear her heart by placing his ear
to her chest. To overcome this problem, he rolled up 24
sheets of paper into a tight roll and placed one end to the
woman’s chest, the other to his ear. The transmitted sound
was found to be clear and loud.

Laennec then took the idea further and made a stetho-
scope out of a hollow tube of wood, as shown in Fig. 4 (7).
There was a small hole at one end, and a conical hollow at
the other end. This simple configuration made up a
monaural stethoscope. To listen to the heart sounds, a fir
had to be inserted into the hollow. With the insert re-
moved, the physician could listen to the lung sounds. The
monaural stethoscope was used up to the late nineteenth
and into the early twentieth century.

As the monaural stethoscope only had a single tube for
auscultation, a need existed for a better instrument that
could convey sound more clearly and loudly and also make
the auscultation process more comfortable and convenient
for both physicians and patients. For this reason, the
binaural stethoscope was invented in the early 1850s,
claimed by Arthur Leared (6). The binaural stethoscope
[Fig. 5 (7)] provided a model structure to the modern
mechanical stethoscope. Modern stethoscopes now have
improved acoustic performance, and are comfortable for
the physicians to use for a long period of time.

Modern mechanical stethoscopes are made up of five
basic components: the earpieces, binaurals, metal brace,
tubing, and the chest piece (or the stethoscope head). Two
modes of operation exist: diaphragm mode and bell mode,
each requiring a specific chest piece. A diaphragm is usedA

P

T M

Figure 3. Auscultatory areas on the chest. A, aortic; P, pulmon-
ary; T, tricuspid; and M, mitral areas (3). Figure 4. Laennec’s stethoscope (7).
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to pick up higher frequency sounds, whereas a bell is used
to pick up lower frequency sounds. Once the sound is
picked up by the chest piece at the skin surface, it is
conducted via the tubing and the binaurals to the ear-
pieces. Some modern stethoscopes [Fig. 6 (8)] have tunable
diaphragms allowing the physician to monitor both high
frequencies and low frequencies without having to turn
over the chest piece.

Mechanical stethoscopes possess uneven frequency
response (9). Amplification peaks occur because of the
standing wave phenomenon, which takes place when the
length of a stethoscope matches with the quarter wave-
length of sounds passing through it. Moreover, the man-
ner in which the stethoscope is used can greatly affect the
sounds perceived (e.g., how hard is the chest piece pressed
against the skin).

In late twentieth century, electronic stethoscopes were
developed to overcome the shortcomings of the conven-
tional mechanical stethoscopes. Although electronic
stethoscopes have evolved for decades, their basic design,
consisting of a small microphone behind the diaphragm,
an electronic amplifier, and a small speaker driving the
headset, has remained unchanged. Early designs were
limited by the technology available. They were large,
cumbersome, and often introduced their own artifacts.
Advancement in microchip technology now permits the
microphone, amplifier, and battery to be housed in the
chest piece, resulting in an electronic stethoscope that is
similar in size and weight to the mechanical stethoscope.

The electronic stethoscope [Fig. 7 (8)] is a solution to
many inherent problems of the mechanical stethoscope.
For example, its adjustable volume control allows physi-
cians to hear a clear signal at a comfortable level, and
permits auscultation of low-amplitude sounds in a noisy
environment. Equipped with analog or digital filters, the

Figure 5. Cammann’s binaural stethoscope and the tin case (7).

Figure 6. 3MTM Littmanns master cardiology stethoscope (8).
Figure 7. 3MTM Littmanns electronic stethoscope model 4000
(8).
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electronic stethoscopes may also have selectable fre-
quency-response characteristics, ranging from ‘‘ideal’’
flat-response to selected band-pass response. Filtering is
useful not only in reducing background noise, but also in
enhancing diagnosis by disproportionately amplifying a
particular frequency band of sounds relative to others. For
example, to substantially hear only low-frequency sounds
generated by the normal heart activity, one can filter the
received sound signal to attenuate the lung sound in the
higher frequency range.

Although an electronic stethoscope allows the provision
of many desirable features, it has not gained wide accep-
tance because of the impression that its recorded sounds
are different from the sounds heard through a traditional
mechanical stethoscope. To solve this problem, some elec-
tronic stethoscopes have been designed to mimic the
frequency response of a typical mechanical stethoscope,
hoping that the recorded sound would gain more accep-
tance from the practitioners.

Integrated with microprocessors, electronic stetho-
scopes may also have the capability of data storage and
playback. Moreover, it is possible to download the heart
sound records to a personal computer (PC) or a personal
digital assistant (PDA) [Fig. 8 (10)]. This capability allows
the practitioners to view the waveform graphically on a
PC or PDA. The data can be saved into the device and
called up at a later time so that the clinicians can visually
examine how the patients’ condition changes over time.
Some electronic stethoscopes are even integrated with a

LCD panel and a software analyzer for the real-time
visual display and analysis of the heart sound waveform.

The electronic stethoscopes can be made wireless as
well. A wireless transmission link can be established to
transmit data from the stethoscope head to a wireless
headset or a PC. As a wireless device operating at a
normal radio frequency is usually prohibited in a hospital,
wireless stethoscopes usually employ infrared transmis-
sion. Wireless stethoscopes are better in terms of port-
ability, and thus bring more convenience to the
practitioners. They also make it possible for several
practitioners, each with a wireless headset, to examine
the same patient simultaneously, which cannot be possibly
done with the conventional mechanical stethoscope.

The emergence of the electronic stethoscopes has no
doubt provided a much more convenient approach to
record heart sounds and murmurs for clinical diagnosis,
teaching, and research. Although stethoscope technology
has undergone significant advancement over the past
decade, room for further improvement still exists. One
possible breakthrough would be the development of new
signal processing techniques to separate heart and lung
sounds that are recorded simultaneously. Simply using a
digital filter cannot effectively separate these two sounds
because of their overlapped spectrum. There have been
several attempts to separate heart sounds from the lung
sounds recordings (11–16). The search for new algorithms
to separate heart sound and lung sound is still ongoing.

Another possible breakthrough in stethoscope technol-
ogy would be the introduction of new transducers for the
measurement of heart sounds. Most of the electronic
stethoscopes currently available on the market use a
condenser microphone to pick up the vibrations generated
at the diaphragm. Other alternatives available for heart
sound measurement exist (e.g., accelerometers, hydro-
phones together with a fluid-filled chest piece, or even a
custom-made chest piece with sensing material). The
future challenge is to search for a transducer that has a
frequency response most suitable for heart sound mea-
surement and a low sensitivity to external noise. When
the technology matures, the diagnostic information re-
vealed from heart sounds would be richer.

6. PHONOCARDIOGRAPHY

Phonocardiography is a useful technique for registering
heart sounds and murmurs. It has been developed in the
early days to overcome the deficiencies of the acoustical
stethoscope. A phonocardiogram, which is the graphic
representation of the heart sounds and murmurs, can
document the timings and relative intensities of heart
sounds and murmurs. Cardiologists can then evaluate a
phonocardiogram based on the changes in the wave shape
and timing parameters. A number of other heart-related
variables may also be recorded simultaneously with the
phonocardiogram, including the ECG, carotid arterial
pulse, jugular venous pulse, and apex cardiogram. Such
information allows clinicians to evaluate the heart sounds
of a patient with respect to the electrical and mechanical
events of the cardiac cycle.

Figure 8. Stethographics "Handheld STG" electronic stetho-
scope (10).
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Although phonocardiography can record and store
auscultatory findings accurately, its usage as a diagnostic
tool is quite uncommon because of the critical procedures
and complicated instrumentation required. A standard
procedure to record the phonocardiograms requires a
specially designed, acoustically quiet room (3). In terms
of equipment, because phonocardiographic devices were
introduced before compact analog integrated circuits were
available, they are typically large, noisy, and inconvenient
to use.

With the introduction of the electronic stethoscope,
phonocardiography may possibly make a comeback in
clinical practice. The newly developed electronic stetho-
scopes are more compact, more robust to noise, and much
more convenient to use. They permit digital recording of
heart sounds, and therefore allow clinicians to perform
analyses of the phonocardiogram on a PC. The phonocar-
diogram may have even greater diagnostic importance in
the future as further improvements are made in the
electronic measurement technology and signal processing
algorithms.

7. HEART SOUND ANALYSIS

The diagnostic use of heart sounds has a long history in
the field of cardiology. The acoustical and mechanical
phenomena of the cardiac cycle are believed to have
significance value in the evaluation of the heart condition.
However, heart sounds and murmurs have extremely
small amplitudes, with frequencies ranging from 0.1Hz
to 2000Hz (3). Most of the messages conveyed by the heart
sounds are too weak to be identified by the human ear.
Figure 9 (17) shows that audible range of the heart sounds
above the threshold of audibility is approximately from
40–500Hz, which represents only a very small audible
area. An important part of the intensity and frequency
distribution of the heart sounds and murmurs is, thus, out
of the human hearing range.

The value of cardiac auscultation as a tool in the early
diagnosis of cardiovascular disorders has been firmly

established. With the development of new cardiac trans-
ducers and advanced computer-based signal analysis
techniques, it is now possible to analyze heart sounds in
the audible and inaudible ranges. Much more diagnostic
information can be extracted from heart sounds than
before. For example, with time-frequency analysis techni-
ques, it is possible to obtain the precise timing of valve
movements. Improvements in analysis techniques have
also allowed us to gain new insight into normal and
pathological heart sounds and murmurs.

To use heart sounds for diagnosis, four steps are
involved: (1) noise removal, (2) signal analysis and repre-
sentation, (3) feature extraction, and (4) pattern recogni-
tion and classification. First, some signal processing
methods must exist that can effectively remove noise
from the heart sound signal and represent the signal as
a set of characteristic components. Useful features can
then be extracted from the signal components for classi-
fication. With an appropriately chosen classification
model, the recorded heart sounds can be classified into
different groups that represent different types of cardio-
vascular diseases.

7.1. Noise Removal

One of the major problems with recording heart sounds is
noise corruption. In practice, the noise source may be
composed of instrumentation noise, ambient noise, re-
spiratory noise, thoracic muscular noise, peristaltic intes-
tine noise, and fetal breath sounds if the subject is
pregnant. The contribution of each source may vary
significantly depending on the technical characteristics
of the recording instrumentation, the recording environ-
ment, and the physiological status of the subject. Cur-
rently, no way exists of knowing a priori what the
particular noise component is, or determining the noise
component once measurements have been made. A rea-
sonable solution to noise reduction can be carried out in
two parts. First, extraneous noises must be minimized in
the vicinity of the patient during recording. Second,
various signal processing methods, such as averaging
(18), adaptive filtering (19,20), and wavelet decomposition
(18,21), can be designed and implemented by hardware or
software to remove the noise, based on the assumption
that the noise is an additive white noise. Although these
methods have been proven effective, more research is
needed to determine what kind of noise corrupts the
recorded heart sounds so that a system could employ
different denoising techniques based on the specific noise
present.

7.2. Signal Analysis and Representation

Signal processing algorithms can help to represent the
heart sound as a set of characteristic signal components.
These components may form the basis of the detection of
various heart diseases. Much of the research effort has
been devoted to the exploration of signal processing
methods with reduced sensitivity to the recorded noise
and improved identification of the exact start and end
points of major heart sounds (i.e., S1, S2, and murmurs). In
general, three ways to represent and characterize heart
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sound exist: a) spectrum estimation, b) time-frequency
analysis, and c) nonlinear analysis.

The most popular method to represent heart sound
components in the past was spectrum estimation. A
variety of techniques have been developed to analyze the
frequency contents of heart sound. Earlier studies have
used spectral estimation techniques to extract features in
the frequency domain (22–24). Classical methods for
power spectral density (PSD) estimation employ various
windowing and averaging functions to improve the statis-
tical stability of the spectrum obtained by Fast Fourier
Transform (FFT) (e.g., the Welch periodogram). Early
researches have demonstrated some success in distin-
guishing normal from abnormal patients based on the
average power spectrum of diastolic heart sounds, esti-
mated by traditional FFT methods (25). Despite the
success, classical methods may not provide an accurate
power spectrum when the signal-to-noise ratio (SNR) is
low and the length of the desired signal is short (25).

An alternative spectral estimation technique is the
parametric modeling method (e.g., autoregressive (AR),
moving average (MA), and autoregressive moving average
(ARMA)). Parametric modeling involves choosing an ap-
propriate model for the signal and estimating the model
parameters. These parameters can then be used to char-
acterize the power spectrum of the signal, to classify the
signal, or to perform data compression and pattern recog-
nition. Among these modeling techniques, AR modeling
shows outstanding performance when the signal has very
sharp peaks. The ARMA model can be used to model
signals with sharp frequency peaks and valleys. The
studies have shown that the application of parametric
modeling methods to signal identification can provide a
good estimation of spectral features, particularly for a
signal with low SNR, which led to the use of model-based
methods in the analysis of heart sounds and the detection
of features associated with coronary artery diseases (20).

Another class of spectral estimation techniques is non-
parametric eigen analysis based method, which is based
on eigen decomposition of the data or its autocorrelation
matrix. The eigenvector method (or the minimum-norm
method) can be used to extract the signal buried in noise.
In theory, the eigenvector method has infinite resolution
and provides an accurate spectral estimation regardless of
the SNR. In studies of acoustical detection of coronary
artery disease by Akay et al., the eigenvector method has
demonstrated the best diagnostic performance when com-
pared with the other spectral estimation methods like
FFT, AR, and ARMA (20). The difference in the spectra
between normal and abnormal patients is shown in Fig.
10.

In general, the parametric spectral estimators (AR and
ARMA) and the eigenvector methods offer the promise of
higher resolution over the FFT. However, the major short-
comings of AR, ARMA, and eigenvector methods are that
in each case poor spectral estimate occurs if the assumed
model is inappropriate or if the model orders chosen are
incorrect (20).

Early methods of frequency domain analysis were
mostly based on the direct applications of Fourier trans-
form or autoregressive spectral estimation techniques.

However, if the statistical properties of the signal change
with time (i.e., nonstationary), the direct application of
these techniques may be inappropriate as important time
events like frequency variation would be lost in the
transformation process. As heart sounds are nonstation-
ary in nature, more recent research adopts the time-
frequency analysis in order to capture the temporal varia-
tion in the heart sound signal (26,27).

One of the most popular techniques for time-frequency
analysis is wavelet transform (WT). WT was developed as
a method to decompose a signal into a set of basic func-
tions, called wavelets, which can be constructed by the
expansion, contraction, and shifting of a unique function,
called the mother wavelet (28). WT can represent a signal
with high time resolution and high frequency resolution
simultaneously. For the implementation of WT in a com-
puter, the discrete wavelet transform (DWT) is usually
used. In DWT, the wavelet coefficients are computed at
discrete intervals of time and scale, therefore allowing the
transformation process to run more efficiently without
significant loss of detail. The cardiac heart sound wave-
form of a normal subject and its corresponding DWT
representation using a Daubechies 20-coefficient wavelet
are shown in Fig. 11 (29).

Compared with other time-frequency analysis techni-
ques, the wavelet transform still remains as a popular
method in biomedical signal processing because of the
level of details it reveals regarding the time-frequency
distribution. For this reason, WT has been widely applied
in recent studies of heart sound analysis, and the results
show that the WT techniques can achieve separation
between the normal and the abnormal subjects, and can
also detect the temporal location of the auscultatory gap
(30).

Another time-frequency analysis technique developed
for phonocardiogram is called matching pursuit (MP) (31).
The results have shown that the technique is suitable and
effective for the time-frequency scale transformation of
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both the transient properties of heart sounds and the more
complex random properties of murmurs.

It is also possible to analyze heart sounds in a non-
linear manner. One technique is to represent heart sounds
in the high-order spectra domain, by using higher-order
statistics (32). Higher-order statistics preserve the phase
character of the signals, resulting in the detection of their
nonlinearity (phase coupling). Results from researches
have demonstrated that the structural differences of the
various heart sounds are reflected in the high-order
spectral domain, indicating that it is possible to discrimi-
nate and characterize cardiac pathologies for diagnostic
purposes with this technique. The waveform and the
estimated bispectra of normal heart sounds and abnormal
murmurs are shown for three different cases in Fig. 12,
Fig. 13, and Fig. 14.

7.3. Feature Extraction

Once the signal has been represented in the time or
frequency domain, useful features can be selected for
classification. Morphological feature extraction has been
applied extensively to the analysis of heart sounds using
spectrum-analysis techniques. Some researches used the
dominant frequencies of the second sound as a diagnostic
feature (23,24), showing that a clear correlation exists
between this feature and the valve condition. Durand et
al. (33) extracted a total of about 18 diagnostic features

from the heart sound spectrum. Common parameters used
by the researchers include the spectral peak positions, the
power ratios of the FFT, the poles of the AR model, etc. For
example, research by Akay et al. has indicated that, for
normal subjects, the second poles of the AR, ARMA, and
eigenvector methods were farther from the unit circle
than those of diseased patients and, therefore, were
suitable decision criteria in the noninvasive detection of
coronary artery disease (20).

With time-frequency representations, it is possible to
extract timing features as well (e.g., the durations of the
first and the second heart sound, and the time separation
between the two heart sounds). All of these features may
provide useful information about the patient’s cardiovas-
cular condition.

Much effort has been devoted to the search of an
optimal feature set that can hopefully contain most of
the inherent information in the signal. Research by Bent-
ley et al. suggested that DWT could provide an ideal tool
for the extraction of a completely orthonormal and non-
redundant feature set (29). From their results, the DWT
feature extraction technique has achieved a very good
classification rate (the best of these results obtained a
100% correct classification rate), showing that the time-
frequency distribution of heart sounds does allow a diag-
nostic analysis of the subjects’ heart valve conditions.

7.4. Pattern Recognition and Classification

Based on the characteristic features extracted from the
heart sound signal, the nature of the heart sound can be
identified using pattern recognition techniques. A number
of pattern recognition and classification schemes have
been implemented for the analysis of heart sounds. Clas-
sical pattern recognition techniques include the Gaus-
sian–Bayes classifier and the K-nearest neighbor
classifier. The Gaussian–Bayes classifier is the most pop-
ular parametric technique of supervised pattern recogni-
tion. It is considered optimal when the probability density
functions of the patterns in the feature space are known (a
pattern is defined as an N-dimensional vector composed of
N features) (33). The K-nearest neighbor classifier is a
nonparametric approach, which is useful when the prob-
ability density functions are difficult to estimate or cannot
be estimated (32). The nearest neighbor method is an
intuitive approach based on distance measurements, mo-
tivated by the fact that patterns belonging to the same
class should be close to each other in the feature space. Joo
et al. demonstrated the diagnostic potential of a Gaus-
sian–Bayes classifier for detecting degenerated bioprosth-
eses implanted in the aortic position (23).

More recently, artificial neural network has gained
popularity in various research fields as a valuable tool
for automatic signal classification. Through learning from
a representative set of chosen examples presented to the
net input, the network has the potential to classify heart
sounds. The most important benefit of the neural network
approach is the ability of self-organization of the net
without requirements of programming, and also the im-
mediate response of a trained net during real-time appli-
cations (34). The major drawback is the time-consuming
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training phase. Moreover, further investigations are ne-
cessary to address the questions about the net structure,
and the possible pattern classes as well as the choice of the
best features to optimize classification and estimation
(35).

Many different types of classifiers are available for the
classification of heart sounds. However, research has
shown that although the different types of classifiers
show variant results, the differences are small (29), which
may indicate that the choice of useful features is the
dominant factor in achieving acceptable diagnostic per-
formance.

8. FUTURE TREND OF CARDIAC AUSCULTATION

Cardiac auscultation plays a significant role in the diag-
nosis of cardiovascular disorder. It has long been the most
common technique for assessing the cardiac function of a
patient. Conventional medical practice uses a mechanical
stethoscope for auscultation. Often, the practitioners
would need to rely on their hearing ability and their
subjective judgement on the interpretation of the sounds.
As a significant portion of the heart sounds is weak and
inaudible, the understanding of the information content of
heart sounds was fairly limited in the past.

With the introduction of new electronic medical instru-
mentations, people are hoping to extract more diagnostic
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details from the heart sounds. The rapid development in
microchip technology in the past decades has resulted in
electronic stethoscopes that are portable, compact, robust
to noise, and convenient to use. With these electronic
stethoscopes, heart sounds can now be digitally recorded
and downloaded to a computer for analysis.

The future trend of the electronic stethoscope would be
a multifunctional auscultatory device with graphical dis-
play, wireless data transmission, real-time signal proces-
sing for noise removal, selectable frequency response, etc.
The extraordinary computational power and miniature
size of the microprocessors today may also permit the
incorporation of analysis software into the stethoscope for
heart sound analysis, or even the provision of diagnosis.

Moving toward the goal of automatic diagnosis of heart
diseases, computer-based heart sound analysis techniques
would continue to evolve in the future years. Many
advanced signal processing algorithms and data analysis
models, for example, wavelet transform and artificial
neural network, have already provided new insight into
the diagnostic value of heart sound. The exploration of
further techniques in the coming years would hopefully
help to realize the full potential of cardiac auscultation as
a tool for the early detection of heart diseases.
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1. INTRODUCTION

Historically, there have been two types of artificial heart
valves—mechanical and bioprosthetic (1) (Fig. 1). Neither
of these devices, however, is without complications. Me-
chanical valves are of rigid construction and because of
flow patterns and material properties, induce blood clot-
ting on their surface. To prevent the formation and
embolization of thrombus, patients that receive these
valves need to be on chronic anticoagulant therapy (2).
In the 1960s and 1970s, the early days of these technol-
ogies, some of these valves failed catastrophically by
having a leaflet escape or a portion of the cage break
(3,4). This would lead to almost immediate death of the
patient. Currently, the most serious drawback to the use of
mechanical valves is the anticoagulation therapy. Chronic
anticoagulation is associated with cumulative morbidity
and mortality, often as high as 4% per year (5,6). This
essentially guarantees some serious event within a 25-
year implantation period.

Bioprosthetic, or animal tissue, valves have been devel-
oped to overcome the disadvantages of blood clotting and
the complications of anticoagulant therapy. There are
generally three types of bioprosthetic valves available
commercially: (1) porcine xenograft valves; (2) bovine
pericardial valves; and (3) allograft or homograft valves
(Fig. 1). The porcine xenograft valve consists of an intact
pig aortic valve obtained from slaughter, preserved in low
concentration of glutaraldehyde solution (7). These valves
are prepared by valve manufacturers in various config-
urations, such as with or without supporting stents and
the integrated sewing cuffs, to maximize either ease of
implantation or effective orifice area. Occasionally these
valves are built up from up to three separate segments of
aorta and the associated cusp material in an effort to
improve valve symmetry and hence perceived perfor-
mance (8). The bovine pericardial valve is fabricated
from up to three separate pieces of glutaraldehyde-treated
calf pericardium, affixed to a supporting stent and sewing
cuff, in a configuration very similar to that of the porcine
xenograft. Both the porcine and bovine valve tissues are

crosslinked in low concentrations of glutaraldehyde to
reduce their antigenicity and to stabilize the tissue
against the proteolytic degradation that would otherwise
occur following implantation into the recipient. Both types
of valve tissues are also treated with various other che-
mical agents to minimize their propensity to calcify over
the duration of implantation, and hence improve their
longevity (9). The homograft valves are intact human
valves obtained from organ and tissue donors, usually
stored cryopreserved as entire aortic or pulmonary roots,
and trimmed to size and shape prior to implantation in the
recipient (10,11). These three types of valves are used
primarily in the aortic and pulmonary positions, and
occasionally inverted and used to replace the mitral
valves.

Although bioprosthetic valves overcome the problems
of mechanical valves, they have relatively poor long-term
durability, failing from calcification and valve cusp tearing
(1,12). When these valves fail, they begin to leak and
eventually need to be replaced. While the mortality for the
first valve replacement surgery is lower than 1%, the
reoperation to replace a failed bioprosthetic valve is
much more risky (7–20% mortality) (13–15). Because of
considerable adhesions within the thorax resulting from
the first operation, opening up the chest to expose the
heart and establish cardiopulmonary bypass risks tearing
of critical tissues, vessels, and even the heart itself.
Artificial heart valves are therefore meant to be inserted
only once and are expected to last the life of the patient.
Because they last only 10 to 12 years (16–18), they are
used typically in the elderly who are not expected to
outlive their bioprosthetic valve. However, due to their
lack of long-term morbidity, bioprostheses have become
recognized as the valve of choice, in spite of their limited
durability. If it wasn’t for their eventual degeneration,
bioprosthetic valves could be used in practically all pa-
tients.

In addition to these three ‘‘device’’-related approaches,
there are also completely surgical approaches to recon-
struct valves, making use of autologous or commercially
available bovine pericardium to augment defective cusps
or fabricate mono-cusp valves (19). These highly varied
approaches are used primarily in children who do not
tolerate prosthetic devices nearly as well as adults do. The
Ross procedure, the surgical removal of the autologous
pulmonary valve and its re-implantation in the aortic
position, is a hybrid approach that makes use of surgical

(a) (c)(b) (d) (e) (f)

Figure 1. Images of contemporary valves implanted into patients today. (a) Bileaflet mechanical
valve, (b) single leaflet mechanical valve, (c) bovine pericardial bioprosthesis, (d) stented porcine
xenograft valve, (e) stentless porcine xenograft, and (f) the human aortic valve homograft.
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reconstruction of the aortic valve and a replacement of the
missing pulmonary valve with a cadaveric homograft (20).

Heart valve manufacturing is a relatively lucrative
business. Every year, roughly 300,000 artificial heart
valves are implanted into patients worldwide, about
100,000 into U.S. patients. Worldwide sales were $910
million in 2002 and are most likely past the $1 billion
mark in 2005. Faced with such tremendous market oppor-
tunities, many companies, clinicians, and scientists alike
have taken serious interests in developing a new type of
heart valve that can potentially revolutionize the industry
and the practice of medicine. A tissue-engineered valve
promises to be a living implant with a potential to grow
and last a lifetime, like most native valves do. Rather than
being a device that palliates a disease, it promises to be
curative—a living replacement for a diseased component
of our physiology.

Tissue engineering, as applied to heart valves, is not
easily defined, since many attempts have been made to
modify inert materials with biological components. For
example, attempts have been made at inducing endothe-
lium to grow on glutaraldehyde-fixed bovine pericardium
(21). Sustaining cells on the otherwise toxic pericardial
tissue was made possible by inactivation of the aldehyde
by crosslinking with L-glutamic acid prior to cell seeding.
For the purposes of this review, tissue engineering rele-
vant to heart valves is defined as

The manipulation of biological molecules and cells for the
purpose of creating new structures capable of metabolic
activity.

A tissue-engineered heart valve must therefore contain
material of biological origin in a configuration that did not
emerge naturally. Heart valves containing trace amounts
of biological material, such as pannus overgrown, are not
considered tissue-engineered valves. Valves consisting of
inert materials covered with a cellular coating, developed
for the purpose of improving the performance of the valve,
could be considered tissue-engineered devices.

It could be argued that there really isn’t much of a need
for tissue-engineered valves, since conventional valve
technology is very mature with well-described perfor-
mance criteria. Indeed, the durability of the Edwards
pericardial valve, perceived by many to be the most
durable bioprosthesis, is close to 20 years (22,23), and
almost equivalent to the aortic valve homograft, which,
because of its excellent longevity, is considered by many to
be the ‘‘gold standard’’ (10). In the world of conventional
valve technologies, the bar for the adaptation of a new
valve is very high. A tissue-engineered valve will therefore
need to compete in this arena, where change is slow and
methodical, often taking a generation to establish. The
more realistic option for the use of tissue-engineered
valves in the near future is in the pediatric population.
The performance of the many surgical corrections for
valvular defects is highly variable and depends on the
age of the child (24). Allograft valves are difficult to obtain
for children, since they require the death of other children
of similar size. Surgical reconstruction and monocusp
valves tend to fibrose and contract early (25). In the child,

there is a need for newmaterials and new approaches, and
thus an opportunity for tissue-engineered valves. Unfor-
tunately, the market size for pediatric products is very
small, less than 10% of the adult valve market, and thus
not commercially viable. Accordingly, established heart
valve manufacturers expend relatively little resources
developing tissue-engineered valve technologies. Clinical
use of tissue-engineered valves will thus most likely
happen first in pediatric hospitals on an ad-hoc basis
and will augment the portfolio of surgical options cur-
rently available to treat these very challenging patients.

2. EXISTING APPROACHES TO VALVULAR TISSUE
ENGINEERING

There have been two general approaches to heart valve
tissue engineering: (1) removal of cell debris from pig
aortic valves; and (2) use of bioresorbable synthetic scaf-
folds, such as for most other tissue engineering applica-
tions. A third, less popular approach involves fabrication
of cell-matrix constructs by way of polymerization and cell
entrapment. These approaches will be described in more
detail below.

2.1. The Acellular Matrix Xenograft

This is perhaps the oldest approach to mainstream valv-
ular tissue engineering, the first patents being filed in
1984. Since then, decellularization of heart valves and
other tissues has been attempted all over the world. The
rationale for this approach is the assumption that the
antigenicity of xenogenic tissues originates in the cellular
debris. Indeed, porcine and bovine valve tissues need to be
crosslinked with glutaraldehyde prior to implantation to
prevent the host immune reaction and rapid degeneration
of the tissue. Interestingly, human allograft valves are not
stabilized with any fixatives, and in most cases, not even
matched to the recipient for MHC (major histocompat-
ibility) antigen, even though matching has shown to have
better long-term graft survival (26). Clearly, the immuno-
histocompatability mismatch between humans and pigs is
far more severe than it is between unmatched human
subjects. Pig cells express the gal-alpha (1,3) epitope,
whereas humans do not (27). Lack of MHC antigen
matching of human valves is apparently not too detri-
mental since homograft valves can last 15 to 20 years. It
has thus been expected that the acellular porcine valve
matrixes will become repopulated with recipient cells and
‘‘transform’’ themselves into human tissues as the cells
that take residence slowly remodel and rebuild the matrix.
Indeed, CryoLife Inc., a company well-known for its
homograft valve cryopreservation business, developed
this technology to its fullest (28), eventually bringing a
product to clinical use in Europe (29). Unfortunately, this
attempt was met with disastrous results.

The fastest way to get a product into clinical trials is to
apply for a ‘‘compassionate use’’ exemption. This means
that relatively risky technologies can receive approval in
limited usage on patients that have few other options. In
the case of the CryoLife technology, these patients were
newborn children with various congenital heart and valve
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defects that are difficult to treat. In most cases, these
newborns need multiple surgeries to reconstruct the out-
flow tract and have valves fabricated from whatever tissue
is available. In many cases they receive homograft valves,
when available, but they generally have few other options.
It was thus logical for a tissue-engineered valve to be tried
first on these patients. Unfortunately, within a few weeks
to months, many of these children began to suffer serious
valvular complications (30). While some remained appar-
ently unaffected, many valves became highly regurgitant,
and a few children died. In their 2003 paper, Simon et al.
(30) reported that one patient (age 7 years) died 7 days
after implantation of the valve, one patient (age 9 years)
died 6 weeks after surgery, and one patient (age 2.5 years)
died one year after surgery. Death resulted from various
cardiac complications related to inflammation, valve rup-
ture, and stenosis. One patient was reoperated upon 2
days after the primary surgery, in view of what happened
to the others. All valves showed severe inflammation, both
inside and out, fibrosis, encapsulation, perforation, and
deterioration of the leaflet tissues. Apparently there was
some abnormal signaling generated by the acellular ma-
trix that induced the invading cells to remodel, fibrose,
and contract what otherwise appeared to be a mechani-
cally sound valve matrix. The exact reasons for this
remain unclear. In hindsight, much of this could have
been expected, since other researchers doing animal ex-
periments reported similar findings (31).

Although its first clinical usage was disastrous, propo-
nents of this approach remain undeterred. Apparently
another variant of this approach is doing well in Berlin,
Germany, and is being implanted by Dohmen and Konertz
(32,33), having 50 implants in patients for over 2 years. In
this series, one patient died postoperatively, two required
reoperation for valve-related complications, and the rest of
the patients appear to be doing fine. Although there is
some speculation in the field that the clinical trials are not
doing as well as was initially thought, history will even-
tually determine whether these initial trials were wise or
not.

Many scientists are continuing this approach, offering
newer extraction techniques that claim much cleaner
porcine aortic valve matrixes. The typical approach to
generating an acellular matrix tissue is to first break
apart the cell membranes through lysis in hyper- and
hypotonic solutions, followed by extraction with various
detergents. The detergents used by most investigators
include the anionic Sodium dodecyl sulfate (SDS), the
zwiterionic CHAPS and CHAPSO and the non-ionic Big-
CHAP, Triton X-100, and TWEEN family of agents. The
enzymes that have accompanied these detergent treat-
ments have focused mainly on cleaving and removing the
DNA that is part of the cellular debris. Since these
enzymes can potentially degrade the useful matrix, en-
zyme inhibitors, such as trypsin inhibitor can be used,
although some have used trypsin-EDTA alone to decellu-
larize the matrix (34). It is important to note that the
agents used for cell extraction can be quite detrimental to
the matrix: they can degrade or denature the matrix
proteins, leave toxic residues or residual charge, any of
which can detrimentally affect mechanical function or

cellular response. The parameters that the many investi-
gators in this field have varied involve mainly the se-
quence of steps, the specific detergents to use, and the
time duration of the various soaking periods. For example,
Fisher’s group in Leeds (35,36) uses a series of baths in
PBS and hypotonic buffer, along with trypsin and nu-
cleases to decellularize the tissue. Mechanical testing
suggests that the tissue is of high quality after cell
extraction (36,37). Histological morphology, however, var-
ies greatly from process to process, often showing a highly
porous, locally collapsed microstructure, suggesting that
there are features of the matrix that are not readily
measurable using conventional techniques.

To seed or not to seed cells prior to implantation has
become one of the important variables to consider in this
approach. The finding that gives perhaps the most concern
is the observation that homograft valves not only fail to
repopulate with recipient cells, but actually become com-
pletely acellular within months of implantation (38). The
reason why acellular valves do not repopulate after im-
plantation in humans is unknown, but some repopulation
may take place in animal models. Regardless, many are
working on techniques of repopulating the porcine ma-
trixes in vitro, prior to implantation into animal models
(39). In view of what happened with the CryoLife technol-
ogy, it will be many years before others try similar
technologies in humans. It will be very difficult to get
this type of technology approved by the FDA here in the
U.S., where new technologies typically need far more
convincing pre-clinical experience than in Europe.

To that end, Dr. Hilbert, a well-recognized valve scien-
tist working at the laboratories of the National Institutes
of Health, did the ‘‘ultimate’’ comparative study of various
extraction protocols in a long-term sheep implantation
study (40). Hilbert copied the protocols of a number of
investigators and implanted two sets of differently pro-
cessed valves into the sheep model, as pulmonary artery
interposition grafts. After 20 weeks of implantation, the
valves were explanted and examined grossly and histo-
pathologically. With some variation between treatment
protocols, all valves suffered considerable tissue over-
grown and infiltration with inflammatory cells. There
was also some evidence of aneurismal dilatation. The
second such report came from the lab of Dr. Ulrich Stock
(31) from Germany, who reported similar complications
with his valves, even though these valves were seeded
with cells prior to implantation, and were thus more
‘‘ready’’ for implantation than Hilbert’s valves. Work in
this area thus continues and the field awaits some success
from either animal studies at home, or early clinical
results from abroad.

2.2. The Bioresorbable Scaffold

This approach to valvular tissue engineering is perhaps
the most widely used. The bioresorbable scaffold has been
used in applications as varied as skin, bone, vessels, spinal
chord, tendon, bladder, vagina, muscle, and solid organs
like liver and pancreas. The concept is simple: cells of a
particular phenotype are seeded on a porous material,
implanted in the body, and are expected to generate the
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organ of interest as the scaffold degenerates. Perhaps the
oldest most successful application of this approach is
tissue-engineered skin, dating back to the late 1970s
(41), which launched the tissue engineering industry
and remains the most, if not the only, successful product
(42).

The scaffolds used in heart valve applications are the
same as first use for skin—polylactic and polyglycolic acid,
and co-polymers thereof (43). These materials have been
largely abandoned for heart valve applications since they
were too stiff, and newer, more compliant materials like
polyhydroxyalkanoate, have been used (44). Natural ma-
terials from animal origin, like small intestine submucosa
(SIS), have also been used for valvular matrixes (45). In
most cases, the valve candidate materials have been
implanted in the pulmonary, rather than the aortic posi-
tion, because the degrading scaffold cannot bear left
ventricular pressures prior to new tissues being ‘‘regener-
ated.’’ Besides the option of scaffold material and shape of
the leaflets, the other variable is the decision whether to
pre-seed in vitro or not, and specifically how to do it (39).
As discussed above for the acellular matrix valve, pre-
seeding in vitro appears to yield better in vivo results.

The failure of the resorbable matrix approach is much
less dramatic, as it has not been applied to human valve
regeneration. How this technology will fare over the next
few years in unknown. Interestingly, the main and still
dominant reason for favoring the bioresorbable PLA/PGA
scaffold approach is the FDA approval of the materials for
implantation in the US, as bioresorbable sutures. While
this may be true, valves are life-sustaining Class III
devices and must be taken through the full set of pre-
clinical and clinical trials prior to market approval. Per-
haps it is thought that as limited-use surgical materials,
valves fabricated from these matrixes could be used in
limited volumes by surgeons directly, as part of an in-
vestigative study in their hospital. The problems of the
bioresorbable matrix approach to heart valves are less
clear than for the acellular xenograft. Like for the acel-

lular matrix valves, there have been no clear reports of
‘‘failed experiments,’’ but investigators have noted that
fibrosis, retraction, and incompetence have hampered the
progress of valves based on resorbable matrixes.

2.3. Collagen-Based Constructs Containing Entrapped Cells

This is perhaps the least explored area, yet based on the
relatively old observations that cells entrapped in collagen
gels contract and compact the gels, increasing the density
of the collagen many-fold (46–48).

The principle involves first mixing soluble, fibrillar
collagen with the appropriate cells. After the collagen-
cell mixture is neutralized, soluble collagen reassembles
into fibrils and a gel is created. Cells become entrapped
within the collagen gel and begin to interact with the
collagen fibrils and contract the matrix, excluding water
(46,47,49). In many ways, this in vitro contraction mimics
wound healing in vivo (50,51). When the gel is mechani-
cally constrained, the collagen fibrils align in the direction
of constraint (52) and a highly aligned, compacted collage-
nous construct can thus be fabricated.

The first use of this approach in heart valves has been
done by the laboratory of Robert Tranquillo (53). Tran-
quillo developed an interesting mould with inner and
outer parts that produced the shape of a bi-leaflet valve
within a tube (Fig. 2). Over time, the valve leaflets shrank
along the direction of the tube, becoming shorter and
developing an aligned fiber structure (54).

The work in this author’s laboratory is a simplification
of Tranquillo’s original work (48). Rather than forming
complex 3D structures, we have focused on generating
simple, one-dimensional strings that could be used for
surgical reconstruction of mitral valve chordae, or for
future use in more complex constructs. We began by
selecting neonatal rat aortic smooth muscle cells as the
experimental cell line, since they are well-known for
producing considerable amounts of matrix, particularly
elastin (55). Optimal shrinkage of the constructs occurred
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Figure 2. (a) Image of Tranquillo’s original mold (patent 6,666,886), (b) photo of real mold
fabricated from teflon, and (c) image of bi-leaflet valve fabricated by casing a collagen or fibrin gel
within this mold.
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when these cells were added to the collagen suspension at
a cell-seeding concentration of 1.0 million cells/mL (56).
The collagen suspension consists of sterile acid-soluble
type I collagen at an initial concentration of 2.0mg/mL.
For our application, the cell/collagen suspension is pi-
petted into rectangular wells of variable geometries with
microporous holders at their ends. Like the inner mandrel
of the tubular constructs, the anchors at the ends of the
wells prevent longitudinal contraction and allow shrink-
age to occur only transverse to the long axis of the wells.
This gives rise to well-aligned collagen constructs with
relatively high collagen fibril density (Fig. 3).

After 8 weeks of culture, the collagen constructs have
the typical nonlinear stress/strain curve of tendonous
materials, an extensibility of 14%, a stiffness of 5MPa,
and failure strength of 1.1MPa. Although the stiffness and
strength are still about an order of magnitude lower than
what is required, our constructs are already 10 to 100
times stronger than similar collagen-based materials fab-
ricated previously (57,58). Ultrastructural analyses have
shown that the main reason for the good strength of our
constructs is the very high collagen fibril density. Because
the constructs are relatively simple one-dimensional col-
lagen bundles, they compact from two directions, produ-
cing an area shrinkage ratio that is greater than 99%.

When examining the material strength of collagen-
based constructs, considerable care must be taken during
the testing protocol not to overestimate the real strength
of these materials. It is well known that biological tissues,
like heart valves, are viscoelastic (59), and tissues made
from contracted collagen even more so (60). Depending on
the level of internal crosslinking, collagen gels are also
very plastic. If such material is stretched relatively
quickly, much of the force measured results from viscous
drag during the process of plastic deformation to failure. A
single pull to failure would thus greatly overestimate the
true material strength of the constructs. What is function-
ally important is how strong these constructs are when
subjected to continuous cyclic loading, such as that which
occurs during valve opening and closure. To that end, we
have always tested our tissue specimens after many cycles
of preconditioning (61,62). With our collagen constructs,
we have extended the tensile testing protocols to include
incrementally increasing load during periods of precondi-
tioning, thus ensuring that the tissue has been shown to
withstand many cycles of extension to one load, before the

next load increment is applied. In most cases, the con-
struct failed during the transition from one precondi-
tioned load to the next, thus confirming that the
minimal cyclic load the tissue can withstand for many
cycles was indeed close to the failure strength. When
comparing the reported material strength of collagen
constructs from different publications, the materials test-
ing protocols used to generate failure strength data should
therefore be kept in mind.

In an effort to improve the strength of these constructs
further, we have explored different sizes and aspect ratios,
different materials for the anchors for these constructs,
and different forms of application of external tension. For
example, triangular-shaped holders that appear to chan-
nel the tension from the holder material to the construct
lead to stronger constructs, as does the application of
external forces. Dynamic loading, in particular, increases
construct strength by a factor of 3. Although these con-
structs are clearly not ready for human use, they are
nearing use in animal models. One point of concern is the
use of rat collagen and rat cells, and efforts are underway
to translate this technology from the rat to the sheep
model, making use of sheep collagen and sheep cells. The
core technology, however, is also being used in a more
ambitious approach to develop a composite aortic valve
cusp.

The strong collagen fiber bundles described above can
be used as building blocks for the development of a
composite aortic valve cusp (63). While collagen structures
in heart valves can be found in the form of sheets (64),
most of the load bearing components of the valve cusp are
relatively thick, dense collagen fiber bundles. Having
developed this technology already (56,65) the next step
was to develop the other components required to make
this approach work.

The aortic valve consists of the three basic building
blocks of all connective tissues—collagen fibers, elastin
sheets, and glycosaminoglycan matrix, schematically ar-
ranged as shown in Fig. 4. The collagen exists to bear
tensile load and provide some ultimate stiffness and
strength to the valve so that it can withstand diastolic
loads (66). The elastin matrix exists to return the collagen
structures back to their resting states between loading
cycles (67,68), and the glycosaminoglycans likely maintain
hydration and the tissue’s intrinsic viscoelasticity
(62,69,70). For the latter component, hyaluronan was

Figure 3. Images of collagen constructs the shrinkage process, showing rapid compaction with a
few days, and more gradual, yet continuing compaction over the next 8 weeks of culture.
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chosen as the working material, mainly because of its good
biocompatibility when crosslinked (71–73). Unlike col-
lagen, that has both tissue- and species-specific markers,
hyaluronan exhibits structural homology across species.
For example, hyaluronan made by bacteria is the same as
hyaluronan made by man. Because of its interesting
viscoelastic properties and its broad biocompatibility, hya-
luronan has been used in a number of clinical applications
and also as a scaffold for heart valve tissue engineering
(74) by others.

The formulation of hyaluronan gels used in our lab is
based on a modification of a previously patented protocol
(75). Details of the preparation are published elsewhere
(76,77), but in brief, the process involves mixing commer-
cially available sodium salt of long chain hyaluronan with
1M NaOH at low temperatures and crosslinking with
divinyl-sulfone. These gels can have a stiffness as high
as 30kPa, similar to that of the elastin structures of the
aortic valve cusps, and thus can form highly hydrated,
elastic sheets. It is expected that appropriately cast sheets
of crosslinked hyaluronan can find use in the central
spongiosa layer of the aortic valve cusp.

3. THE ROLE OF VALVULAR INTERSTITIAL CELLS

The cell is clearly an important component of the tissue-
engineered heart valve. A very good review of the types of
cells used in tissue-engineered valves is provided by
Flanagan and Pandit (78). Much of the work identifying
the phenotype of interstitial cells in the aortic valve has
been done outside the U.S., in the labs of Yacoub (79,80),
Gerosa (81), and Boughner (82). Which cell to use for
seeding scaffolds remains unclear. Stem cells and various
other progenitor cells are being increasingly used in
tissue-engineered valve applications. The two main cell
types are mesenchymal stem cells and circulating en-
dothelial progenitor cells. These cells are harvested from
either experimental animals or patients, expanded in
culture, and then seeded on the various valve leaflets

substrates, be they the acellular matrix valves or the
resorbable scaffolds. Many investigators believe that cells
are ‘‘smart,’’ somehow recognize the substrate, and behave
in the appropriate way. The fibrotic overgrowth and fail-
ure of valvular matrixes described above clearly points to
the contrary. With the emergence of stem cell science,
many investigators believe that stem cells will finally
provide the solutions that adult cells have not.

The use of autologous cells, cell expansion, pre-implan-
tation culture, and other cell ‘‘management,’’ however, is
not the preferred approach in the medical device and
therapeutics industry. Because of regulatory and cost
issues, a tissue-engineered valve that does not require
any cell management is the preferred choice for medical
device companies. This is the reason that CryoLife and
originally St. Jude and Advanced Tissue Sciences, and
currently Medtronic, have pursued the acellular matrix
approach—it can be qualified, manufactured, and sold as a
device, a far simpler approach than the biologic or combi-
nation product that most other tissue engineering thera-
pies are likely to follow. The fact that the CryoLife
approach failed, however, has not deterred others from
trying it themselves. The literature clearly shows that the
majority of research projects prefer the acellular matrix
approach, particularly now with the greater promise of
stem cells.

4. CONCLUSIONS

Perhaps the most often asked question is, ‘‘When will
tissue-engineered valves be ready for clinical use?’’ Given
that heart valve tissue engineering is a field already
almost 20 years old, and the only real clinical experience
(the use of the Synnergraft technology in children) has
been disastrous, it may take another 20 years before the
many complex challenges are finally solved. Although
occasional experimental use of tissue-engineered valves
in children will likely occur sooner, since children with
congenital outflow tract abnormalities have few options, it
will take 20 years to demonstrate that the long-term
performance of tissue-engineered valves is comparable or
better than conventional glutaraldehyde-treated porcine
xenografts or pericardial valves. Children and patients
with no option for conventional treatment will thus con-
tinue to serve as the proving ground for tissue-engineered
solutions for cardiovascular defects for the foreseeable
future—hopefully with less tragic consequences.
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1. INTRODUCTION

Replacement of renal function through artificial means
was a substantial development in clinical medicine and
enabled prolongation of life in diseases formerly almost
uniformly fatal. Renal replacement therapies include ex-
tracorporeal techniques using artificial membranes (e.g.,
hemodialysis, hemofiltration) as well as techniques that
exploit natural membranes (e.g., peritoneal dialysis). The
focus of this chapter will be on extracorporeal techniques.

2. RENAL PHYSIOLOGY

The kidneys play a major role in the regulation of volume
and small solute concentration of extracellular fluid, and
they participate in a number of other physiologic and
metabolic processes (Table 1). Although their weight is
only 0.5% of body weight, they receive approximately 25%
of the cardiac output. The functional unit of the kidney for
fluid and solute transport is the nephron (Fig. 1) which
number between one and two million in each kidney. Blood
is presented to the nephron via the afferent arteriole,
which branches into the capillary network of the glomer-
ulus, then reforms into the efferent arteriole before sup-
plying the tubules.

2.1. Renal Fluid and Solute Handling

The nephron accomplishes its tasks by first nonselectively
filtering electrolytes and small molecules (but not pro-
teins) through its glomerulus, selectively reclaiming ap-
propriate amounts of water, electrolytes, and needed small
molecules through its tubules and collecting system, then
excreting the unreclaimed portions as urine. The glomer-
ular filtration rate in an adult is approximately 125ml/
min (180L/day, or about 10 times the extracellular fluid
volume), thus the ability to reclaim needed constituents is
paramount.

Both water and solute transport take place in the
tubules of the nephron. The proximal convoluted tubule
reabsorbs 60 to 70% of the filtered water and electrolytes
through the isoosmotic active transport of sodium into the
interstitial fluid surrounding the tubules. The descending
loop of Henle absorbs an additional 20% of the filtered
water, driven by a sodium concentration gradient gener-
ated by the ascending loop of Henle, which pumps sodium
into the interstitial fluid but is impermeable to water. The
proximal tubule is exposed to this increased interstitial
tonicity, resulting in the water transport. The next adjust-
ment of the renal excretion process takes place in the
distal convoluted tubule which also has an active sodium
pump. The final adjustment of water balance takes place
in the collecting tubule. The tubule is not permeable to
sodium but is permeable to water under the control of
antidiuretic hormone (ADH). ADH increases water per-
meability through aquaporin-2 channels mediated
through the vasopressin-2 (V2) receptor pathway, allow-
ing water to move out of the collecting system driven by
the higher sodium concentration in the interstitial tissue.
An absence of ADH results in loss of water reabsorption in
the collecting tubules and large increases in urine output,
consisting of the 10 to 20% of water volume that is not
reabsorbed prior to the collecting tubules.

2.2. Renal Failure

Failure of the kidneys to handle water and solute removal
can result from a number of insults and is traditionally
classified into chronic and acute renal failure. Chronic
renal failure (CRF) is a slowly progressive decline in renal
function over a period of months to years. While interven-
tions can help slow the progression, it is generally an
irreversible process. The advanced phase of chronic renal
failure is termed end-stage renal disease (ESRD), which
requires chronic hemodialysis or renal transplantation for
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Figure 1. Structure of a nephron and functions associated with
the different regions.

Table 1. Physiologic and Metabolic Functions of the
Kidneys

Production of erythropoietin
Production of 1,25 dihydroxycholecalciferol (active form of

vitamin D)
Renin production
Production of various prostaglandins
Degradation of hormones (e.g., parathyroid hormone, antidiuretic

hormone)
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survival. The most common causes include hypertension
and diabetes. Acute renal failure (ARF) is a sudden decline
in renal failure that is frequently reversible. Examples
include acute tubular necrosis from shock or systemic
sepsis. Reversal of the underlying insult usually results
in return of renal function following a few days to three
months.

Table 2 gives some of the more common diseases
leading to renal failure. The indications for instituting
renal replacement therapy (e.g., hemodialysis) in both
acute and chronic renal failure are based on the types
and degree of physiological alterations. Common indica-
tions for institution of support are given in Table 3.

3. CONCEPTS IN HEMODIALYSIS AND HEMOFILTRATION

The term ‘‘hemodialysis’’ is often used to represent the
family of extracorporeal renal replacement therapies con-
sisting of both convective and diffusive therapies. By
definition, however, hemodialysis refers to the removal
of solutes through diffusion across a membrane (diffusive
transport). Ultrafiltration refers to the removal of fluid
(and a range of solutes) across a permeable membrane
(convective transport). Hemofiltration refers to the combi-
nation of solute removal through ultrafiltration with
replacement of fluid that is void of the solutes to be
removed. Hemofiltration mimics the function of the glo-
merulus, as both have convective clearance. The kidney
provides clearance by recovering water and electrolytes
(by active transport) from the glomerular filtrate, whereas
during hemofiltration water and electrolytes must be
infused into the patient (the concepts of clearance are
discussed later in the chapter). Hemodialysis differs from
natural nephron function since it uses diffusion for clear-
ance.

Renal replacement therapies can be applied intermit-
tently (e.g., 4 hours thrice weekly for chronic maintenance
hemodialysis), intermittently for a prolonged period (e.g.,
10 hours per day for sustained low-efficiency dialysis or
SLED), or continuously (continuous renal replacement
therapy, CRRT, used primarily in acutely ill patients in
the intensive care unit). Despite the differences in appli-
cation, the underlying principles governing fluid and
solute balance are similar.

4. HISTORY OF EXTRACORPOREAL RENAL REPLACEMENT

4.1. Hemodialysis

The process of dialysis was described decades before its
application to the treatment of renal failure. In 1861,
Graham, a Scottish physical chemist, described the use
of parchment as a semipermeable membrane in his study
of diffusion (1). Larger particles in solution on one side of
the membrane, which he termed colloids, did not cross the
membrane, while crystalline compounds in solution did.
Thomas extended his studies to urine, demonstrating the
diffusion of urea across the membrane, and coining the
term dialysis. Abel and colleagues were the first to de-
scribe the application of these principles to dialysis of an
animal, having developed an extracorporeal circuit using
a collodion (cellulose) membrane and anticoagulation with
hirudin obtained from crushed leech heads (2). Although
he demonstrated the successful removal of diffusible sub-
stances, he did not apply it to humans due to the potential
problems with unpurified hirudin.

It was ten years later that the first human with renal
failure was dialyzed by Haas (3) using a collodion mem-
brane and a refined form of hirudin for anticoagulation.
Heparin was to emerge onto the scene for dialysis in 1927,
and has been the anticoagulant of choice for most hemo-
dialysis procedures since. Another major advance in the
history of hemodialysis was the adoption of cellophane
(cellulose acetate), an inexpensive, commercially available
membrane (developed as a sausage packing) for dialysis
(4). Cellophane possessed properties suitable for removal
of small solutes while retaining colloid particles in the
blood phase, and served as the membrane of choice in a
number of early dialyzer designs until the use of Cupro-
phane (regenerated cellulose). The expansion of dialysis
as a clinical service is credited to Willem Kolff (5), who is
also credited with saving the life of a patient with acute
renal failure by using dialysis. Perhaps the next major
advance was the development of the hollow fiber (capil-
lary) dialyzer (6), which has been used in the design of
modern dialyzers since about 1970. Hollow fiber designs
were the first to permit the application of negative pres-

Table 2. Common Causes of Chronic and Acute Renal
Failure

Chronic Renal Failure
Diabetes
Hypertension
Glomerulonephritis
Polycystic kidney disease

Acute Renal Failure
Ischemia (blood loss, septic shock, severe dehydration)
Systemic inflammation (sepsis, pancreatitis, multiple trauma)
Autoimmune disorders
Urinary tract obstruction
Radiocontrast agent reaction
Toxins (ingested toxins, myoglobinuria)

Table 3. Indications for Initiation of Hemodialysis and/or
Hemofiltration

Disorders of Extracellular Volume
Extracellular volume excess
Pulmonary edema or other edema-induced organ dysfunction
Oliguria or anuria

Marked Metabolic Acidosis/academia

Electrolyte Abnormality
Severe hyperkalemia

Uremic Complications
Uremic Syndrome
Glomerular filtration rate o10–15ml/min
Severe azotemia
Uremic pericarditis
Uremic or toxic encephalopathy
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sures on the dialysate side of the membrane to enhance
fluid removal.

4.2. Hemofiltration

A focus on fluid removal (ultrafiltration) and convective
clearance (hemofiltration) as opposed to diffusive solute
removal (dialysis) has received less historical attention.
Malinow and Korzon (7) described successful removal of
fluid from a dog using a hollow fiber cellophane ultrafilter
through which blood moved. Approximately one liter of
fluid was removed per hour, and solute clearance was
achieved by replacement of the ultrafiltrate volume with
Ringer-Krebs solution. Also described was a version using
spontaneous arteriovenous blood flow, perhaps the first
description of the concept of continuous arteriovenous
hemofiltration (CAVH).

Alwall (8) applied hemofiltration in the clinical setting
at the time that hemodialysis as described by Kolff (5) was
emerging, extending Kolff ’s work to include pure ultrafil-
tration for volume reduction. Some applications were
performed without blood pumps, representing the first
practical preclinical application of CAVH. Fluid ultrafil-
tration in these early applications was limited by the low
hydraulic conductivity of the cellulose membranes.

The next advances in hemofiltration had to await the
development of synthetic membranes with higher porosity
(9). The work of several groups contributed to advance-
ments over the next decades, including principles of
application, membranes, and systems for clinical applica-
tion. The concept of clinical continuous arteriovenous
hemofiltration was introduced by Kramer in 1977 (10). It
was the expansion of continuous therapies that has re-
newed interest in hemofiltration as a primary treatment
modality, alone or in combination with hemodialysis.

5. BIOPHYSICAL PRINCIPLES OF DIALYSIS AND
HEMOFILTRATION

Renal replacement therapy is based on mass transport of
solutes by diffusive transport, and transport of both fluids
and solutes by convective transport. Diffusive transport is
described by Fick’s laws of diffusion for a selectively
permeable membrane. Convective transport is related to
hydraulic permeability and pore size in a microporous
membrane. With the current microporous membranes in
use today, elements of both transport mechanisms coexist,
with the predominance of one over the other established
by operating parameters during a treatment session.

The study and representation of mass transfer in the
artificial kidney can be approached in two ways (11) (Table
4). Distributed parameter models maintain spatial infor-
mation (and time for nonsteady-state conditions) and are
useful when position and time are important in the
analysis. Such models are based on partial differential
equations and represent fundamental physical principles.
Lumped parameter models consolidate spatial information
into regions, and approximate mass transfer as an aver-
age value within the region. Ordinary differential differ-
ence equations are generally employed in lumped models.
For example, it is common to model membrane transport

using a bulk feed compartment, a thin film compartment
in the fluid phase adjacent to the membrane to represent
the boundary layer, and the membrane itself as a com-
partment. Transfer through each compartment is lumped
into a single mass transfer coefficient. In most cases, these
mass transfer coefficients are derived from distributed
parameter models using simplifying assumptions based
on given operating conditions. This division of fluid flow
into a bulk feed and a thin boundary layer does not
represent the actual physical condition (which is a con-
tinuum of flow from the boundary toward the center of
bulk flow). Under most operating conditions these approx-
imations provide solutions that represent mass transport
with a good degree of accuracy.

The study of transport in artificial kidneys has been
dominated by the lumped parameter approach since it
lends itself more readily to analytical solutions or to
simpler computational approaches. Recent availability of
finite element analysis codes has made the solution of
distributed parameter models more practical. The follow-
ing sections provide a mathematical treatment offluid and
solute transport across membranes. The distributed (par-
tial differential) equations will be presented, followed by
their reduction to lumped equations commonly used. To
assist with application of these equations, the variables
and parameters will be indicated in SI units where appro-
priate.

5.1. Fluid Flux

Hemodiafiltration membranes have a porous structure
that results in a finite hydraulic permeability requiring
a hydrostatic force for fluid flux. The determinants of fluid
flux across porous membranes include the hydraulic per-
meability (Lp,m s� 1

�Pa� 1) and pressure gradient (rp,
Pa). Porous fluid flow is most commonly described by
Darcy’s law:

uþLp rp¼ 0 ð1Þ

where u represents the velocity vector (m � s� 1). This
formulation assumes that the pore walls impede momen-
tum transport through viscous shear. When porosity is
large enough to allow momentum transport through vis-
cous shear, as possible in high flux membranes, then fluid
flow is more appropriately described by the Brinkman
equation:

r
@u

@t
�r Z ruþ ruð Þ

T
� �h i

þ
Z
k
uþrp¼ 0 ð2Þ

where r, Z, k, and t are density (kg �m� 3), viscosity (Pa � s),
permeability (m2), and time (s), ()T is the matrix transpo-
sition operator, and r represents the gradient operator,
shown here for Cartesian coordinates:

rf¼
@f
@x

;
@f
@y

;
@f
@z

� �

ð3Þ

The composition of the membrane and the physical
characteristics of the fluid determine the hydraulic per-
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meability, and hence the velocity vector u for transport
across a membrane. Since flux is unidirectional in many
applications (i.e., across a flat membrane from the blood
compartment to the dialysis compartment), one can re-
strict analysis to one-dimensional transport, and the
lumped parameter representation of fluid velocity (Jv,
m � s�1) across the membrane (in the absence of viscous
forces) can be expressed as:

Jv¼LpgðDpþDpÞ ð4Þ

where Lp is the permeability of the membrane to water
(m � s� 1 Pa� 1), Dp (Pa) is the hydrostatic pressure differ-
ence across the membrane, and Dp is the total effective
osmotic pressure difference across the membrane. The
presence of pores also results in restriction to transport
of solutes that are large relative to pore size, enabling a
concentration gradient to develop across the membrane,
and resulting in an osmotic pressure gradient (Dp) that
must also be considered. Plasma proteins are the major
contributor to the osmotic gradient, since they are larger
than the membrane pore size of commercial filters.

The osmotic pressure induced by plasma proteins sig-
nificantly influences hemofiltration fluid velocity. A graph
showing overall ultrafiltration rate as a function of trans-
membrane pressure is given in Fig. 2. The initial linear
portion of the curve at low transmembrane pressure
represents membrane-limited flow at low ultrafiltration
fraction. As transmembrane pressure and ultrafiltration
flux increases, protein is concentrated in the boundary
layer (concentration polarization, Fig. 3), increasing the
osmotic pressure gradient and limiting ultrafiltration flux.
At this point (boundary layer-limited flow), flux becomes
independent of transmembrane pressure. The determi-
nants of boundary layer conditions are multiple and
include hemofilter geometry (hollow fiber diameter and
length), ratio of ultrafiltrate flow to blood flow (ultrafiltra-
tion fraction), and inlet blood composition (erythrocytes
and plasma protein concentration).

5.2. Diffusive Solute Transport

Diffusion of a given solute is governed by Fick’s second law
for a species with concentration c (mol �kg� 3):

@c

@t
þrgðDrcÞ¼ 0 ð5Þ

which states that the rate of change of concentration in a
volume element (e.g., within a membrane) is proportional
to the rate of change of concentration gradient at that

point in the field. D represents the diffusion coefficient
(m2
� s� 1). The diffusion coefficient is a characteristic of

both the membrane and the diffusing species and for solid
membranes is related to the solubility of the species in the
membrane. Porous membrane permeability is related to
the solubility of the species in the aqueous phase and the
porosity of the membrane.

To derive a mass transfer coefficient useful for lumped
parameter models for unidirectional diffusion (e.g., across
a selectively permeable dialyzer membrane) and with a
constant diffusion coefficient, Equation 5 can be expressed
with a single spatial variable:

@c

@t
þD

@2c

@x2
¼ 0 ð6Þ

Under steady-state conditions, the flux J (mol � s�1)
across a membrane of area A (m2) is proportional to the
concentration gradient, such that Equation 6 (Fick’s first

Table 4. Comparison of Modeling Approaches to the Study of Transport in Artificial Kidneys

Distributed Parameter Lumped Parameter

Representation Partial differential equations Ordinary differential equations
Governing parameters Distributed parameters Mass transfer coefficients
Simplifying assumptions Fewer required More required
Accuracy More accurate over entire solution space Approximate, most accurate over a limited range
Ease of solution More difficult Less difficult
Usual solution approach Computational Analytical or computational
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Figure 2. Ultrafiltration rate as a function of transmembrane
pressure in a typical hollow fiber hemofilter. The membrane-
limited region occurs at low ultrafiltration rates when protein
membrane concentration polarization is minimal. When concen-
tration polarization becomes prominent at higher ultrafiltration
rates, a plateau is reached above which no increase in ultrafiltra-
tion results, despite even increases in hydraulic permeability.
Higher blood flow as shown in the upper curve reduces concen-
tration polarization and thus improves ultrafiltration rates. Of
note is that zero ultrafiltration rate requires a transmembrane
pressure equal to the osmotic pressure of plasma. Lower ultra-
filtration rates will result in backfiltration, but typical operating
conditions keep the transmembrane pressure above this critical
value.
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law) becomes

Js¼ �D
dC

dx
ð7Þ

This equation describes transport in and across the
membrane. In compartment models of diffusive transport,
the membrane is often treated as a thin barrier of constant
thickness L (m), and the gradient for diffusion consists of
the concentration difference (DC) between the two sides of
the membrane:

Js¼ �
D

L
DC¼PmDC ð8Þ

with Pm the membrane solute permeability (m � s�1), also
referred to as the mass transfer coefficient (k or K).

5.3. Convective Solute Transport

Convective transport of a solute is transport in conjunc-
tion with fluid flow:

@c

@t
þrgðcuÞ¼ 0 ð9Þ

In which c (mol �m� 3) is the concentration of solute and
u represents the velocity vector of fluid flow. This equation
governs convective transport in a medium when there is
no restriction to solute movement.

Convective solute transport is a function of the fluid
flux and the concentration of solute in the fluid traversing

the membrane.

Js¼JvgCb ð10Þ

where Jv is described in Equation 4. The membrane solute
concentration is approximated by the product of a con-
vective coefficient for the solute g, and the blood concen-
tration is Cb. The coefficient g is equal to 1� s, with s the
Staverman reflection coefficient. The reflection coefficient
is determined by the size of the solute relative to the
membrane pore size. Small solutes pass through the pores
readily, thus s¼ 0 (i.e., g¼ 1) and the membrane (and
postmembrane) solute concentration is equal to the blood
concentration. Solutes larger than the pore size are com-
pletely reflected (s¼ 1) and the fluid in the membrane is
free of solute and no convective transport occurs. Solutes
approaching the size of the pores have restricted move-
ment. The transmittance of a typical hemofiltration mem-
brane as a function of molecular weight is shown in
graphical form in Fig. 4.

5.4. Combined Convective-Diffusive Transport

During the practical application of renal replacement
techniques, both convection and diffusion are responsible
for solute transport, with the relative contribution of each
set by operating parameters such as blood flow, transmem-
brane pressure, and dialysate flow. The distributed para-
meter representation of combined transport is the general
convection-diffusion equation, combining the principles of

(a)

Length along hollow fiber

Ultrafiltration velocity 

× 10−6

(b)

Length along hollow fiber

Relative protein concentration

Figure 3. Relative changes in ultrafiltration velocity (a) and plasma protein concentration (b)
along the length of a hollow fiber during ultrafiltration of blood. The velocity profile decreases
along the length of the hollow fiber from inlet to outlet due to increasing osmotic pressure resulting
from concentration polarization of plasma proteins.
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Equations 5, 9:

@c

@t
þrgðDrc þ cuÞ¼ 0 ð11Þ

Combining the principles of Equations 8 and 10 yields

Js¼PmDCþJvg �Cm ð12Þ

The concentration term for the convective term is
replaced with the mean membrane concentration �Cm.
Since diffusion is now included, the mean membrane
concentration is no longer simply the blood-side concen-
tration. The mean concentration is a complex value de-
pendent upon the Peclet number (Pe, ratio of convective to
diffusive transport).

The first approach to combined transport was provided
by Kedem and Katchalsky in 1961 (12) using the princi-
ples of nonequilibrium thermodynamics for nonionic so-
lutes, yielding the following equation for combined
transport:

Js¼Pm � DC þ Jvð1� sÞ Ĉ ð13Þ

This formulation includes s, the Staverman reflection
coefficient, and defines the mean membrane concentration
Ĉ as

Ĉ¼
DC

lnðC0=CLÞ
ð14Þ

where C0 and CL represent the solute concentrations at
the two membrane interfaces. The Staverman reflection
coefficient accounts for the diminished velocity of larger
solutes through the membrane resulting from restrictions
to convection such as pore size relative to solute size.
Although the Kedem-Katchalsky equation has been the
classical transport equation, it does not provide an accu-

rate prediction of transport rates and has been replaced by
more recent equations.

Villarroel et al. (13) provided a theoretical treatment of
the problem based on the generalized convection-diffusion
equation. By integration of the steady-state form of this
equation, they derived an equation for combined flux
across a flat membrane that was validated experimen-
tally:

Js¼PmgDCþJvg Cb � DC
1

Jvg=Pm
�

1

eJvg=Pm � 1

� �� �

ð15Þ

where Pm is the membrane solute permeability, g is the
convective coefficient (1� s), and Cb is the concentration
of solute at the membrane-blood interface. The term in
square brackets represents the mean concentration in the
membrane Fig. 5a is a graph of the mean membrane
concentration as a function inlet and outlet concentrations
and Peclet number. A graph of the normalized intramem-
brane concentration is given in Fig. 5b for several values
of Peclet number. For high convective flow rates, (Jgg/
Pm43), the diffusive component (Pm �DC) becomes negli-
gible and the average membrane concentration ap-
proaches the blood phase concentration Cb. For lower
convective flow rates (Jvg/Pmo3), an approximate rela-
tionship can be obtained by substituting the value 1/3 for
the term in the round brackets in Equation 15:

Js¼PmgDCþJvg Cb �
1

3
DC

� �

ð16Þ

The observed rejection of solutes by hemofilters mem-
branes also depends upon the interaction of convection
and diffusion (14). The Staverman reflection coefficient s
represents the limit of rejection during pure ultrafiltra-
tion. Combining the equations for solute flux and reflec-
tion coefficient, Holland et al. (15) derived the following
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Figure 4. Solute admittance function for a typical
synthetic hemofiltration membrane, depicting the
transmittance of solutes as a function of size
(indicated by molecular weight in Daltons). Trans-
mittance is equal to 1�s, where s is the Staver-
man reflection coefficient.
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equation for rejection coefficient R:

R¼
sðeb � 1Þ

ðeb � 1Þ
; where b¼

Jvð1� sÞ
Pm

ð17Þ

At small values of Jv, R approaches Jvs/Pm, whereas at
large values in which convection predominates, it ap-
proaches s.

5.5. Boundary Layer Effects on Solute Transport

The equations described above represent transport phe-
nomena within the membrane itself. In practical applica-
tions, the membrane is exposed to flowing blood and
dialysate. As a result of membrane transport and the
influence of the membrane on blood and flow, a thin layer
develops near the membrane boundary that represents a
transition between the bulk flow conditions in the blood
and dialysate phases, and the conditions at the membrane
interface itself. Inspection of the laminar flow profile of a
blood flow channel reveals that the flow near the mem-
brane boundary approaches zero (Fig. 6), introducing an
effective fluid layer that contributes to the convective and
diffusion path length.

Boundary layer effects on solute transport are usually
handled by including them in an overall mass transfer
coefficient that is defined by the relationship:

1

K
¼

1

Kb
þ

1

Pm
þ

1

Kd
ð18Þ

The inclusion of convection-diffusion interaction with
boundary layer effects was provided in analytical form by
Zydney (16). In this model, which extended the concepts
developed by Villarroel et al. (13), the boundary layers
were approached as a stagnant film model described by
Jaffin et al. (17). The equation describing solute flux that
includes boundary layer effects (with terminology changed

for consistency with the above equations) is

Js¼
Jvg e

Jvg
Pm
þ

Jv
KB
þ

Jv
KDCB � CD

h i

se
Jv
Kd e

Jvg
Pm � 1

h i

þ ge
Jvg
Pm
þ

Jv
KB
þ

Jv
KD � g

ð19Þ

in which CB and CD represent bulk blood and dialysate
solute concentrations. The theoretical and experimental
results provided by Zydney demonstrated the importance
of including both boundary layer effects as well as convec-
tion-diffusion interaction. The mass transfer coefficients
for the boundary layers (KB and KD), however, require
experimental calibration.

5.6. Influence of Membrane Geometry

The analytical approaches in the preceding sections are
based on flat membrane geometry. Current hemodialyzers
employ hollow fiber design, in which the surface area of
the dialysate-membrane interface is greater than that of
the blood-membrane interface by a factor related to the
ratio of membrane thickness to diameter. Hollow fiber
geometry results in a mean membrane concentration that
is overestimated by analytical equations developed for flat
membranes. The differences produced by the alteration in
geometry can be appreciated by examining the gradient
operator in the convection-diffusion equation [see Equa-
tion 5] in Cartesian coordinates:

rc¼
@c

@x
x̂þ

@c

@y
ŷþ

@c

@z
ẑ ð20Þ

Analytical approaches to flat membrane transport
usually assume direction normal to the face of the mem-
brane:

rc¼
@c

@x
x̂ ð21Þ
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Figure 5. (a) Mean membrane concentration during
combined convective and diffusive transport for sev-
eral values of Peclet number (b). (b) Concentration
distribution along the width of a 50-mm-thick mem-
brane for varying values of Peclet number (b). With
increasing contribution of convection, the membrane
concentration increases toward that of the concen-
tration of the blood-membrane interface.
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In hollow fiber membranes, the gradient would be
expressed in cylindrical coordinates:

rc¼
@c

@r
r̂þ

1

r

@c

@f
f̂þ

@c

@z
ẑ ð22Þ

While diffusion in the z direction can be neglected, the
radial and angular coordinates are interdependent and
both need to be considered. The analytical solution then
becomes more complex than for Cartesian coordinates,
and computational approaches are often used.

An approach to the analysis of transport in membranes
of hollow fiber or other complex designs is the use of finite
element analysis. Eloot et al. (18) described fluid transport
in a 3-dimensional hollow fiber design, incorporating non-
Newtonian behavior, the Fahraeus-Lindquist effect, local
effects of density and viscosity, osmotic pressure effect, and
concentration polarization. Conrad (19,20) extended this
approach to include momentum effects in the membrane
and solute transport, including partial solute rejection.
Finite element methods significantly reduce underlying
assumptions and approximations, and allow for incorpora-
tion of more of the governing principles, but require
significant computational resources to resolve the bound-
ary conditions. Although computational methods do not
provide an exact solution, the error is on the order of 10� 6

or less when compared to geometries with analytical
solutions (20).

6. HEMODIALYZER DESIGN

6.1. Membrane Materials

The ideal membrane would permit the selective removal of
undesirable ‘‘toxic’’ solutes, the retention of all other

solutes, the removal of excess fluid volume, and be bio-
compatible. Solute transfer across membranes is most
dependent on molecular weight, thus selectivity is
achieved by choosing a membrane pore size that removes
all solutes below a certain size. Pore sizes in commercial
membranes are far from homogeneous, containing a range
of cut-offs for molecular size. The result is a transmittance
function that is depicted in Fig. 4.

Membranes used in clinical hemodialyzers have tradi-
tionally been derived from cellulose, but more recently a
number of artificial membranes with larger pore size,
higher hydraulic permeability, and improved biocompat-
ibility have emerged. The characteristics of these mem-
branes will be provided in brief, and the reader is referred
to (21) for a more detailed treatment of the subject.

The first clinical applications employed cellulose-based
membranes. Cellulose, the most abundant polymer on
earth, is a naturally occurring polysaccharide comprised
of repeating units of cellobiose.Cellobiose consists of a pair
of glucose molecules attached with a 1801 orientation,
such that the hydroxyl groups alternate along the poly-
mer, imparting the ability to form long chains (up to a
million residues).

Cellulosic membranes as a class are characterized by
relatively low hydraulic permeability and therefore have
low ultrafiltration rates. As such, they are more suitable
for hemodialysis than for hemofiltration. These mem-
branes have smaller pore sizes, thus are less capable of
removing middle molecules (500 to 5000 Daltons). Cupro-
phans, derived from regenerated cellulose, is perhaps the
best known and historically the most widely used mem-
brane. Due to the large number of exposed hydroxyl
groups, it activates complement and is among the least
biocompatible membranes. Improvements in biocompat-
ibility and performance have been achieved by modifica-
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Figure 6. (a) Velocity profile in a blood channel,
demonstrating the low velocity near the mem-
brane interface that acts as an additional fluid
layer influencing transport across the mem-
brane. (b) The principle of concentration polar-
ization of a partially rejected solute. The inlet
concentration profile is shown as the dotted
curve. The outlet concentration profile (solid
curve) demonstrates an increase in concentra-
tion in the boundary layer due to convection of
fluid across the membrane.
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tions to the cellulose polymer. The class of substituted
cellulosic membranes attempt to improve biocompatibility
by substitution on the hydroxyl groups. Hemophans

introduces tertiary amino groups for about 5% of its
hydroxyl groups, improving its biocompatibility without
altering its dialysis performance. SMCs (synthetically
modified cellulose) substitutes with aromatic benzyl
groups, also resulting in improved biocompatibility. The
class of acetylated cellulose membranes is also designed to
have improved biocompatibility. Cellulose acetate and
diacetate have about 50% of the hydroxyl groups substi-
tuted with acetyl radicals (CH3CO). In addition to having
a similar biocompatibility as the substituted celluloses,
they have increased hydrophobicity allowing protein ad-
sorption. Cellulose triacetate has over 80% of the hydroxyl
groups substituted, with still further improvements in
hydrophobicity and biocompatibility, higher ultrafiltration
rates for improved ultrafiltration/hemofiltration, and high
clearance of middle as well as small molecules.

Synthetic membranes were developed for the purpose
of achieving higher filtration rates and permeability to
larger molecules. These membranes are constructed from
synthetic polymeric materials, and may be symmetric,
with a consistent structure across the membrane, or
asymmetric, with one side of the membrane having a
denser structure. During manufacturing a thin (about
1 mm) dense layer (skin layer) is precipitated, usually on
one side, that provides the sieving properties of the
membrane. This side of the membrane is used for blood
contact.

Polyacrylonitrile (PAN) is a polymer used for highly
permeable dialysis membranes since the 1970’s. AN69s is
copolymer of PAN metallyl-Na-sulfonate having hydrophi-
lic characteristics with a symmetric structure. Pore den-
sity can be controlled during the manufacturing process.
Other PAN-based membranes based on different manu-
facturing processes are available with both symmetric and
asymmetric structures. PAN-based membranes have a
high hydraulic permeability, and pore sizes capable of
admitting molecular weights up to 10 to 30kD or higher.
These characteristics make them useful for hemofiltration
as well as hemodialysis. Molecules such as b2-microglo-
bulin, implicated in the etiology of amyloidosis in chronic
dialysis patients, can be removed with this membrane.
Polymers of the polyarylsulfone family have been devel-
oped for dialysis membranes since the 1970s.

Polysulfone (PS) is a synthetic polymer with a sulfone
group as part of its structure. A related polymer, poly-
ethersulfone (PES), has also been incorporated into dialy-
sis membranes. The polyarylsulfones have an asymmetric
structure with high hydraulic permeability and good
biocompatibility. The permeability can be controlled dur-
ing manufacturing, so that low and middle permeability
membranes can be produced. The polymer can be blended
as a co-polymer with pyrrolidone to impart hydrophilic
properties. Due to their available high porosity and hy-
draulic permeability, PS and PES are useful for hemofil-
tration as well as hemodialysis. A variation of the
polysulfone family (Helixones, Fresenius) has a reduced
inner diameter (185 mm) and thickness (35 mm). Possessing

a cylindrical pore structure, this membrane has high
diffusive and convective properties.

Another polymer used for membranes that possesses
high hydraulic permeability and hydrophobicity is poly-
amide (PA). The polyamide can be used alone, or as a co-
polymer to achieve different characteristics. PA mem-
branes are asymmetric with a thin skin (0.1 mm), and
display good biocompatibility characteristics. Other poly-
mers used for membranes include polymethylmethacrylate
(PMMA), a hydrogel with good biocompatibility and high
adsorption properties, and polycarbonate polyether co-
polymer (PPC), an asymmetric membrane with good bio-
compatibility but lower hydraulic permeability.

6.2. Biocompatibility

Exposure of blood to artificial surfaces introduces a num-
ber of biological effects. Complement activation through
the alternate pathway results in the generation of ana-
phylatoxins and leukopenia. Cellulosic membranes pro-
duce the greatest degree of activation, perhaps related to
hydroxyl groups on the surface. Modified cellulose mem-
branes introduced later have far fewer hydroxyl groups,
with less activation. Newer synthetic membranes have
markedly diminished ability to activate complement or
produce leukopenia, and thus are considered more bio-
compatible.

The coagulation cascade is also activated, and clotting
within the hemodiafilter is the major limiting factor in
filter longevity during continuous hemodiafiltration. Ne-
gatively charged surfaces are stronger activators than
other membrane surfaces, but the mechanisms are not
fully known. Platelet activation in the filter also contri-
butes to thrombin generation.

Blood proteins adsorb to the surface of the membrane
to a degree determined by the charge at the membrane
surface. While protein adsorption can slightly reduce
hydraulic conductivity, it can also result in less activation
of complement and other blood constituents, and may be
partly responsible for the improved biocompatibility of
newer synthetic membranes. Erythrocytes are exposed
to shear stresses during extracorporeal circulation. He-
molysis, though uncommon, may result from mechanical
injury in the blood pump.

Epidemiological studies suggest that mortality may be
lower when more biocompatible membranes are used for
chronic maintenance hemodialysis (22) and in acute renal
failure. Biocompatibility also seems to be important in
maintaining nutritional status during chronic hemodialy-
sis (23) as well as during support of acute renal failure
(24,25). As a result of these and other related findings,
synthetic membranes have largely replaced other types
for renal replacement therapy.

6.3. Membrane Configurations

Two membrane configurations have dominated hemodia-
lyzer design. An early design is the flat membrane, in
which the membrane is constructed as a stacked set of flat
sheets. The interspaces between the membranes alternate
between blood and dialysate phases. Surface area is
determined by the area and number of sheets. This
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membrane design has several disadvantages. Large pres-
sure differences between the two phases can result in
membrane collapse, either constricting the blood phase or
dialysate phase flow. This limits the ability to generate
extremes of transmembrane pressure. This design is also
not optimal for homogenous distribution of blood and
dialysate flow, such that areas of flow stagnation can
develop with reduction in effective transfer area.

The limitations of flat-plate design are largely over-
come by manufacturing membranes as hollow fibers. Fiber
inner diameters range from approximately 2000 to
250mm, with wall thicknesses from 40 to 70 mm or less.
Cellulose-based membranes are more subject to collapse,
and cannot be made as thin as synthetic membranes.
Fibers length ranges from 12 to 24 cm. The number of
fibers ranges from 4000 to 10,000, giving a blood contact
surface area of 0.6 to 2.0m2. The blood path through a
current hollow-fiber dialyzer is through the interior of the
fibers. Blood entering through the inlet port is distributed
to the fibers through a manifold, or header. After leaving
the fibers, blood is collected through another manifold for
discharge through the exit port. Blood flow inside the
fibers is laminar at the velocities used in clinical applica-
tion (up to 500ml/min). The dialysate path consists of inlet
and outlet ports in the exterior housing that distribute
dialysate exterior to the fibers. The directions of flow
through the blood and dialysate paths are opposite. This
countercurrent flow results in a diffusive solute removal
that is about 30% more efficient than a co-current design.

7. ANALYSIS OF MASS TRANSFER

7.1. Clearance and Dialysance

The concept of clearance is to describe the ability of an
artificial kidney to remove solute under a given set of
operating conditions. Clearance is the equivalent volume
of blood per unit time from which all solute is removed,
and defined as the ratio of solute removal rate to the
concentration of the solute at the entrance to the filter:

Cls¼
ns

Cs
ð23Þ

The solute removal rate can be determined by a mass
balance on the blood phase, including the filtration rate
(QF),m

3
� s� 1 orml �min� 1):

ns¼QBiCBi �QBoCBo

QF ¼QBi �QBo

ð24Þ

Substituting the above into Equation 23 yields clear-
ance for hemodiafiltration (assuming postfilter fluid re-
placement at a rate equal to the filtration rate):

Cls¼QBi
CBi � CBo

CBi

� �

þQF
CBo

CBi

� �

ð25Þ

During hemofiltration in the absence of hemodialysis,
blood outlet concentration equals inlet concentration, and

the equation above reduces to

Cls¼QF
CBo

CBi

� �

ð26Þ

Dialysance is a generalization of clearance in which the
solute concentration of the dialysate fluid is nonzero, as
can occur with dialysate recircirculation:

Dls¼QBi
CBi � CBo

CBi � CDi

� �

þQF
CBo

CBi � CDi

� �

ð27Þ

In practice it is desirable to predict clearance from
operating parameters in place of blood concentrations.
For pure hemofiltration of small solutes (i.e., a sieving
coefficient of 1), the following equations estimate clearance
for predilution and postdilution fluid replacement, respec-
tively (26):

Clpre¼QFg
ð1�HÞ

ð1�H �HKÞ ð1� FÞð1�HÞþ QR

QB

h i

Clpost¼QFg
1

ð1�H �HKÞð1� FÞ

ð28Þ

It can be appreciated that clearance during hemofiltra-
tion is directly related to the filtration rate (and equiva-
lent replacement rate). Fluid replacement is required to
produce clearance during hemofiltration. Without fluid
replacement (i.e., ultrafiltration), extracellular volume is
reduced, but clearance (and a reduction in extracellular
solute concentration) are not achieved. Predilution fluid
replacement is the infusion of replacement fluid into the
blood circuit before it enters into the filter, and postdilu-
tion is the infusion either post-filter or into the patient
through another route. Other factors that influence clear-
ance include the hematocrit (H), the erythrocyte:plasma
partition coefficient (K, equal to 1 for small diffusible
solutes), and the plasma protein volume fraction (F,
0.0107 � plasma protein concentration). The blood and
replacement fluid rate (QB and QR) also influence removal
during predilution replacement.

8. MATHEMATICAL MODELS OF THE DIALYSIS PROCESS

The mathematical development of fluid and solute equa-
tions presented earlier in the chapter describes transport
in the extracorporeal artificial kidney alone, and under
steady-state conditions. During the application of extra-
corporeal therapy, however, this represents just the site of
extracorporeal elimination, and only part of the process of
elimination from the body. Estimating the effect of dialysis
on fluid volume and concentration of solutes in a patient-
dialyzer system requires dynamic modeling of transport in
body compartments, with the extracorporeal circuit ser-
ving as the principal route of elimination.

10 HEMODIALYSIS AND HEMOFILTRATION



8.1. Urea Kinetic Modeling in Dialysis

The most commonly modeled solute has been urea, since it
is a clinical marker of the efficacy of therapy, and is a
small, uncharged, highly diffusible molecule that is easily
assayed in the clinical laboratory. The simplest approach
to kinetic modeling is a single compartment model, in
which the compartment consists of total body water (Fig.
7a). The compartmental mass balance equation based on
this model is noted to be

dVC

dt
¼G� ðKDþKRÞgC

dV

dt
¼Qin �Qout¼ b

in which G represents the generation of urea from the
liver, and the values of K represent dialyzer and renal
clearances. G is assumed to be zero-order and thus is a
constant. Solution of this equation for variable volume is
complex (27):

C¼C0
V0þbt

V0

� �

KD þKR þ b
b

þ
G

KDþKRþ b
1�

V0þ bt
V0

� �

KD þKR þ b
b

2

4

3

5

ð30Þ

However, assuming a constant volume and a single
point of elimination (e.g., the dialyzer in end-stage renal
disease) with negligible accumulation, the relationship for
a single dialytic session becomes

C¼C0e
� K

Vt ð31Þ

This equation can be rearranged to provide a simple
index of overall dialyzer efficacy:

Kt

V
¼ ln

C0

C

� �

ð32Þ

representing an average clearance over the dialysis ses-
sion. The value of Kt/V has been used to assess the overall
efficacy of dialyzer function in the clinical situation. In
between dialysis sessions, Equation 29 reduces to

dVC

dt
¼G ð33Þ

which, for constant volume, represents zero-order accu-
mulation.

The above can be ‘‘calibrated’’ for an individual patient
by calculation of V and G from measurement of urea
concentrations before (C0) and after (Ct) a single dialytic

session of duration t:

V ¼
Kt

ln C0�G=K
Ct�G=K

h i

G¼
DCidV

Tid

ð34Þ

Prior determination of the clearance K under similar
dialysis conditions is required. The calculation of G also
requires the interdialytic concentration change (DCid) and
time interval (Tid). This set of two equations requires
simultaneous solution. Once the system is calibrated,
then treatment time can be estimated to achieve a desired
reduction in urea concentration, and to determine the
interdialytic time that would predict the next treatment
time for a goal urea concentration.

Studies of urea levels following dialysis demonstrate a
rebound effect followed by zero-order accumulation. More
complex models have also been used to represent this
rebound effect immediately following a dialysis session. A
two-compartment model consisting of extracellular and
intracellular compartments simulates this observation
reasonably well (Fig. 7b) and is represented by the follow-
ing system:

dV1C1

dt
¼G� ðKDþKRÞgC1þKic C2 � C1ð Þ

dV2C2

dt
¼ �Kicg C2 � C1ð Þ

ð35Þ

where Kic is the intercompartmental mass transfer coeffi-
cient. In this model, generation and elimination of urea
takes place with the extracellular compartment. While
this system more accurately represents urea kinetics, its
complexity precludes it from use in the simple bedside
prediction of urea kinetics.

8.2. Urea Kinetic Modeling in Hemofiltration

The principles of urea kinetic modeling for hemodialysis
can be applied to hemofiltration if the ultrafiltration rate
is used in place of dialyzer clearance, and the replacement
fluid is infused at the same rate as the ultrafiltration rate.
This approach assumes postdilution fluid replacement.
The equations for predilution are more complex and not
easily applicable at the bedside. If the sieving coefficient of
the solute differs from 1, then the ultrafiltration rate
would have to be adjusted by this factor as well.

9. CLINICAL APPLICATION OF HEMODIALYSIS AND
HEMOFILTRATION

9.1. Vascular Access

Reliable access to the vascular system is necessary for
successful hemodiafiltration and represents the most pro-
blematic aspect of extracorporeal renal replacement
therapies. Access techniques are usually described on
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the basis of acute access, mid-term access, or long-term
access (28) based on duration of support.

Acute access techniques are used for support lasting
less than 90 days, and most commonly achieved with acute
dual-lumen venous catheters placed in the femoral or
internal jugular vein. Arteriovenous access for continuous
arteriovenous hemofiltration is rarely following the ad-
vent of venovenous techniques, but is usually accom-
plished by cannulation of the femoral artery and vein.

Mid-term access is most commonly achieved through
the use of tunneled, cuffed double-lumen vascular cathe-
ters. These catheters are most commonly placed in the
central circulation through the internal jugular or sub-
clavian vein and are tunneled subcutaneously for several
centimeters before exiting through the anterior chest wall.
These catheters also have a Dacrons cuff placed subcuta-
neously, allowing development of fibrous adhesions and
eliminating an open tunnel. Alternative catheter design is
the addition of a re-usable port at the end of the catheter
that remains subcutaneous, and accessed by puncture of
the skin.

Long-term access requires a life span of years for
maintenance hemodialysis. Options include the insertion
of a synthetic arteriovenous graft under the skin, usually
in the upper extremity that can be punctured percuta-
neously, and fistulas created by arteriovenous anastomo-
sis (autogenous fistulas), such between the radial artery
and cephalic vein. Synthetic grafts require only about two
weeks to mature before they can be used, but have a
reduced life span in comparison to arteriovenous fistulas.
Fistulas have a higher early failure rate, but once estab-
lished have greater longevity and less complications than
grafts.

Recirculation may occur at the vascular access site
when a portion of the blood that has passed through the
extracorporeal circuit and returned to the circulation is
entrained directly back into the drainage circuit. Recircu-
lation results when the flow through the extracorporeal
circuit exceeds the local access flow, and can be found in
both chronic and acute vascular access settings. Since

recirculated blood has already had solute removed, recir-
culation reduces the mean solute concentration reaching
the membrane and hence reduces the efficiency of solute
removal. The effective clearance (Cleff) can be calculated
from the recirculation fraction (R), blood flow (QB), and
dialyzer clearance (Cl) from the following formula (29):

Cleff ¼
1�R

1�R � 1� Cl
QB

� � � Cl ð36Þ

It can be seen that when recirculation is zero, effective
clearance equals dialyzer clearance, and during complete
recirculation (R¼ 1), effective clearance is zero.

9.2. Intermittent Hemodialysis

Dialysis and hemofiltration require an extracorporeal
circuit that withdraws blood from a vascular access site,
pumps it through the blood compartment of a hemodia-
filter, and returns it to a second vascular access site. A
second dual-pump system transports dialysate solution
through the dialysate compartment of the filter in a
countercurrent direction. The two pumps control inflow
and outflow, and thus can be adjusted to achieve a desired
fluid removal rate. The fluid pumps on commercial hemo-
dialysis machines are peristaltic pumps (roller pumps).
Blood flow rates typically range from 300 to 500mL/min,
with higher flows best for optimal clearance. Dialysate
flow rates are comparable, ranging from 500 to 800mL/
min, with higher flow rates preferred when higher blood
flow rates are used.

Pressures in the blood phase are determined by the
venous return pressure (a function of return circuit resis-
tance), the blood flow rate, blood viscosity, plasma oncotic
pressure, and the degree of hemoconcentration resulting
from ultrafiltration. The degree of hemoconcentration is
measured by the ultrafiltration fraction, the ratio of the
ultrafiltration rate to the inlet blood flow rate:

Urea compartment
V
C

Extracellular
compartment

V1
C1

Intracellular
compartment

V2
C2

GG KR KR

KD

KD

KIC

(a) (b)

Figure 7. Simple compartment models used in
urea kinetic modeling. (a) Single compartment
model with solute accumulation and elimina-
tion. The compartment volume represents the
full volume of distribution of the solute. G
represents urea generation rate, V and C are
compartmental volume and concentration, with
KR and KD representing renal and dialysis
overall mass transfer rates. (b) Two-compart-
ment model, in which the volume of distribution
is divided into a perfused volume (analogous to
the extracellular space) and a storage volume
(analogous to the intracellular space). KIC is the
mass transfer rate for intercompartmental
transfer. Solute accumulation and elimination
occurs in the perfused compartment, but also
distributes into the storage compartment. An
alternative representation is to have generation
(G) occurring into the intracellular compart-
ment.
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fuf ¼
Quf

Qb
ð37Þ

The ultrafiltration fraction determines the degree of
hemoconcentration, with values over 0.3 to 0.4 associated
with excessive viscosity and concentration polarization of
protein at the blood-membrane interface.

Dialysate phase pressures are determined by the inlet
and outlet flow rates, and the transmembrane pressure
associated with the blood phase conditions. During ultra-
filtration or hemofiltration, the dialysate inlet flow is zero,
and the outlet flow determines the pressures. The dialy-
sate fluid can be generated by the hemodialysis machines
through ultrapurification of water and addition of appro-
priate volumes of concentrated electrolytes to produce
physiological concentrations.

9.3. Continuous Hemodialysis/Hemofiltration

A trend in the critically ill patient is to provide a family of
therapies termed CRRT (continuous renal replacement
therapy), typically hemofiltration or hemodiafiltration,
continuously for control of fluid volume and treatment of
renal failure. The extracorporeal systems and circuits
differ from those providing intermittent hemodialysis,
with a focus on hemofiltration as a major component of
the therapy, and the use of less efficient operating condi-
tions (blood flow in range of 100 to 150ml/min and
dialysate/filtration rates of 16 to 33ml/min). In spite of
the lower efficiency, the cumulative effect over 24 hours is
usually a greater amount of fluid removal and solute
clearance than intermittent hemodialysis.

Commercial systems have an extracorporeal blood
circuit with a blood pump, and a single pass counter-
current dialysis circuit has two pumps or control of both
inflow and outflow. The difference between the two flow
rates determines the hemofiltration rate. The dialysate
inflow pump can be turned off to achieve hemofiltration, or
turned on for hemodialysis or hemodiafiltration. Current
systems have a fourth pump for infusion of replacement
fluid in either a predilution (prefilter) or postdilution
(postfilter) mode. Newer systems allow both replacement
modes simultaneously. The replacement or substitution
fluid is commercially prepared or compounded in the
pharmacy in place of online generation as in hemodialysis
machines. Dialysate is usually identical in composition to
the replacement fluid. Acetate-based solutions have tra-
ditionally been used, but the recent availability of bicar-
bonate-based solutions and the recognized complications
of acetate (e.g., hypotension) have shifted centers to the
latter solutions.

Anticoagulation is a greater issue in CRRT since con-
tinuous operation often requires anticoagulation. Sys-
temic heparinization is typically used for patients
without a risk of bleeding, as in intermittent hemodialysis.
For those at risk, regional anticoagulation with citrate is
usually chosen. Citrate is infused into the blood circuit
prefilter, which binds calcium and inactivates the clotting
cascade. Replacement calcium is infused into the patient

to maintain systemic ionized calcium levels in the normal
range. Calcium-free replacement fluid and dialysate fluid
are used.
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GLOSSARY OF SYMBOLS AND TERMS

g ¼Convection coefficient

D ¼Difference operator

Z ¼Fluid dynamic viscosity (Pa � s)

r ¼Gradient operator

k ¼Permeability (m2)

p ¼Osmotic pressure (Pa)

r ¼Fluid density (kg �m� 3)

s ¼Staverman reflection coefficient

A ¼Membrane surface area (m2)

c, C ¼Solute concentration (mol �m� 3)

Cb, CB ¼Solute concentration at membrane-blood inter-
face

Cd, CD ¼Solute concentration at membrane-dialysate
interface

Ĉ; �C ¼Mean membrane concentration (mol �m� 3)

CAVH ¼Continuous arteriovenous hemofiltration

CRRT ¼Continuous renal replacement therapy

CVVD ¼Continuous venovenous hemodialysis

CVVHD¼Continuous venovenous hemodiafiltration

CVVH ¼Continuous venovenous hemofiltration

D ¼Diffusion coefficient (m2
� s� 1)

G ¼Urea generation rate (mol � s� 1)

H ¼Hematocrit

J ¼Solute molar flux (mol � s� 1)

Js ¼Solute flux (m � s� 1)

Jv ¼Fluid flux (m � s�1)

K ¼Mass transfer coefficient (m � s� 1)

KB ¼Blood boundary layer mass transfer coefficient

KD ¼Dialysate boundary layer mass transfer coeffi-
cient

L ¼Membrane thickness (m)

Lp ¼Membrane hydraulic permeability
(m � s�1

�Pa�1)

p ¼Pressure (Pa)

Pa ¼Pascal

Pe ¼Peclet number

Pm ¼Membrane solute permeability (m � s� 1)
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QB ¼Hemofilter blood flow (m3
� s� 1 or ml �min�1)

QD ¼Hemofilter dialysate flow (m3
� s� 1 or

ml �min� 1)

QF , Quf ¼Hemofilter filtration rate (m3
� s� 1 or

ml �min� 1)

QR ¼Hemofilter replacement fluid rate (m3
� s�1 or

ml �min� 1)

Tid ¼ Interdialytic time interval (hr)

u ¼Velocity vector (m � s� 1)
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1. INTRODUCTION

Consider a system that evolves with time. The system
states can take on many values as it evolves. Contrary to
deterministic systems where the sequence of states versus
time is known, in a probabilistic system, there are many
possibilities with which the system can evolve. Any given
sequence of states can be determined with a certain
probability. A system evolves with a probabilistic Markov
dynamics if the probability of the future state depends only
on the present state and not on the past states. Such a
system is called a Markov chain. In Markov chain analy-
sis, the states of the system are generally observable (see,
for example (22)).

Now, suppose a system is evolving with probabilistic
Markov dynamics, but the states are ‘‘hidden’’ (unobser-
vable). In each of the hidden states, the system emits
observable symbols from a given alphabet. Such a system
is called a hidden Markov model (HMM). This chapter
provides a brief introduction to the hidden Markov model
theory. To begin, we discuss some examples of hidden
Markov models in the next section.

2. EXAMPLES OF HIDDEN MARKOV MODELS

2.1. Delocalized Weather Forecasting

2.1.1. Situation. Suppose the weather in Chicago
evolves with probabilistic Markov dynamics and can
have two states, Rainy state (RC) and Sunny state (SC),
with the following transition matrix:

P¼

RC SC

RC

SC

0:8 0:2

0:3 0:7

0

@

1

A:

Let us also assume that at initial time t¼ 0, the system
can be sunny or rainy with equal probabilities.

Now suppose that some students in Urbana–Cham-
paign (2 hours away from Chicago) want to know what the
weather was like in Chicago over the past few days. The
students cannot observe the weather in Chicago, but they
can observe the weather in Urbana–Champaign. Let us
assume that the weather in Urbana–Champaign can have
only three states: rainy state (RU), misty state (MU), or
sunny state (SU). The students believe that if it is sunny in
Chicago, the probability that it is sunny in Urbana–
Champaign (state SU) is 0.6, misty (state MU) is 0.3, and
rainy (state RU) is 0.1, but if it is rainy in Chicago, the
probability that it is rainy in Urbana–Champaign is 0.7,

misty is 0.2, and sunny is 0.1. This belief can be repre-
sented by the matrix

E¼

RU MU SU

RC

SC

0:7 0:2 0:1

0:1 0:3 0:6

0

@

1

A:
ð1Þ

2.1.2. The Hidden Markov Model. In this example, the
system with hidden states is the weather in Chicago. In
each state, the system emits a symbol from the alphabet
{RU, MU, SU}—the state of the weather in Urbana–Cham-
paign—with certain probabilities given the state in which
the system is, and these symbols are observable. This
process is a hidden Markov model. We can represent a
sequence of states of length 5, that is the corresponding
weather in Chicago during five consecutive (past) days,
and a corresponding sequence of observations, that is the
observed weather in Urbana–Champaign during those
same 5 days, in a simple way (Fig. 1).

Note that the arrows imply some probabilistic depen-
dence relationships between:

1. The two states of the weather in Chicago over two
consecutive days.

2. The weather in Chicago and the observation made in
Urbana–Champaign during the same day.

Let us now formalize these concepts in the next section.

2.2. A More Formal Approach

2.2.1. The Emission Matrix. Consider a system evolving
between a set of states S (generally finite) with probabil-
istic Markov dynamics described by a transition matrix P
(Markov chain).

Assume that in each state, the system emits symbols
and that the symbol emitted in a given state depends only
on that state. This assumption allows us to define an
emission matrix for a finite alphabet A¼ {Zj, j¼ 1,y,m},
such that whenever the process is in state i, there is a
fixed probability Eij that it emits the symbol Zj. Equiva-
lently, we can also write Eij¼ ei(Zj) to effectively specify the
emitted symbol. The emission matrix is defined by E¼
(Eij)i,jZ0.

Weather
in Chicago

(unobservable)

Weather
in U-C

(observed)
RU MU SU RU

SC SC RCRC

RU

RC

Figure 1. Delocalized weather forecasting model. The top se-
quence is the sequence of hidden states. The bottom sequence is
the corresponding sequence of observations.

1
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Similarly to the elements of the transition matrix, the
emission probabilities satisfy:

Eij � 0; i; j � 0 and
X

1

j¼ 0

Eij¼ 1; i¼ 0;1; . . . :

In other words, the sum of each row in the emission
matrix is one.

2.2.2. Formal Definition. A hidden Markov model
(HMM) is composed of

* A state alphabet set S¼ {s0, s1,y}.
* An observation alphabet set A¼ {Z1,y,Zm}
* A triplet l¼ (P, E, p0) called the parameter set of the

model, with
* P¼ (Pij)i,jZ0 being the transition matrix of the

system.
* E¼ (Eij)i,jZ0 being the emission matrix of the

system.
* p0 being the initial probability distribution over

the system states.

Also let Q¼ (q0, q1,y, qT) represent a fixed sequence of
states of length T, and O¼ {o0, o1,y, oT} the corresponding
observations. For example, in Fig. 1, the state sequence is
Q¼ {RC, RC, SC, SC, RC}, and the corresponding observa-
tion sequence is O¼ {RU, RU, MU, SU, RU}.

2.2.3. The Probabilistic Dependence Assumptions. Hid-
den Markov models generally make two assumptions:

* The first-order Markov assumption tells that the
probability of the next state depends only on the
present state (see Markov chains), i.e.,

P qnþ 1 qn; qn�1; ::: ; q1; q0

�

�

� �

¼P qnþ 1 qn
�

�

� �

8n � 0:

* The observation independence assumption states
that the probability of an observation at time n given
all the past observations and states depends only on
the current state, i.e.,

P on qn; qn�1; :::;q0; on�1; :::; o0

�

�

� �

¼P on qn
�

�

� �

8n � 0:

This second assumption allowed us to define the
emission matrix. Imagine that the observation at
time n is Zk. Because of the observation independence
assumption, we can write

P on¼ Zk qn;qn�1; :::;q0; on�1; :::; o0

�

�

� �

¼P on¼ Zk qn
�

�

� �

¼ eqn ðZkÞ¼Enk:

Additionally, it is generally assumed that the transition
probabilities do not depend on time (stationarity assump-
tion).

3. FUNDAMENTAL PROBLEMS

In this section, we present three fundamental problems of
interest for HMMs.

3.1. Evaluation Problem

The evaluation problem can be described as follows.

3.1.1. Definition. Given a hidden Markov model l¼ (P,
E, p0), how can we compute the probability of observing a
certain sequence of length Tþ 1, i.e., P(O|l) with O¼ {o0,
o1,y, oT}, in an efficient way? In other words, we want to
compute the likelihood of a sequence given the model. This
question is useful if we want to select among several
models the one that matches best an observation sequence
O. We compute the likelihood of O for each model and we
choose the one that maximizes the likelihood.

3.1.2. Computing the Likelihood of RuRu. In the
weather example, how can the students compute the
probability of the observation sequence O¼ {RU, RU} given
the model?

The straightforward way to do this is through enumer-
ating all the possible sequences of states of length 2.

It was assumed that the weather in Chicago on day 0
could be rainy or sunny with equal probabilities; hence, we
have the following probability distribution over the two
possible states:

0:5 0:5
� �

:

We consider four scenarios that account for the observa-
tion RURU, depending on the states of the weather in
Chicago:

1. The weather is rainy in Chicago AND rain is ob-
served in Urbana–Champaign on day 0, and the
weather is rainy in Chicago AND rain is observed
in U–C on day 1.

2. The weather is rainy in Chicago AND rain is ob-
served in Urbana–Champaign on day 0, and the
weather is sunny in Chicago AND rain is observed
in U–C on day 1.

3. The weather is sunny in Chicago AND rain is
observed in Urbana–Champaign on day 0, and the
weather is rainy in Chicago AND rain is observed in
U–C on day 1.

4. The weather is sunny in Chicago AND rain is
observed in Urbana–Champaign on day 0, and the
weather is sunny in Chicago AND rain is observed in
U–C on day 1.

To sum up these situations, consider the following
probability tree (Fig. 2).
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Let’s compute the probability of the first scenario. The
weather in Chicago on day 0 is rainy, this happening with
probability 0.5 (the initial probability distribution is uni-
form). Hence, the probability of observing RU (given by the
emission matrix) is 0.7. The probability of the weather
being rainy (RC) in Chicago on day 0 AND observing rain
in Urbana–Champaign (RU) is thus

PðRC and RUÞ¼ p0ðRCÞ � eRC
ðRUÞ¼ 0:5 � 0:7¼ 0:35:

The system then jumped to state RC with probability 0.8
(from the transition matrix), and emitted the symbol RU

with probability 0.7 (from the emission matrix). Given the
state of the weather on day 0 and the symbol emitted, we
have

PðRC and RU jRC and RUÞ¼PRCRC
� eRC
ðRUÞ

¼ 0:8 � 0:7¼ 0:56:

Finally, the probability of scenario (1) is the product of
these two probabilities:

PðRCRC;RURUÞ¼PðRC and RUÞ � PðRC and RU jRC and RUÞ

¼ 0:35 � 0:56¼0:196:

Equivalently, we can generalize this to any state se-
quence of length 2:

P q0q1; o0o1¼RURU jlð Þ¼ p0ðq0Þeq0 ðRUÞ � Pq0q1eq1 ðRUÞ:

This gives the following probabilities for the other

scenarios:

P RCSC; o0o1¼RURU jlð Þ¼ p0ðRCÞeRC
ðRUÞ � PRCSC

eSC
ðRUÞ

¼ 0:5 � 0:7 � 0:2 � 0:1¼ 0:007:

ð2Þ

P SCRC; o0o1¼RURU jlð Þ ¼p0ðSCÞeSC
ðRUÞ � PSCRC

eRC
ðRUÞ

¼0:5 � 0:1 � 0:3 � 0:7¼0:0105:

ð3Þ

P SCSC; o0o1¼RURU jlð Þ¼ p0ðSCÞeSC
ðRUÞ � PSCSC

eSC
ðRUÞ

¼ 0:5 � 0:1 � 0:7 � 0:1¼ 0:0035:

ð4Þ

Finally, we get the likelihood of the observation given
the model by summing the probabilities we obtained for
each scenario. Hence,

PðRURU jlÞ¼ 0:196þ 0:007þ 0:0105þ 0:0035

¼ 0:217:

3.1.3. Generalization. Formally, we can extend this for
any length Tþ 1 by taking the sum of the probabilities of
the state sequence AND the observation sequence for all
possible sequences of states:

PðOjlÞ¼
X

Q¼ ðq0 ;q1 ;:::;q4Þ

PðO;QjlÞ

with

PðO;QjlÞ¼ p0ðq0Þeq0
ðo0Þ

Y

T�1

t¼ 0

Pqtqtþ 1
eqtþ 1
ðotþ1Þ

 !

:

Intuitively, the formula giving P(O, Q|l) means that for
a given pair of observations and state sequences, the
probability of such a pair is the product of the probability
of obtaining the state sequence Q¼ {q0, y, qT} with the
underlying Markov chain, which is p0ðq0Þ

QT�1
t¼ 0 Pqtqtþ 1 ,

times the probability of obtaining the observations O¼
{o0, y, oT} with the sequence of states Q, which is
QT

t¼ 0 eqt ðotÞ.
However, this computation grows exponentially with

the length of the sequence and it can be shown that it
requires on the order of 2T �NT operations, as there are at
least NTpossible sequences of states, for T observations
and N states. It is then quickly intractable, even for small
values of T and N.

3.1.3.1. An Alternative Way to Compute the Likelihood of
the Observation RuRu. In order to reduce the number of
operations needed to compute the likelihood of a sequence
of observations, we introduce the method known as the
Forward procedure, which is an application of dynamic

SC and RU

RC and RU

Weather on
day 1

RC  and  RU

SC and RU

SC and RU

RC and RU

Weather on
day 0

(1)

(2)

(3)

(4)

Figure 2. Enumerating the 4 different possible state sequences.
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programming. The idea is to notice that in the four
different scenarios we considered previously, the same
information is duplicated. The state of the weather in
Chicago is the same on day 1 for scenarios (1) and (3) and
for scenarios (2) and (4). Let’s try to compute the prob-
ability of the observation sequence recursively, from time
0 to time T—this progressive approach justifies the name
‘‘forward.’’ We consider the same problem as before, that
is, we want to compute the likelihood of the observation O
¼ {RU, RU} given the model, assuming the initial prob-
ability distribution over the possible states for the weather
in Chicago is uniform (0.5 0.5).

3.1.4. Initialization. First we compute the probability of
the partial observation O0 ¼ {RU}, that is, the probability of
observing rainy in Urbana–Champaign. Depending on the
weather in Chicago on day 0, we can calculate two
probabilities. If it is rainy, the probability of observing
RU (given by the emission matrix) is 0.7. As seen earlier,
the probability of the weather being rainy (RC) in Chicago
AND observing rain in Urbana–Champaign (RU) on day 0
is

a0ðRCÞ¼PðRCÞ � PðRU jRCÞ¼ 0:5 � 0:7¼0:35:

In the same way, we can calculate the probability of the
weather being sunny (SC) in Chicago on day 1 AND
observing rain in Urbana–Champaign (RU).

a0ðSCÞ¼PðSCÞ � PðRU jSCÞ¼ 0:5 � 0:1¼ 0:05:

As we can get the observation O0 with either a rainy
weather or a sunny weather in Chicago, the probability of
the observation is the sum of the two computed probabil-
ities. Therefore,

PðRU jlÞ¼ a0ðRCÞþ a0ðSCÞ ¼0:35þ 0:05¼ 0:4:

3.1.5. Likelihood of the Observation Sequence RuRu. -
Now we want to compute the probability of the full
observation O¼ {RU, RU}.

We consider the exactly same scenarios as seen before
(Fig. 3).

We can group the situations according to the state of
the weather in Chicago on day 1.

Let’s compute the probability of the weather being
rainy in Chicago on day 1 and the observation being
RURU. Two scenarios must be examined, as shown in
Fig. 3.

* Scenario (1): The weather in Chicago was in state RC

at time 0, and RU was emitted. This happened with
probability a0(RC). The system then jumped to state
RC with probability 0.8 (from the transition matrix),
and emitted the symbol RU with probability 0.7 (from
the emission matrix). The probability of this scenario
is a0(RC) � 0.8 � 0.7¼ 0.196.

* Scenario (2): The weather in Chicago was in state SC

at time 1, and RU was emitted. This happens with
probability a0(SC). The system then jumped to state
RC with probability 0.3 (from the transition matrix),
and emitted the symbol RU with probability 0.7 (from
the emission matrix). The probability of this scenario
is a0(SC) � 0.3 � 0.7¼ 0.0105.

The probability we want to compute is the sum of the
two probabilities, hence a1(RC)¼0.196þ 0.0105¼ 0.2065.

In the same way, we can compute the probability of the
weather being sunny in Chicago on day 1 and the ob-
servation being RURU, namely a1(SC)¼ 0.0105.

Finally, the probability of observing RURU is the sum of
the two probabilities we computed, that is,

PðRURU jlÞ¼ a1ðRCÞþ a1ðSCÞ

¼ 0:2065þ 0:0105¼ 0:217:

Though the difference with the previous method might
not be significant for an observation sequence of length 2,
it becomes useful when the length of the sequence grows,
as we need only on the order of N2T computations. We
generalize the algorithm in the next section.

3.1.5.1. The Forward Procedure: Generalization. The
principle of the Forward procedure is to compute at each
step a forward variable, or forward message,

atðiÞ¼Pðo0o1 . . . ot; qt¼ sijlÞ;

which is the probability of the partial observation o0,y,ot
for trT AND the process being in state si at time t given
the model l. Given the independency assumptions made
for the model, the probability for the process to be in state
si at time t and having the partial observation o0,y,ot, that
is at(i), is the product of the probability for the process to
be in state si at time t and having the partial observation

Weather on
day 1

Weather on 
day 0

(1)

(2)

(3)

(4)

RC and RU

RC and RU

RC and RU

SC and RU

SC and RU

α0 (0) = 0.35

α0 (1) = 0.05

SC and RU

Figure 3. Probability tree for the evaluation problem. In the
scenarios (1) and (3), in black, the weather is rainy in Chicago on
day 1.
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o0,y,ot� 1 times the probability of emitting ot in state si:

atðiÞ¼Pðo0o1 . . . ot; qt¼ sijlÞ

¼Pðo0o1 . . . ot�1; qt¼ sijlÞ � eiðotþ 1Þ:

But the process can only be in N possible states for the
process to be at time t� 1 before jumping to state si (Fig.
4).

The probability for the process to be in state si at time t
while being in state sj at time t� 1 and having the partial
observation o0,y,ot�1 is the product of the probability for
the process to be in state sj at time t� 1 and having the
partial observation o0,y,ot� 1, that is at� 1(j), times the
transition probability from sj to si. Summing the probabil-
ities for all states sj gives the probability of being in state si
at time t and observing the partial sequence o0,y,ot. This
leads to the following induction formula to compute at(i):

atðiÞ¼
X

N�1

i¼ 0

at�1ðjÞPji

 !

eiðotþ 1Þ:

Once the values of aT(i) are obtained for each state si,
the probability of the full sequence O is given by

PðOjlÞ¼
X

N�1

i¼0

aTðiÞ:

This is the termination step of the Forward procedure.

3.1.5.2. Application to a Longer Observation Sequen-
ce. We want to compute the probability of the sequence
RURUMUSURU given the weather forecasting model we
introduced previously.

In order to track the algorithm, we introduce a new
representation for a hidden Markov model, namely the
time-slice view (Fig. 5).

Using this graphical representation at each step allows
us to track the Forward procedure.

For each time step and each state, we compute the
forward message at(i).

To distinguish the states from the observations, state 0
will represent rainy in Chicago (RC) and state 1 will

represent sunny in Chicago (SC). The observations will
be noted R, M, and S.

3.1.5.2.1. Initialization. The initialization of the for-
ward variable takes place as described earlier, and yields
a0(0)¼ 0.35 and a0(1)¼ 0.05 (Fig. 6).

3.1.5.2.2. Induction. The induction formula applied for
step 1 leads to the same result as computed earlier:

a1ð0Þ ¼ P00 � a0ð0ÞþP10 � a0ð1Þð Þ � PðRU�CjRChicagoÞ

¼ ð0:8 � 0:35þ 0:3 � 0:05Þ � 0:7¼ 0:2065

a1ð1Þ ¼ P01 � a0ð0ÞþP11 � a0ð1Þð Þ � PðRU�CjSChicagoÞ

¼ ð0:2 � 0:35þ 0:7 � 0:05Þ � 0:1¼ 0:0105:

8

>

>

>

>

>

>

>

>

<

>

>

>

>

>

>

>

>

:

This can be represented on a graph (Fig. 7).
We repeat this procedure for the whole observation

sequence. At the end of the induction phase, we get the
following values (Fig. 8):

3.1.5.2.3. Termination. The probability of the observa-
tion sequence is the sum of the forward messages of the
final time step, that is P(RRMSR)¼0.0039þ 0.0008¼
0.0047.

3.1.6. The Backward Procedure. In the same way, the
Backward procedure, which will be useful later on, can
also be defined to compute the likelihood of the observa-
tion. For that purpose, we compute the backward message
for each state i, for time t between 0 and T:

btðiÞ¼Pðotþ 1otþ 2:::oT ; qt¼ sijlÞ:

We initialize the procedure by bT(i)¼ 1 for 0rirN� 1.
The corresponding induction formula can be obtained

in the same way as before

btðiÞ¼
X

N�1

j¼ 0

btþ 1ðjÞPijejðotþ 1Þ for t going from T to 0:

We finally obtain PðOjlÞ¼
P

N�1

i¼ 0

b0ðiÞeiðo0Þp0ðiÞ (termina-
tion step).

Let’s compute the different values of bt(i) for our ex-
ample of weather forecasting with the observation O¼

s0

s1

sN-1 

Si

P0i

P1i

PN−1i

time t -1 time t

Figure 4. Principle of the Forward procedure. The forward
message for one state at a given time depends on the forward
messages for all states at the previous time step, weighted by the
transition probabilities.

0

1

0

1

time t -1 time t

0

1

time t+1

… …

Figure 5. Time-slice view of an HMM. For each time step, all
states are represented and the transitions between states from
one time step to the next are probabilistic (without the probabil-
ities for clarity).
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{RURUMUSURU} (Fig. 9), as we will need them in the third
problem of interest we want to consider.

The likelihood of the sequence is calculated by

PðOjlÞ¼
X

N�1

i¼ 0

b0ðiÞeiðo0Þp0ðiÞ

¼ b0ð0Þ � 0:7 � 0:5þ b0ð1Þ � 0:1 � 0:5

¼ 0:0047:

We know how to compute the likelihood of an observa-
tion efficiently, but how can we determine the most prob-
able sequence of states that generated the observations?
We refer to this as the decoding problem.

3.2. The Decoding Problem

3.2.1. Definition. Given a hidden Markov model l¼ (P,
E, p0) and a sequence of observations O¼ {o0, o1,y, oT},
what is the optimal, in some meaningful sense, sequence
of states that produced the observations? It should be
noted that there is no ‘‘correct’’ solution to this problem,
and the best solution possible depends on the optimality

criterion chosen. Though several criteria can be reason-
ably defined, we will focus on the widely used maximiza-
tion of the probability of a state sequence given the
observation P(Q|O, l), which is equivalent to the max-
imization of P(Q|O, l). This optimality criterion yields
way to the Viterbi algorithm (25) which is used to find the
best state sequence generating a given observation se-
quence.

In the weather example, assume that the students
observe the following weather sequence RRMSR in Ur-
bana–Champaign. They want to know what the most
probable weather sequence was in Chicago over the
same days.

3.2.1.1. The Viterbi Algorithm. This algorithm is based
on dynamic programming methods and largely uses the
Forward procedure described in the Evaluation section.

To find the most probable state sequence Q¼ (q0, q1,y,
qT), we need to define the variable

dtðiÞ¼ max
q0 ;q2 ;...;qt�1

Pðq0; . . . ; qt�1; qt¼ i; o0; . . . ; otjlÞ;

which is the highest probability of a path ending in state si

R

R

0

1

0

1

0

1

0

1

Initialization

0.35

0.05

time 0 time 1 time 2 time 3 time 4

Figure 6. The Forward procedure—Initializa-
tion. The computed forward messages are noted
near the states. States in gray denote that the
circled observations have been considered in the
computation.

R

R

R

1

0

1

0

1

0

1

Step 1 (a)

R

R

R

R

0

1

0

1

0

1

Step 1 (b)

0.35

0.05

0.05

0.35

0.2065

0.2065

0.0105

0.8 

0.3

0.2

0.7

time 0 time 1 time 2 time 3 time 4

Figure 7. The Forward procedure—Step 1. We
compute the forward message for each state,
hence the two graphs. The bold arrows indicate
which transitions take part into the calculation.

time 0 time 1 time 2 time 3 time 4

R

R

R

R

M

M

S

S

R

R

Step 4

0.05

0.35

0.0105

0.0337

0.0146

0.0031

0.0102

0.0039

0.0008

0.2065

Figure 8. Tracking the Forward procedure—
step 4.
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at time t and generating the partial observation sequence
o0,y,ot.

For instance, let’s compute the first values of dt(i) for
the delocalized weather forecasting example, the observa-
tion sequence being {R, R, M, S, R}. We assume that the
initial probability distribution is uniform. We initialize the
variable.

d0ð0Þ¼Pðq0¼ 0; o0¼RjlÞ¼Pð0Þ � PðRj0Þ¼ 0:35

d0ð1Þ¼Pðq0¼ 1; o0¼RjlÞ¼Pð1Þ � PðRj1Þ¼ 0:05:

(

We now consider the first step of the algorithm. We have

d1ð0Þ¼ max
q0

Pðq0; q1¼ 0; o0o1¼RRjlÞ

¼ max Pðq0¼ 0; q1¼ 0; o0o1¼RRjlÞ;
�

Pðq0¼ 1; q1¼0; o0o1¼RRjlÞ
�

:

We now use the probabilistic dependence assumptions
of the model to simplify the two terms to be maximized. We
get

P q0¼ 0; q1¼ 0; o0o1¼RRjlð Þ

¼Pðq0¼ 0; o0¼RjlÞ � Pðq1¼ 0jq0¼ 0; lÞ � Pðo1¼Rjq1¼ 0; lÞ

¼ d0ð0Þ � P00 � e0ðRÞ:

In the same way, we derive

P q0¼ 1; q1¼ 0; o0o1¼RRjlð Þ

¼ d0ð1Þ � P10 � e0ðRÞ:

Therefore, computing the value of d for state 0 at time 1
yields

d1ð0Þ¼ max Pðq0¼ 0; q1¼ 0; o0o1¼RRjlÞ;
�

Pðq0¼1; q1¼ 0; o0o1¼RRjlÞ
�

¼ max d0ð0Þ � P00 � e0ðRÞ; d0ð1Þ � P10 � e0ðRÞ
� �

¼ max
0�j�1

d0ðjÞ � Pj0

� �

� e0ðRÞ:

Equivalently, we can compute the same variable for

state 1 by

d1ð1Þ¼ max
0�j�1

d0ðjÞ � Pj1

� �

� e1ðRÞ:

These two formulas give

d1ð0Þ¼ max
0�j�1

d0ðjÞ � Pj0

� �

� e0ðRÞ

¼ max 0:35 � 0:8; 0:05 � 0:3f g � 0:7¼0:196

d1ð1Þ¼ max
0�j�1

d0ðjÞ � Pj1

� �

� e1ðRÞ

¼ max 0:35 � 0:2; 0:05 � 0:7f g � 0:1¼0:07:

8
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>
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>

>

>

>

>

>

<

>

>

>

>

>

>

>

>

>

>

:

The generalized induction formula for the computation
of dt(i) is given by

dtðiÞ¼ max
0�j�N�1

dt�1ðjÞPji

� �

� eiðotÞ:

The highest probability of a path generating the obser-
vations is given by max0�i�N�1½dTðiÞ� (termination step).
Note that this recursion formula is similar to the Forward
procedure, but the summation replaced by a maximiza-
tion. In order to get the single best state sequence, we keep
track of the states which maximized effectively the pre-
vious formula, by computing

ctðjÞ ¼ arg max
0�i�N�1

dt�1ðiÞPij

� �

;

and a backtracking step gives the sequence of states that
maximizes the observation.

3.2.1.2. Application to the Delocalized Weather Forecast-
ing Example. The students want to compute the most
probable state sequence that gave way to the observation
sequence RRMSR.

We track the steps of the Viterbi algorithm on time-
slice views of HMM and report the values of dt(i) (Fig. 10),
as we did for the Forward procedure.

The backtracking step gives the best single-state se-
quence for the weather in Chicago, which is {Rainy, Rainy,
Rainy, Rainy, Rainy} for the observation sequence
RRMSR. However we can note that if the last observation
would have been Sunny, the best state sequence would be
{Rainy, Rainy, Sunny, Sunny, Sunny}, which is intuitively
consistent with the observation sequence RRMSS.

time 0 time 1 time 2 time 3 time 4

R

R

R

R

M

M

S

S

R

R

0.0067

0.0124 

0.0333

0.08

0.135

0.58

0.28

1

1

0.0209

Figure 9. The backward procedure.

HIDDEN MARKOV MODELS 7



3.3. The Estimation Problem

3.3.1. Definition. Given a sequence of observations O
¼ {o0,o1,y,oT}, how do we adjust the model parameters l
¼ (P, E, p0) to maximize the probability of getting the
sequence, i.e., P(O|l)? This issue is the most difficult one
concerning HMMs. We will focus on the Baum–Welch
method (4), or equivalently the Expectation–Modification
(EM) procedure, which gives a maximum likelihood esti-
mate of an HMM. However, other methods also exist to
estimate the parameters of an HMM such as conditional
maximum likelihood (CML) (see, for instance, (13), or (15))
or maximum mutual information (MMI) (2).

Under the estimation frame, the observation sequence
O is called the training sequence and the whole problem is
one of learning: how can we optimally train an HMM to
account for observed data?

3.3.1.1. The Baum–Welch Method. The purpose of the
Baum–Welch method is to evaluate the three parameters
that define a hidden Markov models, that is, the initial
probability distribution, the transition matrix, and the
emission matrix, to obtain a model �l¼ð �P; �E; �pÞ which is at
least as probable as the model used to estimate the
parameters, i.e., PðOj�lÞ � PðOjlÞ. The algorithm intro-
duces several variables we need to compute to get the

time 0 time 1 time 3 time 4

R

R

0

1

0

1

0

1

0

1

Initialization

0.35

0.05

R

R

R

R

0

1

0

1

0

1

Step 1

0.35

0.05

0.196

0.007

R

R

R

R

M

M

0

1

0

1

Step 2

0.05

0.35 0.196

0.007

0.03136

0.01176

R

R

R

R

M

M

S

S

0

1

Step 3

0.05

0.35 0.196

0.007

0.03136

0.01176

0.00251

0.00494 

R

R

R

R

M

M

S

S

R

R

Step 4 and
Termination

0.05

0.35

0.007

0.03136

0.01176

0.00251

0.00494

0.00141

0.00035

0.196

0

1

0

1

0

1

0

1

0

1

Backtracking

0.05

0.35

0.007

0.03136

0.01176

0.00251

0.00494

0.00141

0.00035

0.196

time 2

Figure 10. Principle of the Viterbi algorithm.
At each time step t, dt is computed for each
state. The bold arrows indicate for which pre-
vious state the maximization occurs (for back-
tracking purpose).
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estimated parameters. We use the Forward and Backward
procedures extensively.

3.3.2. Probability of Being in State si at Time t and in State
sj at time tþ 1 Given the Observation Sequence and the
Model. The idea is to compute a new variable

xtði; jÞ¼Pðqt¼ si; qtþ 1¼ sjjO; lÞ;

which is the probability of being in state si at time t and in
state sj at time tþ 1 given the observation sequence and
the model.

Let’s recall the definitions of the forward and backward
messages:

atðiÞ¼Pðo0o1 . . . ot; qt¼ sijlÞ

btðiÞ¼Pðotþ 1otþ 2 . . . oT ; qt¼ sijlÞ:

(

We use Bayes’ rule and the previous definitions to
simplify the expression of xt(i, j).

The probability of arriving in si at time t while obser-
ving O from time 0 to time t is at(i). The probability of
leaving sj at time tþ 1 while observing O from tþ 2 to T is
btþ 1(j). The probability of transiting from si to sj and
emitting otþ 1 is Pijej(otþ 1) (Fig. 11). Hence,

xtði; jÞ¼
Pðqt¼ si; qtþ1¼ sj;OjlÞ

PðOjlÞ

¼
Pðo0o1:::ot; qt¼ sijlÞ � Pijejðotþ 1Þ � Pðotþ 2otþ 3:::oT ; qtþ 1¼ sjjlÞ

PðOjlÞ

¼
atðiÞPijejðotþ 1Þbtþ 1ðjÞ

PðOjlÞ

with

PðOjlÞ¼
X

N�1

i¼ 0

atðiÞbtðiÞ

¼
X

N�1

i¼ 0

X

N�1

j¼0

atðiÞPijejðotþ 1Þbtþ 1ðjÞ ðnormalization factorÞ:

For example, with the observation O¼ {RRMSR} and
the values we already computed for the forward and

backward variables, we get the following values for x0(i, j).

x0ð0; 0Þ¼
a0ð0Þ � P00 � e0ðRÞ � b1ð0Þ

PðOjlÞ
¼ 0:87157

x0ð0; 1Þ¼
a0ð0Þ � P01 � e1ðRÞ � b1ð1Þ

PðOjlÞ
¼ 0:04937

x0ð1; 0Þ¼
a0ð1Þ � P10 � e0ðRÞ � b1ð0Þ

PðOjlÞ
¼ 0:04669

x0ð1; 1Þ¼
a0ð1Þ � P11 � e1ðRÞ � b1ð1Þ

PðOjlÞ
¼ 0:02469

8

>

>

>

>

>

>

>

>

>

>

>

>

>

>

<

>

>

>

>

>

>

>

>

>

>

>

>

>

>

:

We repeat the same procedure for time step t going from
1 to T� 1¼ 3 for our example to get all the possible values
of xt(i, j).

3.3.3. Probability of Being in State si at Time t Given the
Observation Sequence and the Model. Given the variables
xt(i, j), we can compute the probability of being in state si
at time t, gt(i), by summing over j:

gtðiÞ¼
X

N�1

j¼ 0

xtði; jÞ¼
atðiÞbtðiÞ
PðOjlÞ

:

Note that we compute gT(i) using the forward and
backward messages as the variables xT(i, j) do not exist.
Considering the same example as before, we can group the
computed values on a graph (Fig. 12).

Notice that for any time step between 0 and T, the sum
of the gt(i) over all states is 1, which is consistent with the
definition of gt(i): at any time step, the system is in one of
the states.

3.3.4. Expected Number of Transitions Leaving si. We
obtain the expected number of transitions leaving si,
which we call t(i), by summing the previous variables
from t equals 0 to T� 1:

tðiÞ¼
X

T�1

t¼ 0

gtðiÞ:

s0

s1

sN-1

si

P0i

P1i

PN−1,i

time t -1 time t

s0

s1

sN-1

time t-2time t+1

Pj,N−1

Pj1

Pj 0

sjPijej (ot −1)

Figure 11. Principle of the computation of xt(i).

time 0 time 1 time 2 time 3 time 4

R

R

R

R

M

M

S

S

R

R

0.07138

0.92094 0.91826

0.07406

0.57362

0.41936

0.38255

0.60765

0.82979

0.17021

Figure 12. Probabilities of being in a certain state at the
different time steps.
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For our example, we obtain

tð0Þ¼
X

T�1

t¼0

gtð0Þ¼ 2:795

tð1Þ¼
X

T�1

t¼0

gtð1Þ¼ 1:172:

8

>

>

>

>

>

<

>

>

>

>

>

:

3.3.5. Expected Number of Transitions from si to sj. We
also obtain the expected number of transitions from si to sj,
which we call t(i, j), by summing xt(i, j) over T:

tði; jÞ¼
X

T�1

t¼ 0

xtði; jÞ:

Applying this formula to our example, we find

tð0; 0Þ¼
X

T�1

t¼ 0

xtð0; 0Þ ¼2:136

tð0; 1Þ¼
X

T�1

t¼ 0

xtð0; 1Þ ¼0:659

tð1; 0Þ¼
X

T�1

t¼ 0

xtð1; 0Þ ¼0:567

tð1; 1Þ¼
X

T�1

t¼ 0

xtð1; 1Þ ¼0:605:
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>

>

>

>

>

>

>

>

>

>

>

>

>

>

>

>

:

3.3.6. Re-estimated Parameters. Baum and his collea-
gues (1972) define the following set of re-estimated para-
meters:

�p0ðiÞ¼number of times in state si at time 0 ¼ g0ðiÞ

�Pij¼
expected number of transitions from si to sj

expected number of transitions from si

¼
tði; jÞ
tðiÞ
¼

P

T�1

t¼0

xtði; jÞ

P

T�1

t¼ 0

dtðiÞ

�Ejk¼
expected number of times in state sj and observing Zk at time t

expected number of times in state sj

¼

P

T

t¼ 0
s:t ot ¼ Zk

gtðjÞ

P

T

t¼ 0

gtðjÞ
:
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:

Note that

X

T

t¼0
s:t ot ¼ Zk

gtðjÞ¼
X

T

t¼ 0

gtðjÞwðot¼ ZkÞ with wðot¼ ZkÞ

¼

1 if ot¼ Zk

0 otherwise:

8

<

:

The expected number of times in state sj at time t
contributes to the emission of Zk (and to the corresponding
term in the re-estimated emission matrix) if the corre-
sponding symbol in the observation sequence O¼
{RRMSR} is effectively Zk.

For example,

�E01¼ e0ðRÞ¼
g0ð0Þþ g1ð0Þþ g4ð0Þ

P

4

t¼ 0

gtð0Þ
¼ 0:736:

Finally, we apply the previous formulas to our weather
forecasting example to obtain a new model �l¼ ð �P; �E; �pÞ
defined by

�p0¼ 0:92 0:07
� �

�P¼
0:76 0:24

0:48 0:52

0

@

1

A

�E¼
0:74 0:16 0:10

0:24 0:31 0:45

0

@

1

A:

8
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>
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>

>

>

>

>

:

We can compute the likelihood of the new observation
with the forward procedure. We present the values of the
forward message on Fig. 13.

The likelihood of the observation is then

PðOj�lÞ¼ 0:008þ 0:002

¼ 0:01 � 0:0047¼PðOjlÞ:

The new model increases the likelihood of the observa-
tion O¼ {RRMSR}.

Applying this procedure several times ensures we
improve the probability of the observation until we reach

time 0 time 1 time 2 time 3 time 4

R

R

R

R

M

M

S

S

R

R

0.017

0.681

0.041

0.05

0.036

0.006

0.014

0.008

0.002

0.389

Figure 13. Computing the likelihood with the re-estimated
model.
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some limiting point. The obtained model is called a max-
imum likelihood estimate of the HMM.

Note that the previous re-estimation formulas can be
derived from the optimization of Baum’s auxiliary func-
tion

Qðl; �lÞ¼
X

Q

PðQjO; lÞ log PðO;Qj�lÞ
� �

:

4. APPLICATIONS OF HMMS

4.1. Overview

Hidden Markov models have been applied to various
fields, the most common of which is undoubtedly speech
processing (for a tutorial on applications of HMMs to
speech recognition, see (21), and for HMMs using graphi-
cal models see, (5)). Many other applications have also
been developed in fields such as signal processing, image
processing, computer vision, text recognition, biosciences,
communications, control, econometrics, acoustics, and cli-
matology. In this section, we review some applications of
HMMs in computational biology [for more information,
see (14)] and end with an example of their application in
identifying certain regions within the genome.

4.2. Genetics and Molecular Biology

Hidden Markov models have found increasing popularity
in genetics and computational biology since the late 1980s.
For example, Borodovsky et al. (1986) (6) presented early
applications of HMMs in sequence alignment. In the mid-
1990s, Krogh et al. (1994) (18) described early work on
profile HMMs and used them to model globins, immuno-
globulins, and kinases. The use of profile HMMs has
increased dramatically for searching protein databases
due to the HMMER package of Eddy (1998) (10) available
at (http://hmmer.wustl.edu/). One example of a large
database of multiple alignments of proteins is Pfam (3).
These alignments represent some evolutionary conserved
structure. Profile hidden Markov models, built from the
Pfam alignments, can be very useful for recognizing that a
new protein belongs to an existing protein family and for
providing the first clues about its chemical function. Soft-
ware tools, such as GeneMark (20) and Glimmer (23) have
also been developed and are widely used in prokaryotic
genome annotation.

The ideas developed for prokaryote gene annotation
also applied to eukaryote gene prediction, with applica-
tions including Krogh et al. (1994) (19), Henderson et al.
(1997) (11), and Krogh (1997,1998) (16,17). Some software
tools based on HMMs were also developed for gene finding
in eukaryote genome such as GeneScan (7) and GenomeS-
can (27). Other applications of gene annotation and pre-
diction with the help of HMMs include characterization of
short protein coding regions and analysis of translation
initiation sites in cyanobacteria (12,26) along with the
practical example discussed later. Other applications of
HMMs in the biomedical field range from recognition of

branch points (24) to detection of cardiac anomalies (8).
For more applications of HMMs in computational biology,
see (1).

Now we present an application of HMMs from (9),
which shows their use in identifying regions within a
genome sequence. In the human genome, the nucleotide
C followed by a nucleotide G is often mutated into a T
through the process called methylation. However, this
process does not happen in the ‘‘CpG islands,’’ which are
short sections of the genome around ‘‘start’’ regions of the
genes. The probability of finding CG sequence in a CpG
island is therefore larger than in other parts of the
sequence.

We define an HMM to determine if a given sequence of
DNA is a CpG island. There are eight possible states in
our state space: four of them we denote {Aþ ,Cþ ,Tþ,Gþ }
represent nucleotides in a CpG island and four of them
represent nucleotides in a non-CpG island,
{A� ,C� ,T� ,G� }. The process moves from state to state
according to a transition matrix. The given DNA sequence
is the set of symbols {A,C,T,G} emitted by the model. More
than one state can emit the same symbol; hence the states
are ‘‘hidden.’’ We want to identify the sequence of states
that generated the observation sequence, that is, the DNA
sequence (Fig. 14).

The concern is now to find the most probable sequence
of states that gave way to the given observation, to see
whether it was produced by a CpG island or not. This can
be done with the Viterbi algorithm, as described earlier.

To conclude, we can represent the state diagram of the
underlying Markov chain (Fig. 15).

Transition probabilities should be assigned such as to
encode the biological observations. Without any additional
information, the states are all connected together.

We can also represent the HMM with the view more
adapted for decoding (Fig. 16).

C T G A T

T- G+ A- T+ G-C+

GA

A+

Figure 14. Hidden Markov model for detection of CpG island.

G+ C+

A+

G-

T-

C-

A-T+

Figure 15. State-transition diagram of an HMM for CpG island
detection.
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states are connected.
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HIGHER-ORDER SPECTRAL ANALYSIS

TARMO LIPPING

Tampere University of
Technology

Pori, Finland

1. INTRODUCTION

Spectral analysis is probably the most fruitful tool in
signal analysis throughout the history of the discipline.
The power spectrum of a signal is defined as the Fourier
transform of its autocorrelation function, i.e., its second-
order moment function. It gives us the distribution of
signal power among its frequency components. However,
an important drawback of spectral analysis is its insensi-
tiveness to phase relations between frequency compo-
nents. The spectrum of a signal fully describes the
underlying process if it is of Gaussian distribution. How-
ever, in the case of non-Gaussian processes and if the
phase information of a signal is of importance, higher
order spectra should be used. Higher order spectral ana-
lysis is a useful tool in solving the following problems (1):

* Suppress additive colored Gaussian noise of un-
known power spectrum.

* Identify non-minimum phase systems or reconstruct
non-minimum phase signals.

* Describe data of other distribution than Gaussian.
* Detect and characterize nonlinear properties of a
signal, and identify nonlinear systems.

In this article, higher order moments, cumulants, and
spectra are defined first. Algorithms for estimating these
parameters are given. After that, some important proper-
ties of higher order statistics are presented, and finally
several application areas of higher order spectral analysis
are discussed. The treatment here mostly concentrates on
third- and fourth-order spectra, called bispectrum and
trispectrum, respectively, as spectra of order 5 and higher
are rarely used in practice. For thorough treatment of
higher order spectral analysis, the reader can refer, e.g., to
Refs. 2–4.

2. DEFINITIONS OF HIGHER ORDER MOMENTS,
CUMULANTS, AND SPECTRA

There are two ways to calculate higher order spectra—
either using higher order moments or higher order cumu-
lants. The corresponding spectra are called moment spec-
tra and cumulant spectra, respectively. N-th order
moment/cumulant spectrum is defined as the (n� 1)-th
dimensional Fourier transform of the n-th moment/cumu-
lant function of the signal:

Mx
nðo1; . . . ;on�1Þ¼Fn�1 mx

nðt1; . . . ; tn�1Þ
� �

;

Cx
nðo1; . . . ;on�1Þ¼Fn�1 cxnðt1; . . . ; tn�1Þ

� �

:

If the signal is stochastic by nature, there are certain
advantages to using cumulant spectra, whereas in the
case of deterministic signals, moment spectra should be
preferred. The rest of this section deals with defining the
moments and cumulants.

If fXðkÞg; k¼0;�1;�2; . . . denotes a real stationary
discrete-time signal, then its n-th order moment function
can be defined by

mx
nðt1; . . . ; tn�1Þ¼EfXðkÞXðkþ t1Þ . . .Xðkþ tn�1Þg;

where Ef�g stands for mathematical expectation. Because
of the stationarity of the process X, the moments do not
depend on the time instant k but depend only on the time
lags. It can easily be seen that the first-order moment is
the mean value of the signal and the second-order moment
function is actually its autocorrelation function.

To give a general definition for cumulants, character-
istic functions must be used. The first characteristic
function jðoÞ of a random variable X is defined as the
Fourier transform of its probability density function
px(x) �jðoÞ is also called a moment generating function
as the coefficients of its expansion into Taylor series give
us the moments of X. The second characteristic function of
X is defined as

fðoÞ¼ lnðjðoÞÞ

and is called also a cumulant generating function as
cumulants are defined as the coefficients of the Taylor
series expansion of fðoÞ. As we will discuss, cumulants
possess certain useful properties that moments do not
have (5,6).

In practice, however, it is more useful to express
cumulants in terms of moments. An important result is
that for n¼ 3,4, the n-th order cumulant can be written as

cxnðt1; . . . ; tn�1Þ¼mx
nðt1; . . . ; tn�1Þ �mG

n ðt1; . . . ; tn�1Þ;

where mG
n ðt1; . . . ; tn�1Þ is the n-th order moment of a

Gaussian process having the same mean and autocorrela-
tion function as X. Consequently, if X is a Gaussian
process, its higher order cumulants are zero (the above
equation is valid only for n¼ 3, 4; however, this statement
is true for all orders higher than 2), and the higher order
cumulants measure the deviation of a process from Gaus-
sian.

General relations exist for expressing cumulants by
means of moments (and vice versa) (7). If the signal is
detrended, i.e., has zero mean, its first-, second-, and
third-order cumulants are equal to the corresponding
moments. In this case, the fourth-order cumulant can be
expressed as

cx4ðt1; t2; t3Þ¼mx
4ðt1; t2; t3Þ �mx

2ðt1Þ �m
x
2ðt3 � t2Þ

�mx
2ðt2Þ �m

x
2ðt3 � t1Þ �mx

2ðt3Þ �m
x
2ðt2 � t1Þ:

1
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The formulas for the case of nonzero baseline can be
found, e.g., in Refs. 2–4.

3. ALGORITHMS FOR THE ESTIMATION OF HIGHER
ORDER SPECTRA

As in the case of power spectrum, there are also different
ways to estimate higher order spectra. Conventional
estimation methods can be divided into direct and indirect
ones. In the following discussion, both methods are shortly
described using the example of bispectrum. An extension
to trispectrum estimation can be found, e.g., in Ref. 2.

The direct method of estimating bispectrum is similar
to the power spectrum estimation based on periodogram
and contains the following steps:

1. The signal segment is divided into K subsegments of
M samples each; the subsegments are detrended
(average value is subtracted), and the Fourier trans-
form is taken from each subsegment. The Fourier
transform of the i-th subsegment is denoted by
FðiÞðoÞ.

2. The bispectrum estimate of the subsegments is
calculated by

B̂ðiÞ3 ðo1;o2Þ¼
1

D2
FðiÞðo1ÞF

ðiÞðo2ÞF
ðiÞ�ðo1þo2Þ;

where D denotes the spacing between the samples in
bispectral domain and * denotes complex conjugate.
If a smoother estimate of the bispectrum is needed,
frequency domain averaging of the estimates of the
subsegment bispectra can be performed.

3. Finally, the bispectrum estimate is obtained by
averaging over the subsegment bispectra:

B̂3ðo1;o2Þ¼
1

K

X

K

i¼ 1

B̂ðiÞ3 ðo1;o2Þ:

The indirect method of bispectrum estimation is based on
the estimation of third-order moments and cumulants.
The following steps are needed:

A. To obtain a smoother bispectrum estimate, the
signal segment is divided into K subsegments of M
samples and the subsegments are detrended as in
the case of the direct method.

B. Third-order moment sequences of the subsegments
are estimated using the following formula:

m̂ðiÞ3 ðt1; t2Þ¼
1

M

X

M�1

k¼ 0

X ðiÞðkÞX ðiÞðkþ t1ÞXðiÞðkþ t2Þ;

i¼ 1; . . . ;K :

C. The estimate for the third-order moment sequence
of the whole signal segment is achieved by aver-
aging

m̂3ðt1; t2Þ¼
1

K

X

K

i¼ 1

m̂ðiÞ3 ðt1; t2Þ:

As the subsegments were detrended in step A, the
estimate of the third-order cumulant sequence is
equal to that of the third-order moment sequence
with this method.

D. For a smoother estimate, m̂3ðt1; t2Þ can be multi-
plied by a two-dimensional window function and the
bispectrum estimate can be calculated as the two-
dimensional Fourier transform of the resulting pro-
duct:

M̂3ðo1;o2Þ¼ Ĉ3ðo1;o2Þ

¼
X

t1

X

t2

m̂3ðt1; t2Þwðt1; t2Þ

� exp �j
2p

2N � 1
ðo1t1þo2t2Þ

� �

;

where wðt1; t2Þ is the window function.

The described methods for bispectrum estimation pro-
vide, in general, different results. Under certain condi-
tions, provided in Ref. 2 they become identical. Both
methods have been shown to give asymptotically unbiased
(the bias between the estimate and the true value of the
bispectrum approaches zero as the length of the data
segment increases) and consistent (the variance of the
estimate goes to zero with increasing segment length)
estimates.

Often bispectrum values of different signal segments
have to be compared. For this purpose, bispectrum can be
normalized to the range between zero and one. The
normalized bispectrum, also called bicoherence, can be
calculated by

BICðo1;o2Þ¼
B3ðo1;o2Þ

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

B2ðo1ÞB2ðo2ÞB2ðo1þo2Þ
p :

4. PROPERTIES OF HIGHER ORDER STATISTICS

The cumulant of order n, when treated as an operator
taken from a random variable X, has several useful
properties, as follows:
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Property 1: Let a1; . . . ;an be constants and X1; . . . ;Xn be
random variables. Then

Cumfa1X1; . . . ;anXng¼
Y

n

i¼ 1

ai

 !

CumfX1; . . . ;Xng:

Property 2: Cumulants are symmetric in their argu-
ments; i.e., cumulants of any permutation of its
arguments are equal.

Property 3: Cumulants are additive in their arguments:

CumfX1þX2;X3; . . . ;Xng¼CumfX1;X3; . . . ;Xng

þCumfX2;X3; . . . ;Xng:

Property 4: Cumulants are blind to additive constants;
i.e., if a is a constant, then

CumfaþX1;X2; . . . ;Xng¼CumfX1;X2; . . . ;Xng:

Property 5: Let Yi, i¼ 1; . . . ;n denote another set of
random variables independent of Xi. Then

CumfX1þY1; . . . ;XnþYng¼CumfX1; . . . ;Xng

þCumfY1; . . . ;Yng:

Property 6: If a subset of the n random variables Xi are
independent of the rest, then

CumfX1; . . . ;Xng¼ 0:

Because of the symmetry properties of cumulants, higher
order spectra have several regions of symmetry as well.
Bispectrum, for example, has six regions of symmetry:

C3ðo1;o2Þ ¼C3ðo2;o1Þ¼C3ð�o1 � o2;o2Þ

¼C3ðo1;�o1 � o2Þ

¼C3ð�o1 � o2;o1Þ

¼C3ðo2;�o1 � o2Þ:

This property means that knowing the bispectrum values
in the principal region o2 � 0; o1 � o2; o1þo2 � p is
enough for a complete description of the bispectrum. If
the signal is real, the amount of symmetry regions is
doubled because of the properties of the Fourier trans-
form. The fourth-order spectrum, trispectrum, has 96
regions of symmetry in the case of real signals (8).

5. APPLICATIONS OF HIGHER ORDER SPECTRAL
ANALYSIS

5.1. Removal of Gaussian-Type Noise

Let us assume a problem of parameter estimation from
some measured signal. It is well known that most physio-
logical signals are not truly Gaussian. However, the
measurement noise might well be modeled as a Gaussian
process. Based on property 5 of the cumulants, if the true
signal and noise are statistically independent, taking the
higher order spectrum of the measured signal will get rid
of the Gaussian noise giving us a high signal-to-noise ratio
domain for parameter estimation. In Ref. 2, several meth-
ods are presented for parameter estimation on cumulant
spectrum domains.

5.2. System Identification Using Higher Order Spectra

Let us consider the setup shown in Fig. 1. Here we assume
that V(k) is stationary white noise with finite variance,
H(z) is a causal and stable linear system, and N(k) is
Gaussian noise (white or colored) independent from V(k).
A common problem is to identify the system H(z), which
generates the measured signal Z(k) in response to white
noise. System identification here means finding the para-
meters b(i) and a(i) of the system function:

HðzÞ¼
BðzÞ

AðzÞ
¼

Pq
i¼ 0 bðiÞz

�i

Pp
i¼ 0 aðiÞz

�i
:

The given model is called the autoregressive—moving
average (ARMA) model. Special cases of the model are
(1) autoregressive (AR) model (when B(z) ¼ 1) and (2)
moving average (MA) model (when A(z)¼ 1).

Using second-order statistics, it is possible to identify
the system using the cross-correlation between the input
and the output. If only the output is available (which is the
case in most practical problems), the system can be
identified up to its magnitude response; i.e., the true
phase of the system remains unknown. From the theory
of linear systems, it is known that systems with reciprocal
(with respect to the unit circle) placement of zeros on z-
domain give the same magnitude but different phase.
Systems with all zeros inside the unit circle are called
minimum phase systems, those with all zeros outside the
unit circle are called maximum phase systems, and the
remaining systems are called non-minimum phase sys-
tems. Using the output signal and second-order statistics,

V(k) Y(k) Z(k)

N(k)

H(z) +
+

+

Figure 1. Single input–single output system model.
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only minimum phase or maximum phase systems can be
identified.

It has been proven in Ref. 9 that using higher order
statistics, it is possible to identify the phase of the system
as well as the magnitude knowing only the system output,
given that V(k) is non-Gaussian. For example, using third-
order cumulants, the formula giving the impulse response
of the system to be identified is fairly simple:

hðkÞ¼
cz3ðq; kÞ

cz3ðq; 0Þ
k¼ 0; . . . ; q:

Generalization to cumulants of arbitrary order can be
found in Ref. 10. System identification using higher order
statistics is thoroughly treated in Ref. 3.

5.3. Detection of Nonlinearities

When a signal containing components at frequencies, say,
o1 and o2 is passed through a nonlinear system, new
frequency components may appear at the output. For
example, if the system is of a quadratic nature, the new
components appear at the sum and/or difference frequen-
cies of o1 and o2. In this case, it is said that there is phase
coupling between the two components. Applying spectral
analysis to the output signal does not enable us to
determine if the new components exist because of their
presence in the input signal or because of nonlinearities of
the system the signal has passed. In bispectrum, however,
a component at ðo1;o2Þ is observed only if it is phase
coupled, i.e., if it is because of quadratic nonlinearities in
some system the signal has gone through.

In Ref. 11, it has been shown that using trispectrum
one can detect cubic nonlinearities. Also, if the system
contains both quadratic and cubic nonlinearities, the
bispectrum of the output is blind to cubic phase coupling
and the trispectrum is blind to quadratic phase coupling.
These results show that higher order spectral analysis is a
valuable tool in detecting and classifying nonlinearities.

5.4. Bispectral Index for Assessment of Depth of Anesthesia:
An Application Example

This article is concluded with an example of bispectral
analysis of the electroencephalography (EEG) signal ap-
plied to anesthesia monitoring. Anesthesia is a compli-
cated phenomenon consisting physiologically of various
components: consciousness, analgesia, autonomic re-
sponses, and muscle relaxation. Much research has been
performed to find appropriate parameters to indicate the
depth of anesthesia in an adequate manner. In 1997, the
Bispectral Index (BIS) was developed by Aspect Medical
Systems for this purpose. BIS combines three parameters,
one of which, called the SynchFastSlow ratio, is calculated
on the bispectral domain (12):

SynchFastSlow¼ log
B0:5;...;47:0Hz

B40:0;...;47:0Hz
:

Here Ba;...;bHz denotes the sum of the magnitude of bispec-
tral values in the rectangle determined by frequencies a
and b. Since its introduction, BIS has received much
support as well as criticism. It is obvious that a complex
phenomenon like anesthesia cannot be fully described by
one index only. However, most users have found the
incorporation of BIS into anesthesia monitoring system
useful.

The SynchFastSlow parameter measures the ratio of
the amount of phase coupling in different frequency
regions. As the generation of the EEG signal is complex,
the physiological meaning of this parameter as well as its
relationship with depth of anesthesia are not known. It
has been suggested that strong phase relationships relate
inversely to the number of independent EEG generators.
For more information on BIS as well as on bispectral
analysis of the EEG signal, the reader can refer, e.g., to
Refs. 13 and 14.
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1. INTRODUCTION

In a biomedical signal processing framework, questions
like ‘‘Is the process under study Gaussian or nonGauss-
ian? Possessed of flat ‘white’ spectra or nonuniform ‘col-
ored’ one? Linear or nonlinear? Of minimum phase or
otherwise?’’ often emerge. In the past, because of the lack
of appropriate analytical tools, researches were forced to
apply second-order (correlation-based) methods to just
about every biomedical signal processing problem, ignor-
ing those important distinguishing features. However,
many real-world signals, such as almost all the biomedi-
cal ones, are actually nonGaussian. As a result, distin-
guishing features, such as nonGaussianity, nonminimum
phase, colored noise, and nonlinearity, are important and
must be accounted for in a signal processing context. To
this end, in the recent decades, a class of tools has been
developed to the point of practical application, known as
higher-order statistics (spectra) (HOS), which have pro-
ven of potential value when dealing with nonGaussian
random processes (1).

Higher-order statistics can be represented in terms of
cumulants, which are related to and may be expressed in
terms of the higher-order moments of a random process. In
general, the kth-order cumulant of a random process is
defined in terms of the process’s joint moments of orders
up to k (1). Just as the power spectrum (PS) (the Fourier
transform of the autocorrelation) is a useful tool in the
signal analysis, so too are the higher-order spectra, also
known as polyspectra, which are the associated Fourier
transforms of the cumulants. In PS estimation, the pro-
cess under consideration is treated as a superposition of
statistically uncorrelated harmonic components, and the
distribution of power among them is the estimation out-
come. As such, only linear mechanisms governing the pro-
cess are investigated because of the suppression of the
phase relations among the frequency components (2). As a
result, the information contained in the PS suffices for the
complete statistical description of a Gaussian process of
known mean. Looking beyond the PS to obtain informa-
tion regarding deviations from Gaussianness and pres-
ence of nonlinearities, the polyspectra should be
employed. The most often used ones are the third- and
fourth-order spectra, also called bispectrum and trispec-
trum, respectively. From this perspective, the PS should
be considered, in fact, as a member of the class of higher-
order spectra (i.e., as a second-order spectrum).

Cumulants not only reveal amplitude information
about a process, but also reveal phase information, which
is of great importance, because, as is well known, second-
order statistics (i.e., correlation), are phase blind. A key
characteristic that differentiates high-order cumulants
from correlation is that cumulants of order higher than
the second are blind to all kinds of Gaussian processes,
whereas correlation is not. From a practical point of view,
this characteristic means that when cumulant-based
methods are applied to nonGaussian (or, possibly, nonlin-
ear) processes contaminated by additive Gaussian noise
(even colored Gaussian one), they provide an analysis field
of automatically improved signal-to-noise ratio (SNR).

Practically speaking, many biomedical signals are non-
Gaussian, yet corrupted by measurement noise, which can
often be realistically described as colored Gaussian pro-
cess; hence, in these practical applications, the value of
the HOS is apparent. Another very attractive property of
cumulants refers to the ability to work with them as op-
erators. On a practical level, the cumulants of the sum of
two statistically independent random processes equals the
sum of the cumulants of the individual processes. Higher-
order moments, by contrast, do not have that property;
hence, they are much less convenient (1).

The goal of this study is to place HOS in the biomedical
signal processing framework and present a variety of
HOS-based research efforts in the field, proving HOS po-
tentiality to reveal the true character of the biomedical
signal under consideration; hence, to divulge further its
diagnostic value. Nevertheless, the reader should pay at-
tention to the fact that HOS do not resemble, in general,
the properties of the autocorrelation function, and con-
sider Huber et al. warning (2): ‘‘the newcomer to the field
(meaning estimation of HOS) still has to learn the hard
way from his own mistakes.’’

2. HISTORICAL ORIGIN OF HOS

The use of HOS is not new; the work of Pearson in 1894,
who introduced a formal approach to statistical estimation
through his method of moments (MM) estimation (3), is
the most obvious example. Fisher, in 1912, while he was a
third-year undergraduate at the Gonville and Caius Col-
lege, Cambridge, suggested the maximum likelihood esti-
mation (MLE) procedure as an alternative to Pearson’s
MM approach. Fisher, in 1922, provided the analytical
foundation of MLE and studied its efficiency relative to the
MM estimator (4).

Fisher established the asymptotic equivalence of min-
imum chi-squared and maximum likelihood estimators
and wrote in favor of using minimum chi-squared method
rather than Pearson’s MM approach (5,6). As a result,
Pearson’s approach fell out of favor with the development
of MLE by Fischer because the maximum likelihood ap-
proach provided the optimal estimate, although, in prac-
tice, estimating the log-likelihood functions is often
nontrivial. Around the early 1960s, a group of statisti-
cians at the University of California began to explore the
use of these techniques again. A useful bibliography on
HOS from 1953 to 1980 can be found in Tryon (7).
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However, the signal processing community largely ig-
nored these techniques, and it was not until 1980 when
Mendel and his colleagues at the University of Southern
California began to develop system identification tech-
niques based on HOS methods and apply them to seismic
deconvolution problems (8,9).

At that point in time, it was, however, impractical to
implement any of these techniques in real-time. In addi-
tion, question marks existed over the robustness of the
numerous methods in real-world environments, particu-
larly with short data records. However, the development of
cumulants and polyspectra has paralleled the develop-
ment of traditional correlation and its associated PS. The
early works applied HOS to different types of datasets to
infer new properties about the data. With the boom in in-
terest in spectral analysis, it was quite natural for this
interest to spill over into polyspectral analysis. Neverthe-
less, the HOS-based methods require longer data lengths
than correlation-based methods do, to reduce the variance
associated with estimating the HOS from real data using
sample-averaging techniques (1). This requirement im-
posed the need for high computational efficiency. It was
only recently (mid-to-late 1990s) that the advances in dig-
ital signal processing technology coupled with research on
the robustness question and, hence, many HOS-based
methods are now potentially feasible and practical within
a real-time context.

3. MATHEMATICAL BACKGROUND

3.1. Definitions of HOS

3.1.1. Higher-Order Statistics. Given a set of n real ran-
dom variables fx1; x2; . . . ; xng, their joint cumulants of or-
der r¼k1þ k2þ?þ kn are defined as the coefficients in
the Taylor expansion (provided it exists) of the second
characteristic function
~Cðo1;o2; . . . ;onÞ¼ ln½Efexpðjðo1x1þo2x2þ � � � þonxnÞÞg�,
Ef�g denotes the expectation value), about zero (10,11), for
example:

Cum½xk1

1 ; xk21

2 ; . . . ; xknn �

� ð�jÞr
@r ~Cðo1;o2; . . . ;onÞ

@ok1

1 @ok2

2 � � � @o
kn
n

�

�

�

�

�

o1 ¼o2 ¼ ���¼on ¼ 0

:
ð1Þ

If fXðkÞg; k¼ 0;�1;�2; . . . is a real stationary random
process and its moments up to order n exist, then its nth-
order cumulants are given by the following equation:

cxnðt1; . . . ; tn�1Þ � Cum½XðkÞ;Xðkþ t1Þ; . . . ;Xðkþ tn�1Þ�: ð2Þ

In the case where {X(k)} is Gaussian, its third- and
fourth-order cumulants, cx3ðt1; t2Þ; cx4ðt1; t2; t3Þ, are identi-
cally zero. This result can be easily deduced from Equation
2 for a real zero-mean stationary random process
fXðkÞg; k¼ 0;�1;�2; . . ., resulting in

cxnðt1; . . . ; tn�1Þ¼EfXðkÞXðkþ t1Þ � � �Xðkþ tn�1Þg

� EfGðkÞGðkþ t1Þ � � �Gðkþ tn�1Þg;
ð3Þ

where fGðkÞg is a Gaussian random process with the same
second-order statistics as fXðkÞg. What Equation 3 clearly
states is that cumulants not only display the amount of
higher-order correlation, but also provide a measure of a
distance of the random process from Gaussianity. Clearly,
if fXðkÞg is Gaussian, the cumulants are all zero, which is
not only true for n¼ 3 and 4, but for all n.

For n stationary processes fXiðkÞg; i¼1; 2; . . . ;n, the
nth-order cross-cumulant sequence is defined as:

cx1 ���xn
n ðt1; . . . ; tn�1Þ

� Cum½X1ðkÞ;X2ðkþ t1Þ; . . . ;Xnðkþ tn�1Þ�:
ð4Þ

The relationship between 4th-order moments and cum-
ulants for zero-mean random variables (12) fx1; x2; x3; x4g,
is given by

Cum½x1; x2; x3; x4� ¼Efx1x2x3x4g � Efx1x2gEfx3x4g

� Efx1x3gEfx2x4g � Efx1x4gEfx2x3g:

ð5Þ

For a real zero-mean stationary random process
fXðkÞg; k¼0;�1;�2; . . ., by setting t1¼ t2¼ t3¼ 0 in Equa-
tion 2, we obtain (13)

gx2¼ cx2ð0Þ¼EfX2ðkÞg ðvarianceÞ

gx3¼ cx3ð0; 0Þ¼EfX3ðkÞg ðskewnessÞ

gx4¼ cx4ð0; 0; 0Þ¼EfX4ðkÞg � 3ðgx2Þ
2
ðkurtosisÞ:

ð6Þ

Skewness shows the degree of asymmetry of a distribu-
tion. Kurtosis is a measure of whether the data are peaked
or flat relative to a normal distribution. That is, datasets
with high kurtosis tend to have a distinct peak near the
mean, decline rather rapidly, and have heavy tails. Data-
sets with low kurtosis tend to have a flat top near the
mean rather than a sharp peak; a uniform distribution
would be the extreme case.

3.1.2. Higher-Order Spectra. Assuming that
cxnðt1; . . . ; tn�1Þ is absolutely summable, the nth-order poly-
spectrum is defined as the (n� 1)-dimensional Fourier
transform of the nth-order cumulant (1), for example:

Cx
nðo1; . . . ;on�1Þ¼

X

1

t1 ¼�1

� � �
X

1

tn�1 ¼�1

cxnðt1; . . . ; tn�1Þ

� exp �j
X

n�1

i¼ 1

oiti

" #

;

joij�p; i¼ 1; 2; . . . ;n� 1; jo1þo2þ � � � þon�1j�p: ð7Þ
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In general, Cx
nðo1; . . . ;on�1Þ is complex for n42, and thus

it can be expressed as

Cx
nðo1; . . . ;on�1Þ¼ jC

x
nðo1; . . . ;on�1Þj exp½jcx

nðo1; . . . ;on�1Þ�:

ð8Þ

The nth-order polyspectrum is a 2p-periodic function
with respect to all of its arguments. The PS, bispectrum,
and trispectrum are special cases of Equation 7, for ex-
ample:

Power spectrum (n¼ 2):

Cx
2ðoÞ¼

X

1

t1 ¼�1

cx2ðtÞ � exp½�jðotÞ�; joj�p ð9Þ

Bispectrum (n¼ 3):

Cx
3ðo1;o2Þ¼

X

1

t1 ¼�1

X

1

t2 ¼�1

cx3ðt1; t2Þ � exp½�jðo1t1þo2t2Þ�;

jo1j � p; jo2j � p; jo1þo2j � p

ð10Þ

Trispectrum (n¼ 4):

Cx
4ðo1;o2;o3Þ¼

X

1

t1 ¼�1

X

1

t2 ¼�1

X

1

t3 ¼�1

cx4ðt1; t2; t3Þ

� exp �jðo1t1þo2t2þo3t3Þ½ �;

jo1j�p; jo2j � p; jo3j � p; jo1þo2þo3j � p:

ð11Þ

The normalized bispectrum or bicoherency (Bic) is de-
fined as (12):

Bicðo1;o2Þ¼
Cx

3ðo1;o2Þ

½Cx
2ðo1ÞC

x
2ðo2ÞC

x
2ðo1þo2Þ�

1=2
; ð12Þ

where Cx
2ðoÞ is the PS defined in Equation 9. From Equa-

tion 12, it is apparent that the bicoherency is a function
that combines two completely different entities, namely
the bispectrum, Cx

3ðo1;o2Þ, and the power spectrum,
Cx

2ðoÞ, of the process. The magnitude of the bicoherency

BIðo1;o2Þ¼ jBicðo1;o2Þj ð13Þ

is called the bicoherence index (BI) and its estimation is
not bounded above by 1.0 (14). Under the Gaussian as-
sumption, the value of the bicoherency is zero. The
BIðo1;o2Þ quantifies the presence of quadratic phase-cou-
pling (QPC) between any two frequency components in the
process because of their nonlinear interactions. Two fre-

quency components are said to be quadratically phase-
coupled (with the BIðo1;o2Þ close to or greater than 1.0)
when there exists a third frequency component whose fre-
quency and phase are the sum of the frequencies and
phases of the first two components (12). The cross-bico-
herency refers to two N-sample processes {X(k)}, {Y(k)},
and is defined through the cross-bispectrum, Cxxy

3 ðo1;o2Þ,
as

CBicðo1;o2Þ¼
Cxxy

3 ðo1;o2Þ

½Cx
2ðo1ÞC

x
2ðo2ÞC

y
2ðo1þo2Þ�

1=2
: ð14Þ

The magnitude of the cross-bicoherency

CBIðo1;o2Þ¼ jCBicðo1;o2Þj ð15Þ

is referred as cross-bicoherence index (CBI), and quantifies
the presence of QPC between any two frequency compo-
nents in the two processes because of their nonlinear in-
teractions.

The estimation of the BIðo1;o2Þ initially employs the
estimation of the bispectrum and the power spectrum of
the process. The significance level (SL) of the bicoherence
index is estimated assuming that the mean bicoherence
power,

S¼
X

jBicðo1;o2Þj
2 ð16Þ

[where the summation is performed over the nonredun-
dant region of the bispectrum (12)], is chi-square distrib-
uted with pdf degrees of freedom and a noncentrality
parameter (NCP) l (15). The NCP is a measure of skew-
ness (i.e., the zero-lag third-order statistics (12) see Equa-
tion 6) of the distribution of S from a central chi-square
distribution. The SL is the probability of false alarm (i.e.,
the probability that the data may actually have zero skew-
ness when accepting the hypothesis that the data have
nonzero skewness). If SL is large, then the hypothesis of
zero skewness cannot be easily rejected (i.e., the estima-
tions of bicoherence indexes would have low validity).

Under the assumption of linearity, the bispectrum
Cx

3ðo1;o2Þ is constant for all o1 and o2. Let

Lðo1;o2Þ �
1
ffiffiffiffiffiffiffiffiffiffiffiffiffi

N1�2k
p Cx

3ðo1;o2Þ; ð17Þ

where k is a resolution parameter that lies between 0.5
and 1.0 (common value k¼ 0.51). The Lðo1;o2Þ are chi-
square distributed with noncentrality parameter l (15). In
order to accept the nonlinear hypothesis of the process, the
sample inter-quartile range (SI-QR), R, of the Lðo1;o2Þ’s is
estimated and compared with the theoretical inter-quartile
range (TI-QR), R0, of a chi-squared distribution with two
degrees of freedom and a noncentrality parameter l. For a
nonlinear process, the distance between the estimated SI-
QR and TI-QR values is expected to be high enough (15).
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3.2. Properties-Symmetries of HOS

3.2.1. Higher-Order Statistics. Some cases exist where
the fourth-order statistics are preferable than the third-
order ones. In particular, if a random process is symmet-
rically distributed (e.g., following Laplace or Uniform dis-
tributions), then its third-order cumulants equals zero;
hence, in that case, fourth-order cumulants must be used.
The same holds for some processes that have extremely
small third-order cumulants and much larger fourth-order
ones. Finally, in some specific applications, such as re-
trieval of harmonics and cubic phase-coupling instead of
QPC, third-order cumulants equal zero whereas fourth-
order ones are nonzero.

In general, it is preferable to work with cumulants in-
stead of moments because (12,13,16): (1) the cumulants of
(higher-order) white noise are multidimensional impulse
functions and the polyspectra of this noise is multidimen-
sionally flat (just as the autocorrelation function of white
noise is an impulse function and its spectrum is flat); (2)
the cumulant of the sum of two statistically independent
stationary random processes equals the sum of the cum-
ulants of the individual random processes, whereas the
same does not hold for higher-order moments; as a result,
the cumulant can be easily used as an operator; and (3) the
nth-order cumulants of a statistically independent sta-
tionary random process, which can be divided into any two
or more groups that are statistically independent, equals
zero, whereas higher-order moments are nonzero.

Following, the properties of cumulants are summarized
[see Nikias and Raghuveer (16) for proofs]:

1. If b1;b2; . . . ; bm are constants and fx1; x2; . . . ; xmg are
random variables, then

Cum½b1x1; b2x2; . . . ; bmxm� ¼
Y

m

i¼ 1

bi

 !

Cum½x1; x2; . . . ; xm�:

ð18aÞ

2. Cumulants (and moments) are symmetric functions
in their arguments.

3. Cumulants are additive in their arguments; hence,
cumulants of sums equals sums of cumulants, for
example:

Cum½x1þ x2; x3; x4; . . . ; xm� ¼Cum½x1; x3; x4; . . . ; xm�

þCum½x2; x3; x4; . . . ; xm�:

ð18bÞ

4. If a is a constant, then

Cum½aþ x1; x2; . . . ; xm� ¼Cum½x1; x2; . . . ; xm�: ð18cÞ

5. If the random variables fx1; x2; . . . ; xmg are indepen-
dent of the random variables fy1; y2; . . . ; ymg, then

Cum½x1þ y1; . . . ; xmþ ym�

¼Cum½x1; . . . ; xm� þCum½y1; . . . ; ym�:
ð18dÞ

6. If a subset of the m random variables fx1; x2; . . . ; xmg
is independent of the rest, then

Cum½x1; . . . ; xm� ¼ 0: ð18eÞ

Suppose the signal of interest X(k) (a nonGaussian,
zero-mean stationary random process) is contaminated
with additive noise, U(k), yet independent of X(k). In
that case, the N-sample acquired signal, Y(k), is given as
ZðkÞ¼XðkÞþUðkÞ; ðk¼1; 2; . . . ;NÞ. According to property
5, we have

cznðt1; . . . ; tn�1Þ¼ cxnðt1; . . . ; tn�1Þþ cvnðt1; . . . tn�1Þ: ð19aÞ

If U(k) is Gaussian (colored or white) and n42, then

cznðt1; . . . ; tn�1Þ¼ cxnðt1; . . . ; tn�1Þ; ð19bÞ

whereas when n¼2,

cz2ðtÞ¼ cx2ðtÞþ cv2ðtÞ: ð19cÞ

As it can easily be deduced from Equations 19b and 19c,
the higher-order statistics are more robust to additive
measurement noise than correlation, even in the case of
colored noise. This important property shows that cumul-
ants can draw nonGaussian signals out of Gaussian noise,
thereby boosting their SNRs.

Many symmetries exist in the arguments of
cxnðt1; . . . ; tn�1Þ, making its calculation less time-consum-
ing. In particular, the symmetry conditions of third-order
cumulants are as follows (16,17):

cx3ðt1; t2Þ¼ cx3ðt2; t1Þ¼ cx3ð�t2; t1 � t2Þ

¼ cx3ð�t1; t2 � t1Þ ¼ cx3ðt2 � t1;�t1Þ

¼ cx3ðt1 � t2;�t2Þ:

ð20Þ

Using Equation 20, the (t1; t2)–plane of third-order cum-
ulants of real stationary random signals can be divided
into six regions (I–VI), as it is shown in Fig. 1(a). These
regions include their boundaries so that, for example, re-
gion I is an infinite wedge bounded by the lines t1¼ 0 and
t1¼ t2, where t1;t2�0. Knowing the cumulants in any one
of these regions, the calculation of the cumulants in the
other five ones is feasible. The principal region is the first-
quadrant 45 degree sector (i.e., 0rt2rt1). It should be
noted that the symmetry relationships defined in Equa-
tion 20 do not hold in the nonstationary case.
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3.2.2. Higher-Order Spectra. Considering the proper-
ties and the advantages of higher-order cumulants over
moments, it is easy to realize why higher-order spectra are
defined as the Fourier transform of the cumulant rather of
the moment sequence of {X(k)}. In particular, if {X(k)} is a
stationary Gaussian random process, no additional infor-
mation pertaining to the process is provided by all its nth-
order moments for n42. The cumulant spectrum shows
this fact explicitly, because, according to Equation 3, the
higher-order (n42) cumulants are zero for Gaussian pro-
cesses. Furthermore, according to property 6 (see Equa-
tion 18e), cumulant spectra provide a suitable measure of
statistical dependence. Finally, as Brillinger points out
(18), ergodicity requirements are met more easily with
cumulants than moments.

Examining the physical significance of the PS and the
bispectrum via the Cramér spectral representation
(19,20), it can be noted that the PS represents the contri-
bution to the mean product of two Fourier components
whose frequencies are the same, whereas the bispectrum
represents the contribution to the mean product of three
Fourier components where one frequency equals the sum
of the other two.

From the definition of bispectrum in Equation 10 and
the symmetry properties of cumulants (see Equation 20),
it is apparent that the bispectrum obeys the following
symmetry conditions:

Cx
3ðo1;o2Þ¼Cx

3ðo2;o1Þ¼Cx�

3 ð�o2;�o1Þ

¼Cx�

3 ð�o1;�o2Þ ¼Cx
3ð�o1 � o2;o2Þ

¼Cx
3ðo1;�o1 � o2Þ¼Cx

3ð�o1 � o2;o1Þ

¼Cx
3ðo2;�o1 � o2Þ;

ð21Þ

where � denotes the complex conjugate. These symmetries
divide the bifrequency ðo1;o2Þ–plane into twelve regions
(I–XII), depicted in Fig. 1(b), and facilitate the fast com-
putation of the bispectrum, because knowledge of the
bispectrum in the triangular region
o2�0;o1�o2;o1þo2�p [see bold triangle in Fig. 1(b)] is
enough for a complete description of the bispectrum of real
random signals.

Regarding the trispectrum, many symmetries can be
derived, similar to those given in Equation 21, for the

bispectrum. In particular, Molle and Hinich (21) point out
that 192 symmetry regions exist in the trifrequency
ðo1;o2;o3Þ–plane.

One noticeable characteristic of the cumulant spectra is
that they suppress linear phase shifts (12). On the con-
trary, cross-cumulant spectra (derived from cross-cumul-
ants) do preserve linear phase shifts. Specifically, the
cross-cumulant spectrum between {X(k)} and {X(k�D)},
where D is a constant integer, equals the cumulant spec-
trum of {X(k)} times a linear phase shift component with
slope determined by D (12).

For a detailed description of the properties of polyspec-
tra, the reader should refer to Nikias and Raghuveer (16).

3.3. Estimators of Higher-Order Spectra

Despite the afore-mentioned theoretical description of
HOS, the basic problem met in practice is one of estimat-
ing higher-order spectra of a signal when a finite-length
data record is available. Basically, two main approaches
exist that can be used to estimate higher-order spectra
(12): (1) the conventional nonparametric method (Fourier
type) and (2) the parametric approach, which, in fact, is
based on autoregressive (AR), moving average (MA), and
ARMA or Volterra models (22); extended for the case of
HOS estimation.

The conventional nonparametric methods are basically
classified into two classes (12) (i.e., indirect and direct
methods). In both methods, assuming random processes,
the data are initially segmented into K records and the
average value of each record is subtracted. In the indirect
method, the higher-order moments estimates from the da-
taset per segment are calculated and then they are aver-
aged over all segments. Then, the higher-order cumulant
sequence is generated to be used for the estimation of the
higher-order spectrum. The latter is derived from the es-
timated cumulant sequence using Equation 7. For
smoother estimates, a multidimensional window function
is also employed that satisfies the symmetry properties of
HOS (see, for example, Equation 20). In addition, this
window function is zero outside the principal region of the
estimated cumulants and has a nonnegative Fourier
transform. Window functions that satisfy these constrains
can be constructed from one-dimensional windows, such
as those proposed by Parsen, Daniell, Priestley, and
Sasaki (23,24). In the case of the direct methods, the
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�2 = −1/2�1

�1

�2

�1 = �2 �1 = �2

�1+�2 = �

�1 = −1/2�2

Figure 1. (a) Symmetry regions of third-order
cumulants. (b) Symmetry regions of the bispec-
trum.
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zero mean segments are zero padded in order to possess a
convenient length for the use of the fast Fourier transform
(FFT). The FFT of the dataset per segment, Fx;iðlÞ (i de-
notes the segment index), is then calculated and a fre-
quency-domain averaging is applied for better estimates
of the polyspectrum per segment. For the special case
where no averaging is performed in the frequency domain,
the nth-order spectrum per segment is given by

Ĉx;i
n ðl1; . . . ; ln�1Þ

¼
1

Dn�1
n

Fx;iðl1Þ � � �F
x;iðln�1Þ½F

x;iðl1þ � � � þ ln�1Þ�
�;

i¼ 1; 2; . . . ;K ;

ð22Þ

where Dn denotes the required spacing between frequency
samples in the higher-order spectrum domain along hor-
izontal or vertical directions. As a final step, the nth-order
spectrum of the given data is obtained by averaging the
Ĉx;i

n ðl1; . . . ; ln�1Þ estimates over the K segments.
In general, the indirect and direct methods for poly-

spectrum estimation result in different estimates. Never-
theless, it has been shown that both conventional
estimates are asymptotically unbiased and consistent
and have distributions that tend to a complex Gaussian
distribution (25). Conventional estimators are, in general,
of high variance, and therefore a large number of data re-
cords is required to obtain smooth higher-order spectral
estimates with reduced variance. This requirement, how-
ever, is demanding on computer time and may result in
degradations because of potential nonstationarites in the
data. On the other hand, frequency-domain averaging
(employed in direct methods) over small rectangles, in ad-
dition to increasing computations, may increase the bias
and decrease the resolution in identifying bispectral peaks
(13). A better solution for the case of ‘‘short’’ data records
would be the use of overlapping data records.

The parametric approach for the estimation of poly-
spectra includes MA, noncausal AR, and ARMA models.
These methods can also be used for nonminimum phase
system identification problems from the output measure-
ments only when the system (MA, AR, or ARMA) is driven
by a nonGaussian white noise process. In particular, for
the case of the AR model, an autoregressive third-order
statistics (AR-TOS) model can be set up, described by the
following equation:

X

p

i¼ 0

aiyn�i¼wn; a0¼1; ð23Þ

where yn represents a pth-order AR process of N-samples
(n¼ 0,1,y,N� 1), ai are the coefficients of the AR-TOS
model, and wn is an independent and identically distrib-
uted (i.i.d.), nonGaussian, third-order stationary, zero-
mean process, with Efw3

ng¼ gw3 O0 and yn independent of
wl for nol. As wn is third-order stationary, yn is also third-
order stationary, assuming it is a stable AR model. The
cumulant-based ‘‘normal’’ equations (26) for the model of

Equation 23 are given by

X

p

i¼ 0

aic
y
3ðt1 � i; t2Þ¼ 0; t1¼ 1; . . . ;p & t2¼ � p; . . . ; 0; ð24Þ

where cy3ðt1; t2Þ is the third-order cumulant sequence of
the AR process. In practice, we use sample estimates of the
cumulants. Equation 24 yields consistent estimates of the
AR parameters âi, maintaining the orthogonality of the
prediction error sequence to an instrumental process de-
rived from the data (27). The calculation of the order p of
the AR-TOS model is reduced to a rank determination
problem, and it is calculated according to Giannakis’ and
Mendel’s method (28). Estimations of the transfer function
H(x) of the system and the normalized parametric third-
order spectrum or parametric bispectrum C3

y(x1,x2) can be
derived using the following equations, respectively (12):

ĤðoÞ¼
1

1þ
Pp

i¼ 1 âie�joi
; joj � p; ð25Þ

1

ĝw3
Ĉy

3ðo1;o2Þ¼ Ĥðo1ÞĤðo2ÞĤ
�ðo1þo2Þ;

jo1j � p; jo2j � p; jo1þo2j � p:

ð26Þ

The profound motivation behind the use of third-order
statistics in the estimation of ai is the suppression of
Gaussian noise, because third-order statistics of Gaussian
signals are identically zero. Hence, as it is already men-
tioned, when the analyzed waveform consists of a non-
Gaussian signal in additive symmetric noise (e.g.,
Gaussian), the parameter estimation of the original sig-
nal using third-order statistics takes place in a high SNR
domain, and the whole parametric presentation of the
process is more accurate and reliable (12,26). It should be
noted that if wn is nonGaussian and H(o) is nonminimum
phase, autocorrelation-based methods can only correctly
identify the magnitude of H(o). On the contrary, higher-
order spectra methods can estimate both the phase and
the magnitude of H(o), without any knowledge of the ac-
tual distribution of wn (12).

MA-based estimation methods have been examined
(29–34), whereas noncausal AR-based estimation models
have been treated by Huzii (35) and Tugnait (36,37).
Methods based on ARMA models have been analyzed
(31,38–42). For a thorough description of parametric esti-
mation of higher-order spectra, the reader is encouraged
to refer to Mendel (1), whereas for interesting links on
HOS, to Rinas (43).

Before embarking on presenting biomedical applica-
tions of HOS, we remind the three motivations behind
their use in signal processing (13):

1. To suppress Gaussian noise of unknown spectral
characteristics in detection, parameter estimation,
and signal reconstruction problems (the bispectrum
can also suppress nonGaussian noise having a sym-
metric probability density function), providing a
high SNR analysis domain.
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2. To reconstruct the phase and magnitude response of
signals or systems, as HOS preserve both the correct
magnitude and phase information.

3. To identify a nonlinear system operating under a
random input from its output data or to detect and
characterize nonlinearities in time series.

4. BIOMEDICAL APPLICATIONS OF HOS

It is the intent of this section to discuss specific applica-
tions of HOS in biomedical engineering problems. The lat-
ter include detection of nonlinearities (e.g., quadratic
phase-coupling), denoising-signal estimation, system
identification, classification, and compression issues.
These problems often occur during the analysis of a vari-
ety of biomedical signals.

4.1. Detection of Quadratic Phase-Coupling (QPC)

As already mentioned, QPC can develop only among har-
monically related components (i.e., when, for example,
from three frequencies, one of them is the sum of the
other two, or from two components, one is twice the fre-
quency of the other). In certain applications, it is neces-
sary to find out if peaks at harmonically related positions
in the PS are, in fact, phase-coupled, because the existence
of phase-coupling denotes existence of nonlinearity, which,
in turn, in many cases, is related with the existence of
pathology.

Any of the bispectrum estimation techniques described
can be used for the analysis of QPC phenomena. However,
a trade-off between their advantages and limitations
should be considered. In particular, the conventional tech-
niques can serve as better quantifiers of QPC, whereas the
parametric methods (MA, AR, and ARMA) are better as
detectors rather than quantifiers (44,45).

An example of the efficiency of the bispectrum to detect
the QPC is given in Fig. 2. The artificially generated data
used in this example consist of four unity amplitude har-
monics with frequencies 0.1 Hz, 0.15 Hz, 0.25 Hz, and
0.40 Hz, after the generation of 64 independent realiza-
tions, each consisting of 64 samples, using Matlab 6.5 (The
Mathworks, Inc., Natick, MA). The starting phases for the
harmonics with frequencies 0.1 Hz, 0.25 Hz, and 0.40 Hz
were chosen independently from a uniform distribution,
whereas the starting phase of the third harmonic, at
0.25 Hz, was set equal to the sum of the starting phases
of the harmonics at 0.1 Hz and 0.15 Hz. White Gaussian
noise with a variance of 1.5 was added to the signal. Note
that the harmonics at 0.1, 0.15, and 0.25 Hz are frequency-
and phase-coupled, whereas those at 0.15, 0.25, and
0.40 Hz are frequency-coupled, but not phase-coupled.
From Fig. 2(a), it is apparent that the PS has four peaks
corresponding to the four harmonics. On the other hand,
the bispectrum (estimated with an AR-based model, see
Equation 26) depicted in Fig. 2(b) shows a single sharp
peak at (f1,f2)¼0.10, 0.15 Hz, correctly identifying the ex-
istence of QPC for frequencies 0.10, 0.15, and 0.25 Hz.
Note that the portion of the bispectrum in the principal
region is only displayed, because in the rest of the bifre-

quency plane, the symmetry conditions of Equation 21
apply.

4.1.1. Analysis of Electroencephalogram (EEG). Analysis
of EEG has often included detection of QPC. The work of
Huber et al. (2) is one of the first in the field. In this work,
Huber et al. have tested the presence of phase relations in
the EEG signal and tried to extract them quantitatively by
means of numerical bispectrum analysis.

A study on the nonlinear mechanisms of EEG and
brain dynamics using bispectral analysis applied to the
EEG and auditory-evoked potentials was presented in Ad-
emoglu and Demiralp (46). They have shown that the
bispectra and bicoherence indices (see Equations 12 and
13) exhibited prominent peaks at low-frequency compo-
nents of the EEG because of the existence of QPC in the
EEG waveform.

Bicoherence analysis of auditory-evoked potentials
from healthy and Alzheimer’s patients was performed in
Samar et al. (47). They have found that QPC occurred in
the evoked potentials in the classic delta, theta, alpha, and
beta EEG frequency bands. QPC patterns displayed a
fronto-central topography and varied directly with global
stimulus probability. Their data suggested an inverse re-
lationship between P300 amplitude and degree of QPC in
the delta band. It is noteworthy that QPC patterns were
altered in Alzheimer’s patients, which was the first dem-
onstration that task-dependent quadratic nonlinearities
can be detected in transient-evoked potentials.

The stochastic properties of the EEG at different brain
sites and different brain states (eye-open and eye-close)
were quantified in Haejeong and Kwangsuk (48) using the
bicoherence function (see Equations 12 and 13), and the
deviation from Gaussianity and linearity by identifying
the level of QPC for each case were examined. It was
founded that the eye-closed state is more nonlinear and
more nonGaussian, whereas different characteristics have
been found with respect to the brain sites.

Bispectral analysis was used (49) to examine the status
of QPC in developing neuronal interactions of two hippo-
campal subfields, CA1 and the dentate gyrus. It was found
that the frequency bands where active QPC occurs grad-
ually shifts from a low theta range (5–7 Hz) for animals of
15 days of age to a high theta range (6.5–8.5 Hz) as ani-
mals mature at an age of 90 days. Results of this study
indicate that bispectra can be effectively used to quantify
the maturation changes of the EEG obtained from CA1
and the dentate gyrus.

In Nahm et al. (50), established methods like spectral
analysis were investigated in combination with bispectral
analysis and wavelet decomposition in order to extract a
set of EEG parameters to take into account intra- and in-
ter-individual variability, for the case of the analysis of the
depth of anesthesia. In parallel, the investigation of neu-
ral nets and fuzzy techniques, in addition to or in substi-
tution of conventional statistical methods, was also
introduced for data quality assessment, parameter extrac-
tion, and classification.

Different types of phase-coupling between and within
EEG signals have been theoretically explained and cou-
pling-related analysis strategies were reported (51). Fur-
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thermore, effects of synchronization have been distin-
guished from effects signal transfer (propagation), where
both were designated by a phase-coupling.

A characterization of sleep spindles using HOS has
been reported (52). The dynamics of sleep spindles, ob-
served in EEG recorded from humans during sleep, were
characterized using time- and frequency-domain methods,
which depend on HOS. The time-domain method com-
bined the use of second- and third-order correlations to
reveal information on the stationarity of periodic spindle
rhythms to detect transitions between multiple activities.
The frequency-domain method, based on normalized spec-
trum and bispectrum, described frequency interactions
associated with nonlinearities occurring in the observed
EEG.

Bispectral-based study of the nonlinear interrelation of
the EEG components for the purpose of further under-
standing of the EEG generation and its construction sig-
nals under different brain functional states was presented
in Lisha et al. (53). Parametric bispectral estimation for
the analysis of EEG signals has been presented as a useful
tool for detecting the nonlinearity of EEG signals. The

bicoherence pattern was proposed as a means to extract
more information beyond first- and second-order statistics
or spectral structure. Several EEG signals with normal
subjects in different brain functional states were investi-
gated by employing the nonGaussian parametric model.

A comparison between bispectral and PS-based analy-
sis of EEG for the case of anesthesia analysis was carried
out by Hagihira et al. (54). They point out that, in order to
obtain more information in the EEG bicoherence than the
PS-based analysis, unilateral lead is needed. In addition,
they have observed the existence of QPC between the slow
waves (B4 Hz) and spindles (B10 Hz) through the peaks
seen in the bicoherence analysis of the EEG, recorded
during isoflurane anesthesia.

A detailed reference catalogue regarding the applica-
tion of HOS in the EEG analysis (mainly about the role of
QPC in the analysis of the depth of anesthesia and sleep)
can be found in Billard (55).

4.1.2. Analysis of Electrocardiogram (ECG). An example
of nonlinear analysis of ECG was presented in Patward-
han et al. (56). In this study, the authors quantified the

0.25

0 0.1 0.15 0.25 0.4 0.5
0

0.05

0.1

0.15

0.2

f1 (Hz)

f 2
 (

H
z)

Estimated Parametric Bispectrum

1000

2000

3000

(a)

(b)

0 0.10.15 0.25 0.4 0.5

10-1

100

Frequency (Hz)
P

ow
er

 S
pe

ct
ru

m
 (d

B
)

Figure 2. (a) Power spectrum of a simulated signal that consists of four unity amplitude har-
monics with frequencies 0.1 Hz, 0.15 Hz, 0.25 Hz, and 0.40 Hz. (b) Bispectrum of the simulated
signal having a single sharp peak at (f1,f2)¼ (0.10, 0.15 Hz), which identifies the existence of qua-
dratic phase-coupling for frequencies (0.10, 0.15, 0.25 Hz). As a result of the symmetry properties of
the bispectrum, its portion in the principal region is only displayed.
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degree of changes in the dominant frequencies during
ventricular fibrillation using Wigner transforms. They
used auto-bispectra to quantify phase-coupling between
the different dominant rhythms. Results of 427 trials in 10
dogs showed substantial frequency modulation within
ECGs, up to 714% from the mean dominant frequency.
Bispectra were nonzero in more than 99% of the trials
(po0.05) with peaks around the dominant frequencies
(8.8 Hz). These results showed that, during ventricular fi-
brillation, substantial frequency modulation of the domi-
nant rhythms exists and these rhythms are phase-
coupled. It is possible that the frequency modulation pro-
duces quadratic terms that lead to the observed QPC. As a
result, the degree of frequency modulation and phase-cou-
pling can be used to quantify the degree of organization or
of polymorphism.

4.1.3. Analysis of Lung Sounds (LS). A nonlinear analy-
sis of musical lung sounds (see lemma ‘‘Bioacoustic Sig-
nals’’) based on the bicoherence index (see Equation 13)
was presented (57). The third-order statistics and spectra
were used both for the detection of QPC between distinct
frequency components of musical lung sounds and as a
measure of their nonlinear interaction. This harmonic
analysis was conducted on preclassified signals (wheezes,
ronchi, stridors) selected from international teaching
tapes. The derived results have shown a high degree of
deviation from Gaussianity along with quadratic self-cou-
pling (f2¼2f1; f2¼ 2f1) within the distinct frequencies of
the corresponding PS of musical lung sounds, which is
shown in Fig. 3, where the estimated PS and parametric
bispectrum of an inspiratory stridor (57) are depicted in
Figs. 3(a) and (b), respectively. From the three distinct
peaks seen in the PS (i.e., 410.2, 820.4, and 1230.6 Hz), a
self-coupling is revealed in the bispectrum domain de-
noted by the clear peak at the 410.2, 410.2 Hz. Differences
in the degree of QPC, the nonlinearity, and the non-
Gaussianity of the processed signals established a new
field in characterization and feature extraction of the pul-
monary pathologies associated with musical lung sounds,
such as asthma and chronic obstructive pulmonary dys-
function.

4.2. Denoising-Signal Estimation

4.2.1. Analysis of Brain-Evoked Potentials (BEPs). Third-
order correlations in developing a filtering technique for
the recovery of BEPs was presented (58). The main idea
behind the presented technique was to pass the noisy sig-
nal through a finite impulse response filter whose impulse
response was matched with the shape of the noise-free
signal. It was shown that it is possible to estimate the fil-
ter impulse response on basis of a selected third-order
correlation slice (TOCS) of the input noisy signal, which
was justified by the fact that noise-free BEPs can be mod-
eled as a sum of damped sinusoidal signals and the se-
lected TOCS preserve the signal structure. In addition,
the TOCS is insensitive to both Gaussian noise and other
symmetrically distributed noise (white or colored). Fur-
thermore, the proposed approach could be applied to ei-
ther nonaveraged or averaged BEP observation data. In

the nonaveraged data case, the proposed approach there-
fore preserves information about amplitude and latency
changes. Both fixed versions and adaptive versions of the
proposed filtering technique were described (58). Their
simulation results show the validity and effectiveness of
the proposed cumulant-based filtering technique, in com-
parison with the conventional correlation-based counter-
part, for denoising BEPs.

4.2.2. Analysis of Nerve Signals (NSs). Upshaw et al. (59)
analyzed the NSs (recorded using an implanted nerve-cuff
electrode) by means of three detectors based on the first-,
second-, and third-order statistical properties of the NSs,
respectively. Results based on standard rectified, bin-in-
tegrated (first-order statistical) processing were compared
with two algorithms based on a singular value decompo-
sition of the second- and third-order correlation (cumul-
ant) matrices of the NSs. As a result of the very low signal
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Figure 3. Estimated (a) power spectrum and (b) parametric
bispectrum of an inspiratory stridor. As a result of symmetry
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levels obtainable from nerve-cuff electrodes and the high
levels of interference from adjacent muscles, the overall
SNR was very poor. In addition, the noise level was non-
stationary. However, their result showed that the inherent
properties of the third-order statistics of the NSs can yield
a detector that performs better than the other two (first-
and second-order-based).

4.2.3. Analysis of ECG. A parametric method based on
third-order statistics was introduced (60) in order to esti-
mate a nonGaussian AR process disturbed by a colored
Gaussian process. This approach was applied to ECG
analysis for the estimation of cardiac late potentials
(CLPs) from an ensemble of noisy recordings, because as
a result of the burst-like phenomenon of the CLPs, they
can be assumed to have a nonGaussian distribution. A
special estimation technique based on the sample-and-
hold technique combined with interpolation was pre-
sented in order to increase the amount of data and thereby
decrease the estimator variance. Furthermore, the limita-
tions in the parametric analysis of CLPs when using HOS
were examined. In particular, the first limitation referred
to the fulfillment of the stationarity assumption because of
the transient nature of late potentials. This limitation was
treated by observing the data in short intervals (such as
25 ms) in which the assumption on stationarity is reason-
able. The second limitation referred to the lack of a priori
knowledge of the order of the employed AR model based on
higher-order statistics. However, the problem was solved
by studying the singular values of the auto-cumulant ma-
trix of the analyzed data, as it is thoroughly explained in
Giannakis and Mendel (28). The employment of the HOS
in the AR modeling of the CLPs resulted in a considerable
noise reduction. The improvement was observed when
studying the standard deviations of the analyzed datasets
before and after the processing. Although the processing
has slightly reduced the amplitude of the CLPs, the SNR
was improved by 60% (the SNR here was defined as the
ratio of the powers of two sequences with 40 msec dura-
tion: one prior to 140 msec after the QRS complex onset
and the other after this point). Furthermore, the esti-
mated skewness was considered to be another measure-
ment for the existence of the CLPs, because its positive
and negative values indicate whether the probability dis-
tribution function is leaning forward or backward, respec-
tively. As a result, deviation from Gaussianity because of
the existence of the CLPs in the ECG data could be de-
tected.

A new way of detecting the R-wave in a QRS complex of
an ECG, based on HOS, was presented in Panoulas et al.
(61). The proposed method employed HOS-based parame-
ters, such as skewness and kurtosis, in order to formulate
an adaptive detector of the R peak with high accuracy.
Experimental results, from the application of the proposed
method to preclassified ECG data from the Massachusetts
Institute of Technology/Beth Israel Hospital (MIT/BIH)
ECG database, proved that the HOS-based method exhib-
its over 99% detectability, even when the ECG data are
contaminated with noise. As a result of its simplicity, the
proposed approach could be feasible in a real-time context
and it could be applied in routine ambulatory or clinical

heart rate screening. The proposed technique was com-
pared with two widely used QRS detection algorithms
based on digital filtering (DF) in the analysis of nocturnal
ECG recordings from the Sleep Laboratory of the Philipps
University of Marburg, Germany (62). The comparison
results showed that the HOS-based QRS detector exhib-
ited higher overall QRS detection accuracy (99.95%) than
the two DF-based ones (99.75% and 99.59%, respectively).
Moreover, it had lower noise susceptibility despite the
presence of different noise types, such as smooth or abrupt
baseline drift, 50 Hz power-line interference, electromyo-
graphic intervention, or any arrhythmia effect because of
sleep apnea (62).

4.2.4. Analysis of LS. Extraction of LS from the back-
ground noise (e.g., separation of crackles and squawks
from vesicular sounds) and denoising of LS by reducing
the heart sound (HS) interference have been thoroughly
examined in the description of the lemma ‘‘Bioacoustic
Signals’’. However, it is worth noting here the two HOS-
based approaches, namely modified stationary-nonsta-
tionary (mST-NST) filter (63) and adaptive noise canceler
based on fourth-order statistics (ANC-FOS) (64) for LS
extraction and denoising, respectively.

In particular, a combination of nonlinear filtering with
third-order statistics is presented (63), resulting in a mod-
ification of the nonlinear digital ST-NST filter, proposed by
Ono et al. (65), for improving its performance in noisy en-
vironments. The use of third-order statistics in estimating
the AR-model order and coefficients resulted in more re-
liable estimates of the stationary part of the input signal.
As a result, the nonstationary part corresponding to tran-
sient LS was estimated more accurately. The application
of the mST-NST filter to recorded fine crackles, coarse
crackles, and squawks has shown that a reliable and ac-
curate separation of these transient, adventitious LS from
vesicular sounds can be achieved, even in the presence of
additive Gaussian noise.

Furthermore, the ANC-FOS scheme for the reduction
of HS is presented (64). The ANC-FOS technique does not
require recorded ‘‘noise-only’’ reference signal and it uses
adaptive filtering to preserve the entire spectrum. As a
result of FOS, the proposed filter is independent of Gauss-
ian uncorrelated noise and insensitive to the step-size pa-
rameter. It converges fast with small excess errors and,
because of the narrow-band nature of the HS noise, it re-
quires a very small number of taps. Results from experi-
ments with healthy subjects indicated a local HS noise
reduction greater than 90%.

4.2.5. Analysis of Bowel Sounds (BS). An efficient
method for the extraction of BS from the noisy background
(see also lemma ‘‘Bioacoustic Signals’’), based on kurtosis
was presented (66). The proposed method employed an it-
erative procedure to compose a kurtosis-based detector
(KD) for enhanced separation of explosive BS (EBS) from
the background noise. The KD iteratively detects impor-
tant peaks of the kurtosis, estimated within a sliding win-
dow across the signal under investigation, which indicate
the presence of nonstationarity and nonGaussianity in the
raw signal; hence, the presence of EBS. Analysis of the
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experimental results derived from the application of the
KD to EBS recorded from patients with gastrointestinal
dysfunction, showed an efficient performance of the KD to
outwit the noise presence by accurately extracting the au-
thentic structure of EBS. An example of the KD perfor-
mance is shown in Fig. 4 (66), where moderately [Fig. 4(a)-
top] and severely [Fig. 4(b)-top] contaminated BS are ef-
ficiently extracted from the background noise using the
KD [see Figs. 4(a)-bottom and (b)-bottom, respectively],
despite the noise level. As the KD removes the undesired
signal from the EBS recordings, it could easily be used for
data-volume reduction when longterm recordings are em-
ployed (e.g., in sleep laboratories, intensive care units, and
homecare telemedical devices). As a result of its simplicity,
the KD could be implemented in a real-time context and
could be used for continuous EBS screening.

4.3. System Identification

4.3.1. Analysis of LS. An effort to characterize the
source and the transmission path of LS using HOS in an
AR modeling of LS is presented (67). In this work, the LS
source in the airway was estimated using the prediction
error of an all-pole filter based on higher-order statistics
(AR-HOS), whereas the acoustic transmission through the
lung parenchyma and chest wall was modeled by the
transfer function of the same AR-HOS filter. The para-
metric bispectrum, using the estimated coefficients of the
AR-HOS model, was also calculated to elucidate the fre-
quency characteristics of the modeled system. Experimen-
tal results from the implementation of this approach on
preclassified LS segments in known disease conditions,
selected from teaching tapes, have shown that a reliable
and consistent with current knowledge estimation of LS

characteristics can be achieved, even in the presence of
additive Gaussian noise.

Analysis of the production mechanism of abnormal LS
using a nonparametric system reconstruction method
based on the bispectrum is presented (68). The proposed
approach, unlike others, used one-dimensional (1-D)
bispectral slices only, instead of the whole bispectrum,
motivated by the work of Pozidis and Petropulu (69). By
applying a system reconstruction method based on prese-
lected 1-D bispectral slices, it potentially allows us to
avoid regions where bispectral estimates exhibit high
variance or regions where they are expected to be zero,
such as in the case of band-limited systems and additive
Gaussian noise. Under this perspective, a successful se-
lection of bispectral slices could be achieved when based
on the characteristics of the corresponding power spec-
trum. In that way, the high-amplitude samples are re-
vealed and thus result in the appropriate selection of
‘‘good’’ bispectral slices. Wheezes and stridors are ideal
candidates for the application of the afore-mentioned sys-
tem reconstruction method, as their power spectra exhibit
prominent peaks in the region of 400–800 Hz (see lemma
‘‘Bioacoustic Signals’’). Consequently, the use of bispec-
trum from the slices of that region provides an enhanced
tool for system reconstruction of the associated pathology
that produces the abnormal LS. Experimental results
from the application of the proposed method on wheezes
and stridors drawn from two preclassified LS databases
proved that the characteristics of the system that is asso-
ciated with the underlined pathology (such as asthma)
could be revealed, giving rise to a more accurate descrip-
tion of the generation mechanisms of the pulmonary dys-
function. As a result of the employment of higher-order
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spectrum, the method exhibited a robust performance
even in noisy cases.

4.3.2. Analysis of Nerve Conduction Velocity Distribution
(NCVD). In Papadopoulou and Panas (70), the character-
istics of the NCVD were estimated using HOS-based anal-
ysis. In particular, the compound action potential (CAP) of
a peripheral nerve, an essential parameter in clinical ne-
urophysiology, was considered as a linear summation of
single-fiber action potentials (SFAPs) propagating along
the nerve fibers. In discrete time, CAP recording was ex-
pressed as the circular convolution of a delay sequence
(DS) and the sampled SFAP. In this way, the NCVD (re-
lated to the DS), and amplitude and shape of the SFAP,
were estimated and used as a measure of health and well-
functioning of the nerve. The proposed method introduced
a blind deconvolution scheme in the bicepstral domain
(12) to estimate the DS at a given conduction distance l1.
The bispectrum iterative reconstruction algorithm (12)
was used to recover the delay sequence by only partial
(phase) information. Linear phase was recovered by using
the delay phase cepstrum, and the NCVD was calculated
from the estimated DS, following the formulation of the
forward problem. Simulation and experimental results
proved the efficiency of the method, especially in the
case of low SNR recordings.

4.4. Classification

4.4.1. Analysis of Heart Sounds (HS) and BS. The appli-
cation of a nonGaussian AR model and parametric bispec-
tral estimation in analyzing normal and pathological HS
signals was presented in Minfen and Lisha (71). The non-
Gaussian AR model of HS signals was used to detect qua-
dratic nonlinear interactions and to classify the patterns
seen in the phonocardiograms, in terms of the parametric
bispectral estimate. The bispectral cross-correlation was
also proposed for the order determination of the model.
Experimental results from the analysis of HS from con-
trols and patients showed that the quadratic nonlinearity
exists in normal and clinical HSs.

Another HOS-based approach in HS classification was
presented (72). In the latter, the diagnostic character of
cardiac auscultation was examined in the higher-order
spectra domain, taking into account the nonlinearities of
the signal and assuming that HS are nonGaussian pro-
cesses. In this way, a nonlinear analysis of HS was intro-
duced, expanding the process of HS to more accurate
estimations of their true character. The proposed analy-
sis was conducted on preclassified signals selected from a
teaching tape, and the derived results showed that HOS
define new differences in HS analysis, efficiently charac-
terizing various cardiac pathologies or the severity of car-
diac dysfunction associated with the HS. The latter can
also be deduced from the example given in Fig. 5, where
the magnitude of the estimated bispectrum of HS recorded
from patients with mild [Fig. 5(a)] and severe [Fig. 5(b)]
aortic stenosis is depicted, respectively. The differences in
the bifrequency domain are apparent, reflecting the dif-
ferences in severity of the cardiac pathology.

In a similar vein, bispectral analysis of BS was per-
formed (73). The analysis results showed the ability of the
bispectrum to differentiate the BS recorded from a patient
with bowel polyp before and after polypectomy, hence, to
reflect the anatomical changes of the bowel.

4.4.2. Analysis of EEG. No practical noninvasive tech-
nique to detect the focal cerebral ischemia, especially no
early noninvasively detecting method, is available for clin-
ical use. However, a method (74), based on the bispectrum
estimation of EEG, was recently proposed as a means to
detect the focal cerebral ischemia noninvasively with high
sensitivity. From the bispectral analysis, it was found that
some characteristics of the bispectrum are very sensitive
to focal ischemic cerebral injury. For example, the maxi-
mum magnitude and the weighted center of EEG bispec-
trum change according to the extent and the place of the
injury region. This study indicates that the EEG bispec-
trum analysis may be useful to distinguish the ischemic
region from the normal one and to estimate the ischemic
extent.

4.4.3. Analysis of Surface Electromyogram (SEMG). A
bispectral analysis of SEMG was presented in Kaplanis
et al. (75). Results from the latter indicate that the distri-
bution of the SEMG signal is highly nonGaussian at low
and high levels of force, whereas it has its maximum
Gaussianity at the mid level of maximum voluntary con-
traction (i.e., at 50%). Furthermore, it was found that the
linearity of the SEMG signal, measuring it through the
estimated bicoherence (see Equations 16 and 17) follows
the reverse pattern with the measure of Gaussianity.

Another approach in the HOS-based analysis of SEMG
was described in Zazula (76). In particular, asymptotically
exact interpolation-based computation of bicepstra with
no aliasing was introduced. The latter was analyzed in
order to establish the conditions under which SEMGs
could be decomposed onto their building components
(i.e., motor-unit action potentials). Experiments with syn-
thetic SEMGs showed that the results depend highly on
the type of the action potentials (APs) respected. Using
bicepstral decomposition, the first-norm error for the di-
pole-based APs felled under 50% of the mean absolute
value of the signal samples, only with the signals of
lengths of over 110,000 samples and interpolation level
of 4096. The situation with tripole-generated APs gave
errors below 50% already at signal lengths of 10,000 and
interpolation level of 4096. Nevertheless, both meant the
SEMG recordings of duration under 30 s, which assured
stationary conditions at moderate contraction forces.

4.4.4. Analysis of Tremor Signals (TS). A HOS-based ap-
proach (combined with neural networks) for tremor rec-
ognition was proposed by Jakubowski et al. (77). In their
work, tremor characterization was used for the purpose of
recognition, and three different types of tremor were con-
sidered (i.e., the Parkinsonian, essential, and physiologi-
cal). Higher-order polyspectra based on third- and fourth-
order cumulants have been proposed as a way for efficient
characterization of the TS. The set of 30 quantities based
on the polyspectra has been proposed and investigated as
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the features for the recognition of tremor. These features
were used as input to a neural network of the multilayer
perceptron structure, which served as a classifier. Exper-
imental results have proven high efficiency of the proposed
approach, because it exhibited an average error of recog-
nition of three types of tremor less than 3%.

4.4.5. Characterization of Tissue. In Abeyratne and Pet-
ropulu (78), the HOS were used to characterize tissue sig-
natures. The tissue was modeled as a collection of point
scatterers embedded in a uniform media, and the authors
showed that the HOS of the scatterer spacing distribution
can be estimated from digitized RF scan line segments and
be used in obtaining tissue signatures. Based on this
model for tissue microstructure, they estimated resolvable
periodicity and correlations among nonperiodic scatterers.
Using HOS of the scattered signal, they defined as tissue

‘‘color’’ a quantity that describes the scatterer spatial cor-
relations; they also showed how to estimate it from the
higher-order correlations of the digitized RF scan line seg-
ments and investigated its potential to be used as a tissue
signature.

4.5. Compression

We end the presentation of HOS applications in the bio-
medical engineering field with an application from the
area of ECG compression; a procedure that is often in-
volved in many telemedical applications. In particular, we
refer to the work of Istepanian et al. (79,80), which com-
bined HOS with wavelet analysis in order to achieve high
compression ratios (CRs) with low compression error. In
fact, their work evaluated the compression performance
and characteristics of two wavelet coding compression
schemes of ECG signals suitable for real-time telemedical
applications. The two proposed methods, namely the opti-
mal zonal wavelet coding (OZWC) method and the wavelet
transform higher-order statistics-based coding (WHOSC)
method, were used to assess the ECG compression issues.
The WHOSC method employed HOS and used multirate
processing with the autoregressive HOS model technique
to provide increasing robustness to the coding scheme.
The OZWC algorithm used was based on the optimal
wavelet-based zonal coding method developed for the class
of discrete ‘‘Lipschitizian’’ signals. Both methodologies
were evaluated using the normalized RMS error
(NRMSE), the average CR, and bits per sample criteria,
applied on abnormal clinical ECG data samples selected
from the MIT-BIH database and the Creighton University
Cardiac Center database. Analysis results illustrated that
both methods can contribute to and enhance the medical
data compression performance, suitable for a hybrid mo-
bile telemedical system that integrates these algorithmic
approaches for real-time ECG data transmission scenar-
ios, with high CRs (11:1–31.5:1) and low NRMSE ratios,
especially in low-bandwidth mobile systems. Figure 6
(79,80) shows an example of the quality of the ECG sig-
nal, when coded with the WHOSC method, at the trans-
mitter (before any coding) [Fig. 6(a)] and at the receiver
[Fig. 6(b)] site (after reconstruction). As it is clear from the
comparison of these two subfigures, the WHOSC method
results in a slightly altered version of the original ECG
signal; it is, however, evident that the alteration at the
reconstructed signal lies between the QRS complexes and
refers only to high frequencies, which, in fact, correspond
to additive noise. Consequently, despite the small differ-
ence seen between the transmitted and the reconstructed
ECG signals, the WHOSC scheme retains the essential
characteristics of the ECG signal, achieving at the same
time efficient compression performance.

As it is apparent, space does not permit us to survey all
the biomedical applications to which higher-order statis-
tics (spectra) have been or are being applied, as the ap-
plications in the field are emerging rapidly. However, it is
hoped that the reader now will have a better picture of the
benefits of HOS and the way they have been applied to
basic aspects of the biomedical engineering field. From the
presented material, it should have been clear that when
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dealing with nonGaussianity, nonminimum phase, colored
noise effects, or nonlinearities, HOS should be considered
as an efficient set of tools, methodologies, and algorithms
for some or all of these effects. Finally, taking into consid-
eration the advantages of HOS, their combination with
methods from other processing fields, such as wavelets
(50,79,80) or neural networks (77), could contribute to the
extension of their performance bounds further.
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1. INTRODUCTION

The Hilbert Transform of real-valued time signal function
s(t) is another real-valued function that differs only in
phase from s(t). The transform leaves the amplitude spec-
trum of s(t) unchanged, but changes the positive frequency
phase spectrum by p/2 and the negative frequency phase
spectrum by � p/2 (1). For example, the Hilbert Transform
of a sine function is a cosine function of equal magnitude.
In biomedical applications, the Hilbert Transform is
mostly used to describe the instantaneous amplitude and
frequency of oscillatory signals such as respiration move-
ments and narrow band signals such as filtered electro-
encephalograms (EEG). In addition, the Hilbert
Transform is used to estimate delay differences between
signals.

We present the various properties and parameters de-
rived from the Hilbert Transform with emphasis on their
applicability to biomedical signal analysis.

1.1. Definitions of the Hilbert Transform

Presented here are different forms of the Hilbert Trans-
form as they relate to their application in biomedical sig-
nal processing. For a more detailed derivation of the
equations, the reader should refer to the excellent exposi-
tion by Bendat (2). (Underlined character variables denote
the Hilbert Transforms of their corresponding regular
type variables.)

1.2. Convolution

The Hilbert Transform of a real-valued function x(t) de-
fined for �p o t o þp is defined as:

H½xðtÞ� ¼ xðtÞ¼PV

Z 1

�1

xðuÞ

pðt� uÞ
du ð1Þ

where PV indicates integration in the sense of Cauchy
Principal Value.

It follows from Equation 1 that H[x(t)] is the convolu-
tion of x(t) with 1

pt,

xðtÞ¼ xðtÞ�
1

pt
ð2Þ

1.3. Phase Shift

Let xðf Þ be the Fourier transform of xðtÞ:

xðf Þ¼F½xðtÞ�¼

Z 1

�1

xðtÞe�j2pft dt ð3Þ

As a convolution in the time domain translates to a prod-
uct in the frequency domain, we can write:

xðf Þ¼F½xðtÞ�¼F½xðtÞ�F
1

pt

� �

ð4Þ

with F½xðtÞ� ¼ xðf Þ and

F
1

pt

� �

¼ � j signðf Þ¼ � j for f > 0

¼ j for fo0

ð5Þ

Hence, the Hilbert Transform of the complex-valued quan-
tity x(f) is complex and determined by:

xðf Þ¼ ð�j signðf ÞÞ xðf Þ ð6Þ

The Hilbert Transform is therefore equivalent to the
passage of x(t) through a system having a transfer func-
tion, H(f)¼ � j sign(f). For an alternative definition of the
Hilbert Transform, we will rewrite the following identi-
ties:

Let

Bðf Þ¼ � j signðf Þ¼ e�j
p
2 for f > 0

¼ ej
p
2 for f > 0

ð7Þ

[Equation 7 was obtained from the Euler identity:
e�ja¼ cosðaÞ � j sinðaÞ].

The Fourier Transform, x(f), can be written as:

xðf Þ¼ jxðf Þje�jfxðf Þ ð8Þ

Therefore,

Bðf Þ¼ jBðf Þje�jfbðf Þ ð9Þ

From Equations 7 and 9, we deduce that:

jBðf Þj ¼1 ð10Þ

fbðf Þ¼ p=2 for f > 0

¼ � p=2 for fo0
ð11Þ

Combining Equations 6, 7, 8, and 9, we have:

xðf Þ¼ jxðf Þje�j½fxðf Þþfbðf Þ� ð12Þ

Thus, the Hilbert Transform consists of passing x(t)
through a system that leaves the magnitude of x(f) un-
changed, but changes the phase by p

2

� �

for positive fre-
quencies and by �p

2

� �

for negative frequencies (2).
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1.4. Imaginary Component of Analytic Signal

The analytic signal for x(t) is defined by:

zðtÞ¼ xðtÞþ jxðtÞ ð13Þ

or

zðtÞ¼AðtÞejfðtÞ ð14Þ

where A(t) is called the envelope signal and fðtÞ is the in-
stantaneous phase signal.

These two signals may also be expressed as

AðtÞ¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

x2ðtÞþ ðH½xðtÞ�Þ2
q

ð15Þ

fðtÞ¼ tan�1½xðtÞ=xðtÞ� ð16Þ

The instantaneous frequency, f0(t), is defined by:

f0ðtÞ¼
1

2p

� �

dfðtÞ
dt

ð17Þ

Now, let z(f) be the Fourier transform of z(t):

zðf Þ¼F½xðtÞþ jxðtÞ� ¼ xðf Þþ jxðf Þ ð18Þ

To compute z[f], we will use Equation 6 in conjunction with
Equation 18 to obtain

zðf Þ¼ ½1þ signðf Þ� xðf Þ¼B1ðf Þxðf Þ ð19Þ

where

B1ðf Þ¼ 2 for f > 0

¼ 0 for fo0
ð20Þ

Equations 19 and 20 are used for calculating z(f) from x(f).
By taking the inverse Fourier Transform of z(f), we get
zðtÞ¼ xðtÞþ jxðtÞ, which allows us to determine the Hilbert
Transform of x(t) by simply taking the imaginary part of
the analytical signal z(t). The calculation of the Hilbert
Transform thus entails a Fast Fourier Transform (FFT)
operation followed by a multiplication and an inverse FFT.
All of these operations can be computed very efficiently.

Both instantaneous amplitude A(t) and instantaneous
frequency f0(t) have been used in processing various bio-
medical signals. Figure 1 illustrates the concepts of A(t)
and f0(t). (Usually when denoting discrete series, we use n,
the sample index, instead of t, continuous time. However,
we will use t in the following for consistency with the
equation notations used in the previous sections. Keep in
mind, however, that t is defined at discrete intervals in
digital data.) The signal x(t) shown in Fig. 1a was gener-
ated using an amplitude-modulated chirp function that
sweeps from 3Hz to 1Hz and back to 3Hz in the period
between 1 and 3 s. The amplitude modulation was
achieved by multiplying the chirp function with two jux-
taposed Hamming windows. xðtÞ, the Hilbert Transform of
x(t), is shown in dash-dotted line atop x(t). Note how both
signals are similar except for a phase shift between the
two. xðtÞ was calculated using Matlab’s implementation of
Equation 19 (3). A(t) and f0(t) were calculated using Equa-
tions 15 and 17. The calculated A(t) is shown in Fig. 1b and
is an estimate of the two juxtaposed Hamming windows

(a)

(c) (d)

(b)

Figure 1. Illustration of instantaneous ampli-
tude and frequency. (a) Amplitude-modulated
chirp function xðtÞ. xðtÞ, the Hilbert Transform
of xðtÞ is shown in dashed line atop xðtÞ. (b) In-
stantaneous amplitude AðtÞ. (c) Instantaneous
phase FðtÞ prior to unwrapping. (d) Instanta-
neous frequency f0ðtÞ.

2 HILBERT TRANSFORM



used to modulate the envelope of x(t). Figure 1c shows the
instantaneous phase FðtÞ. The sawtooth pattern is caused
by phase wrapping. To unwrap the phase, we added to the
phase np after the nth discontinuity. FðtÞ must be un-
wrapped before taking the derivative to estimate f0(t).
Figure 1d shows the instantaneous frequency f0(t) reflect-
ing x(t)’s frequency sweep.

Instantaneous amplitude and frequency measure-
ments have found many applications in biomedical engi-
neering. For example, Witte et al. (4) modeled thoracic
respiratory movements using the following model:

xðtÞ¼ kþamðtÞ cosð2pfmðtÞtÞ

where am(t) and fm(t) represent the amplitude (depth) and
frequency modulation in time of respiration, which can be
estimated with A(t) and f0(t), respectively.

The estimation of f0(t) from the analytic signal, unlike
that of A(t), is highly variable because of the susceptibility
of phase estimation and the subsequent derivative opera-
tion to noise (5). In addition, the meaning of A(t) and f0(t),
as illustrated in Fig. 1, is only obvious when one frequency
dominates the signal at a certain time. Consequently, sig-
nals are often bandpass filtered to reduce noise effects and
isolate the signal component of interest (4,6–8).

Instantaneous attributes have been used in analyzing
various types of nonstationary physiological data. For ex-
ample, Witte et al. used A(t) and f0(t) to quantify modula-
tion in respiration depth and rate in neonates (4) and for
automatic epileptic spike mapping and classification from
EEG data (7,9). Envelope and instantaneous frequency
were also used to detect QRS complexes in ECG signals
with high specificity and sensitivity (10). The instanta-
neous frequency is also used to detect synchronization or
phase locking between signals ranging from head and eye
movements to cardiac and respiratory to neuronal signals
from EEG/MEG or intracranial recordings (6,11–14). De-
fined loosely, synchronization in the literature refers to
dependence or correlation between signals and various
methods can be used to detect it (15). With the Hilbert
Transform, synchronization is deemed present when a
constant weighted difference exists between the instanta-
neous phase of two signals, illustrated in Fig. 2, which
shows two chirp signals with differing amplitude modula-
tion and phase offset (a). The first signal is similar to the
one in Fig. 1, and the second signal sweeps from 6Hz to
1Hz and back to 6Hz in the period between 1 and 3 s.

Thus, both signals sweep through 1Hz at t¼ 2 s and
should consequently exhibit phase locking around 2 s,
which can be seen in the plot of phase difference shown
in Fig. 2b, which reaches a plateau around 2 s. With em-
pirical data, where noise is present, synchronization is
defined in a statistical sense whereby the difference in
phase is not significantly different from a constant, which
is especially the case when signals reflect the activity of a
population of neurons that is buried in background noise.
In addition, one must account for artifactual synchronicity
between distant electrodes picking up the same signal be-
cause of volume conduction effects of brain tissue (6). One
advantage for using the Hilbert Transform to detect
synchronicity is that it is parameter-free, revealing the
presence of synchronicity in any bandwidth. However, for
broad-band signals, the interpretation of the biological
meaning of instantaneous phase becomes ambiguous. The
reader is referred to the work by Quiroga et al. (15) for a
clear, more detailed discussion of various synchronization
methods.

2. THE HILBERT TRANSFORM AND CORRELATION
FUNCTION

The Hilbert transform can also be used to estimate the
time delay between two signals that are scaled and time-
shifted versions of each other with additive noise (2,16,17).

xðtÞ¼ sðtÞþmðtÞ

yðtÞ¼ rðtÞþnðtÞ¼ asðt� t0ÞþnðtÞ ð21Þ

where the reference signal, x(t), is comprised of the source
signal, s(t), and an additive noise component, m(t). y(t) is
comprised of a scaled time-shifted version of s(t) plus an
additive noise component, n(t). The delay between y(t) and
x(t) that we seek to estimate is t0.

To estimate t0, we examine the cross-correlation func-
tion, Rxy(t), between x(t) and y(t) given by:

RxyðtÞ ¼E½xðtÞ yðtþ tÞ�

¼E½sðtÞ asðtþ t� t0Þ� þE½mðtÞ asðtþ t� t0Þ�

þE½nðtÞ sðtÞ� þE½mðtÞ nðtÞ�

¼ aRssðt� t0Þþ aRmsðt� t0ÞþRnsð0ÞþRmnð0Þ

(a) (b)

Figure 2. Illustration of synchrony between two signals.
(a) Two amplitude-modulated chirps sweeping by 1Hz at
t¼2 sec. (b) Phase difference of chirp functions in (a).
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Assuming that the noise components, m(t) and n(t), are
mutually uncorrelated and uncorrelated with s(t), then
Rmn(0) ¼ aRms(t� t0) ¼ Rns(0) ¼ 0.

Thus, Rxy(t) is reduced to:

RxyðtÞ¼ aRssðt� t0Þ ð22Þ

which is a scaled and time-shifted version of the autocor-
relation function of s(t).

As

RssðtÞ � Rssð0Þ; 8t

then Rss(t� t0), and consequently Rxy(t) are maximal at t
¼ t0.

For discrete signals, the estimation of the peak of Rxy(t)
is difficult because it often does not coincide with samples
of the discrete cross-correlation function. In other words,
neither the location nor the value of the peak of Rxy(t) are
known. However, it can be shown (2) that the Hilbert
Transform RxyðtÞ of RxyðtÞ is zero at t ¼ t0. The time delay
t0 can thus be obtained by interpolation about the zero
crossing of RxyðtÞ, and the value of Rxyðt0Þ can then be ob-
tained by interpolation of RxyðtÞ about t0.

The Hilbert Transform of the cross-correlation function
can be obtained in a computationally efficient manner
with the use of Zx(t) and Zy(t), the analytical signals of
x(t) and y(t), respectively:

ZxðtÞ¼ xðtÞþ jxðtÞ and ZyðtÞ ¼ yðtÞþ jyðtÞ

The complex-valued cross-correlation function Rzxzy(t)
is defined by

RzxzyðtÞ¼RxyðtÞþRxyðtÞþ j½RxyðtÞ �RxyðtÞ� ð23Þ

and can be shown to be equal to

RzxzyðtÞ¼ 2½RxyðtÞ þ jRxyðtÞ� ð24Þ

Therefore, Rzxzy(t)/2 is the analytical signal for Rxy(t).
The cross-power spectrum of zx and zy is the Fourier

Transform of their cross-correlation function, thus:

Szxzyðf Þ¼F½RzxzyðtÞ� ¼ 2½Sxyðf Þþ jSxyðf Þ�

¼ 2½1þ signðf Þ�Sxyðf Þ
ð25Þ

Hence,

Szxzyðf Þ¼ 4Sxyðf Þ for f > 0

¼ 0 for fo0
ð26Þ

Figure 3 (17–19) summarizes the steps required to es-
timate the response delay between two signals using the
Hilbert Transform. In addition to estimating the response
delay, the algorithm presented in Fig. 3 also results in a
cross-correlation coefficient estimate that is a normalized
measure of the linear association between the two signals

(20). The cross-correlation coefficient rxyðt0Þ is an estab-
lished method for determining the match between signals
where rxyðt0Þ varies from 0 for uncorrelated signals to 1 for
perfectly matching signals. In instances where it is not
known whether the two signals are correlated, rxyðt0Þ can
be used to separate noise alone signals from those con-
taining noise and signal. The combined use of cross-cor-
relation coefficient and delay estimation is demonstrated
in Functional Magnetic Resonance Imaging (FMRI) (21–
24), a noninvasive imaging modality for studying human
brain function. FMRI produces a time series of brain im-
ages reflecting the time course of neuronal activity in re-
sponse to some stimulus. Brain areas activated by that
stimulus exhibit a signal modulation that is correlated
with the stimulus.

Figure 4 shows an example of this modulation in the
visual cortex (19,25). The visual stimulus consists of a
black-and-white checkered annulus centered on a gray
fixation dot. During the course of a scan, the annulus in-
creases in diameter, systematically sweeping from the
central part of the visual field to the periphery. This sweep
is repeated nine times in the course of a single scan. By
design, this stimulus induces a signal modulation (y(t))
that is modeled by Equation 21 with the response delay t0
encoding for the stimulus size. Put simply, regions of the
brain processing stimuli in the center of the visual field
respond first and regions processing progressively larger
stimuli respond with increasing delay. The top part of the
figure shows an anatomical image of an axial slice through
the visual cortex in (a) and a 3-D surface model of the en-
tire left hemisphere in (b). Color overlay encodes for re-
sponse delays between 0 (red) and 30 seconds (blue) of
brain regions significantly activated by the stimulus. The
red square on the crosshair in (a) delineates a region con-
taining nine voxels (3-D pixels). The FMRI signal modu-
lation in time, of each of the nine voxels, is shown in the
matrix in (c). The stimulus-induced response at delay 0 is
modeled by the reference time series (x(t)) shown on the
top of the central graph. In this example, the reference
time series does not have a noise component m(t) because
the reference signal was modeled without additive noise.
However, in general, m(t) need not be null as in the case
where y(t) is obtained from empirical measurements. Note
how some voxels exhibit a response significantly corre-
lated with the stimulus whereas others (right side of
graph matrix) show noise alone. Regions of the brain re-
sponding to the smallest annulus size respond the earliest
(red colors) and voxels responding to the largest annulus
respond the latest (blue colors). Note in (a) and (b) the
progression of response delays from the back (posterior) of
the brain to the front (anterior), which is a demonstration
of the retinotopic layout of the early visual areas where
neighboring parts of the visual field are represented in
neighboring areas of the visual cortex (26–29). The Hilbert
Transform is particularly appealing in FMRI because it
allows signal detection in addition to amplitude and high-
resolution delay estimation using computationally effi-
cient FFT. This method makes it possible to map response
delay across the entire brain B10,000–100,000 voxels in a
few seconds, even while the subject is being scanned.

4 HILBERT TRANSFORM



2.1. Impact of Brief-Duration Time Series

For discrete, brief-duration signals, estimation of time de-
lay and cross-correlation coefficient using the Hilbert
Transform is susceptible to error associated with the dis-
crete Fourier Transform (DFT), constraints on sampling
rates of time series, and noise. The delay estimate error E,
the difference between the true delay and the estimated
delay, is the resultant of noise and artifacts of the algo-
rithm, which is especially the case with FMRI time series,
which are typically about 100 samples long with a sam-
pling frequency around 0.5Hz and with considerable non-
white noise (30).

DFT artifacts that affect the delay estimate are circular
convolution, the ramp bias, or ‘‘bow-tie’’ effect (18), and
spectral leakage. Circular convolution and bow-tie arti-
facts are easily corrected by using zero-padding and the T/
(T� t) factor applied to the cross-correlation coefficient
estimate (see Fig. 3), respectively.

RrsðtÞ¼
T

T � t
Rbt

rsðtÞ

where

Rxy(t) is the corrected cross-correlation function,

Rbt
xy(t) is the cross-correlation function with the ‘‘bow-
tie’’ artifact,

T is the sampling duration, and

t is the lag.

The effects of spectral leakage and time delay bias, dis-
cussed below, are more difficult to reduce and require
careful examination when estimating delays at a high
temporal resolution. Spectral leakage develops from the
use of a finite-length time window, w(t), to represent a
time series, xðtÞ, with an unlimited time history. The sam-
pled time series is equal to the product of w(t) by xðtÞ,
where w(t) is a rectangular function defined by w(t)¼ 1 for
(0 o t o T) and 0 for all other t. This multiplication in the
time domain is equivalent to a convolution in the fre-
quency domain of w(f) and xðf Þ. As w(f) is a sinc function,
this operation introduces significant amplitude and phase
distortions into the Fourier Transform estimate of xðtÞ.
These distortions are especially pronounced for sinusoidal
and narrow band signals (18), such as FMRI time series.
Spectral leakage effects can be reduced with alternate
windows, such as the Hamming window or alternate spec-

(a)

(b)

(c)

(d)

(e)

(f)

Figure 3. Flowchart for the Hilbert Transform estimate of the re-
sponse delay ðt0Þ and cross-correlation coefficient rxyðt0Þ between the
FMRI signal yðtÞ and the reference signal xðtÞ. From the top, RLT—Re-
moval of Linear Trend (# only when present in time series), ZP 2nþ 1—
zero-pad to a length of 2nþ1 [n is defined in (a)], F—Fast Fourier
Transform, iF—Inverse F, *—complex conjugate, x—multiplication,
R..(t)—correlation function, S..(f)—power spectrum, H[.]—Hilbert
Transform. (a) Remove the linear trend from yðtÞ and xðtÞ. Zero-pad to
a length of 2nþ1 to avoid circular convolution effects (18), where n is
such that 2n�1oN � 2n and N is the number of samples in yðtÞ or xðtÞ.
Compute the fast Fourier Transform yðf Þ and xðf Þ of the padded series of
yðtÞ and xðtÞ, respectively. (b) Use yðf Þ and xðf Þ to compute the cross-
power spectrum Sxyðf Þ and the autospectra Sxxðf Þ and Syyðf Þ. (c) Inverse
fast Fourier Transform of Sxx(f) and Syy(f) to obtain the autocorrelation
functions Ryy(t) and Rxx(t) of y(t) and x(t), respectively. Note that Ryy(t)
and Rxx(t) contain the bow-tie artifact that occurs for t > 0; however,
only Ryy(0) and Rxx(0) are used to estimate rxyðt0Þ [see (g) below]. (d)
Multiply Sxy(f) by 2 for positive frequencies and 0 for negative frequen-
cies. The inverse fast Fourier Transform of the modified Sxy(f) is a com-
plex series having the cross-correlation function Rb

xyðtÞ and its Hilbert
TransformH½Rb

xyðtÞ� as its real and imaginary parts, respectively. The b

superscript indicates the presence of the ‘‘bow-tie’’ artifact in these es-
timated functions. (e) To remove the ‘‘bow-tie’’ artifact, multiply each
element of Rb

xyðtÞ and H½Rb
xyðtÞ� by T=ðT � tÞ, where T is the sampling

duration and 0 � toT. (f) InterpolateH½RxyðtÞ� around the first 0 cross-
ing to estimate the response delay t0 such that H½Rxyðt0Þ� ¼0. Interpo-
late RxyðtÞ around t0 to estimate Rxyðt0Þ. (g) Estimate the cross-
correlation coefficient rxyðt0Þ using Equation 3 and t0 obtained in F.
The graph on the bottom left shows the cross-correlation function RxyðtÞ
and its Hilbert transform H½RxyðtÞ�. The graph portion for t between 0
and 2.7 seconds is enlarged on the right. The cross-correlation coeffi-
cient, which is used to determine if a voxel is activated, is maximal at
the time delay between the reference and FMRI time series. The algo-
rithm was implemented as a plugin for MCW-AFNI software package
(19) and is freely available by request from the authors. Reprinted from
(17) with permission from Elsevier.
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tral estimation techniques such as Multi Taper Methods
(MTM) (31). Although the Hamming window reduces spec-
tral leakage effects on delay estimates, it also reduces the
contribution of the data that lie at the ends of the window
to the estimate of cross-correlation and time delay. This
reduced contribution is akin to a loss of information,
which results in more delay estimate variance in the pres-
ence of noise. Spectral leakage can be reduced with MTM
without necessarily increasing the variance of spectral es-
timates. However, MTM requires more computation and
does not reduce the time delay bias errors. Note that the
spectral leakage artifacts are caused by basic DFT opera-
tions and not the other steps in the Hilbert Transform al-
gorithm. Ideally, to reduce the effect of spectral leakage on
correlation functions, the time interval over which a sig-

nal is sampled should be lengthened; however, that may
not be within the experimental constraints.

When both signals are sampled over a common time
period, the cross-correlation estimate is biased toward
lower values and the variance of the time delay is in-
creased. This effect is more pronounced for time series
with long response delays relative to the entire sampling
period. The time delay bias introduces noise to the esti-
mates because the measured delayed signal exhibits no
signal (only noise) until a time t equal to the delay be-
tween the stimulus and the response. The correlation co-
efficient bias can be corrected for white noise stimuli (32),
however, these corrections are inadequate for the narrow
bandwidth signals such as those obtained in FMRI and
they do not reduce the variance of the delay estimate.

(a) (b)

(c)

Figure 4. Sample FMRI delay data. (a) Axial
anatomical slice through the calcarine cortex. (b)
3-D surface model of left hemisphere (25). (c)
Time series of 9 voxels encompassed in red
square in (a). Colors in (a) and (b) encode re-
sponse delay relative to reference time series r(t).
(Data analysis and rendering performed using
AFNI (19). Software available from http://afni.-

nimh.nih.gov). (Color versions will be available
online)
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Another method for correcting time delay bias errors
consists of shifting the two time series by the estimated
time delay and re-estimating the correlation and delay
between the two shifted signals. The shift operation is ad-
vantageous because it reduces both time delay bias and
spectral leakage errors because the delay difference and,
consequently, the leakage-induced errors are minimized.

For discrete time series with band-limited or narrow-
band Gaussian noise, the error in localizing the delay is
given by the following equation (2):

sðt0Þ¼
0:93

pB

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1þ r�2xy ðt0Þ
q

ffiffiffiffiffi

N
p ð27Þ

where B is the bandwidth of the signal, which is the Ny-
quist cut-off frequency, and N is the total number of sam-
ples in the time series. Note, however, that such variance
estimates (Equation 27 squared) are valid under the noise
assumptions put forth above. For FMRI time series, for
example, it was found that the variance of the delay esti-
mates was up to four times larger than that predicted us-
ing white noise models (33), which was determined by
creating simulated data using empirical FMRI noise-only
time series.

The Hilbert Transform is a computationally efficient
technique for estimating the envelopes and instantaneous
amplitude and phase and frequencies of biomedical sig-
nals. In addition, it can be used to simultaneously obtain
high-resolution estimates of time delay and correlation
functions between signals. The transform has mostly been
used advantageously to study respiration, cardiac, and
neuronal signals of various modalities.
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1. HIPPOCAMPUS

The hippocampus (HC) has been under a great deal of
clinical scrutiny in the past half-century because of its
involvement in two conditions of substantial significance
in present-day healthcare delivery—epilepsy and demen-
tia. It is situated within the medial structure of the
temporal lobe of the brain and is intimately involved
with learning and memory.

A discussion of the HC out of the context of the limbic
system to which it belongs would deny the reader an
appreciation of its relevance to the individual who harbors
it. Accordingly, a brief introduction to the components of
the limbic system and its connections within the central
nervous system is appropriate. Introduced first by Paul
Broca in 1878 (1) as the ‘‘limbic lobe,’’ it was intended as a
means of grouping those structures that surrounded the
brainstem and that neighbored the ventricular system.
After almost 60 years, Papez (1937) (2) proposed that this
region was responsible for emotional behavior. An ex-
panded and, therefore, more comprehensive anatomy of
emotion was relabeled the limbic system by Maclean
(1952) (3). The system now comprises the HC, amygdala,
parahippocampal gyrus, anterior thalamus, hypothala-
mus, and cingulate gyrus.

Through its connections with central nervous system
sites in the brainstem, both the HC and the adjacent
amygdala mediate autonomic responses that may be
critical to the survival of the individual and the species
in stressful situations. Such connections help explain
some of the ictal manifestations of complex partial epi-

lepsy, which typically arise in the mesial temporal lobe
and may involve either or both structures.

The HC is part of a local arrangement of related
structures termed the ‘‘hippocampal formation,’’ which
also includes the dentate gyrus (DG) and subiculum, an
adjacent cortical area in the parahippocampal gyrus. The
latter structures will be discussed in greater detail shortly.
In coronal sections, the HC bears a resemblance to a ram’s
horn (Fig. 1) and has been labeled accordingly, cornu
ammonis (CA), after the Egyptian deity, Ammon.

Features of the principal cell population in addition to
patterns of input and output permit a division of CA into a
number of regions (CA1–3). The intrinsic connectivity is
dominated by a trisynaptic pathway (Fig. 2) that begins
with the granule cells of the DG sending their axons
(mossy fibers) to the CA3 region. The pyramidal cells of
CA3 send axonal branches (Schaffer collaterals) to CA1
from which pyramidal cells now project to the subiculum.
Mossy fibers also project onto the cells of the dentate hilus
and CA3 cells project both to the contralateral HC and
ipsilateral dentate hilus (4,5). Whereas the granule cells of
the DG are excitatory, several inhibitory interneurons are
distributed both within the dentate proper and its hilus,
exerting both a local regional and projectional influence
(6,7). Several features require elaboration so that signal
transmission and modulation through this region may be
appreciated. A number of loop circuits exist that establish
both extra- and intralimbic means of interaction (Fig. 3).
Connectivity within the HC itself is extensive and over-
lapping with a great deal of intercellular excitatory and
inhibitory influence. Aberrant clinical manifestations (i.e.,
mesial temporal epilepsy) may be better understood by the
changes that are noted in the internal structure of the HC
and its immediate relations.

1.1. Afferent Connections of the HC

1.1.1. Entorhinal Cortex. The five-layered cortex of the
entorhinal area is situated in the anterior parahippocam-

Figure 1. Sequential anteroposterior (top-to-
bottom) cropped coronal MRI studies of the
temporal lobes with hippocampi of normal
volume and structure is presented on the left.
The left hippocampus is identified in the cen-
tral image of this sequence. On the right, a
schematized coronal section of the brain in-
cludes the hippocampus identified by an enclo-
sure in the left temporal lobe. (Roberts M.
Hanaway J. Atlas of the Human Brain In
Section. Philadelphia, Lea and Febiger, 1970.
Permission to reprint granted by Lippincott
Williams & Wilkins.)
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pal gyrus. Layer II pyramidal cells comprise the primary
cortical afferents of the hippocampal formation entering
the ipsilateral DG through the perforant pathway (8,9).
This excitatory (glutamatergic) input terminates on the
distal dendrites of the granule cells in the molecular layer
that surrounds the gyrus. A portion of this input arising
from the lateral entorhinal cortex contains enkephalin in
addition to glutamate. This agent, by affecting regional
inhibitory interneurons, may bring about a disinhibition
of granule cells and, if significant, induce epileptogenesis
at the level of the DG (10). In addition, layer III pyramidal
cells of the entorhinal cortex provide excitatory input to
the apical dendrites of the pyramidal cells of CA1–CA3.
This input may also activate interneurons in the same
region. A frequency-dependent modulatory action has
been proposed for this entorhinal-hippocampal connection
(11).

1.1.2. Subcortical Systems. There are two primary sub-
cortical afferent systems innervating the HC—the septo-
hippocampal pathway (SHP) and the brainstem
monoaminergic pathway (MAP) (Fig. 3). The cholinergic
and GABAergic SHP originates in the medial septal

nucleus and diagonal band of Broca and traverses the
fornix to the HC (12–14). Some hippocampal interneurons
are very sensitive to cholinergic stimulation (15) and are
excited at lower thresholds than their pyramidal cell
neighbors. The slow rhythmic hippocampal (theta) activ-
ity that is associated with alertness is mediated by
cholinergic mechanisms (16) and may therefore be depen-
dent on interneuronal synchronization (17). The SHP
GABA fibers project onto GABAergic basket cells in the
DG, providing a means of disinhibition.

The MAP consists of noradrenergic fibers from the
locus coeruleus (18), serotonergic fibers from the midbrain
raphe (19), and dopaminergic fibers from various brain-
stem nuclei. Although more concentrated in the CA3 and
hilar regions, noradrenergic terminals are found diffusely
through the HC and result in a net excitation (20) through
a blockade of hyperpolarizing potential. By contrast, both
serotonin (21) and dopamine (22) produce a hyperpolariz-
ing response in pyramidal cells. A distinct serotonergic
fiber input onto interneurons of the dentate hilus (23) may
be of particular importance in modulating excitability in
the HC.

FD granule cells

Inhibitory basket cells

Hilar mossy cells

Outer Molecular Layer

Inner Molecular Layer
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Figure 2. Schematic representation of a normal hippocampal anatomy. Granule cell (GC)
dendrites in the dentate gyrus extend into the molecular layer. Activation of GCs by the perforant
pathway causes their axons, the mossy fibers, to stimulate the CA3 pyramidal cells. Hilar mossy
cells and inhibitory basket cells are also activated and regulate GC output by feedback control.
Mossy cell axons enter the inner molecular layer. Axons of CA3 pyramidal cells, the Schaffer
collaterals, stimulate CA1 pyramidal cells. (From Ref. 63.)
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1.2. Efferent Connections of the HC

Both the subiculum and CA1 region give rise to the
primary hippocampal efferent output. A significant projec-
tion to the deeper cortical layers of the entorhinal cortex
(24) ultimately influences the output of pyramidal cells of
layers II and III back to the hippocampal formation, thus
completing a feedback loop (Fig. 4). Subicular fibers also
project to the perirhinal cortex along the rhinal sulcus.
This area receives additional projections diffusely from all
cerebral lobes (25,26) and, in turn, exerts a strong influ-
ence on the motor cortex (27). The CA1 and subiculum also
project to the prefrontal cortex (28) and, in particular, to
the medial and orbital cortices, which project to autonomic
centers in the brainstem, thereby providing a means for
the HC proper to mediate visceral responses (29).

Another loop is completed with projections from CA1
and subiculum to the lateral septum (24), which, in turn,
projects to the medial septum, the origin of the septohip-
pocampal projection. The subiculum also projects to the
nucleus accumbens, mammillary nuclei, ventral hypotha-
lamus, and midline thalamic nuclei (30). Finally, a reci-
procal excitatory CA1-subiculum pathway itself allows for
a circuit that may promote hyperexcitability (31).

The HC also contributes to the hypothalamic-pituitary-
adrenal axis (32). An abundant adrenoreceptor population
in the HC may be influenced by systemic glucocorticoid
and mineralocorticoid levels. These may modulate output
to the hypothalamus, hence influencing the release of
corticotropin-releasing hormone and, ultimately, adreno-
corticotropin hormone (Fig. 4). This long feedback loop
mediated partially by the hippocampal projection to the
hypothalamus underlies the important adrenal stress
response (33).

1.3. Dentate Gyrus (DG)

The DG is the main terminus for cortical input to the
hippocampal formation. It is composed of a curvilinear
granule cell (GC) region and the dentate hilus enclosed in
its curvature. The GC region consists of a stratum gran-
ulosum, a densely cell-packed lamination of granule cells
and an outer perimeter containing the corresponding
dendrites branching out extensively from the granule
cells, the stratum moleculare. The latter is divided into
thirds according to the afferent supply. The inner third
receives associational, commissural, and septal input; the
middle third, medial entorhinal cortical input; and, the
outer third, lateral entorhinal cortical input. The hilus
contains both excitatory (glutamatergic) mossy cells, re-
sponsible for associational and commissural projections,
and a variety of inhibitory interneurons (34). The DG is
acknowledged as a ‘‘gatekeeper’’ of excitability within the
HC (35–37). This is partly attributable to the nature of the
GCs, which manifest a very negative resting potential
with a large afterhyperpolarization (38,39).

GC turnover is partly regulated by adrenal steroid
receptor activation and is constant throughout life (40).
The afferent input from the entorhinal cortex projects onto
both GCs and local inhibitory interneurons that, in turn,
quickly limit GC discharge (41,42). The GC axons (mossy
fibers) excite hilar cells, CA3 pyramidal cells, and inter-
neurons.

Hilar mossy cell axons excite GC dendrites in the inner
stratum moleculare, completing a feedback circuit with
GCs that project back onto mossy cells. Mossy cells are
vulnerable to injury and their dropout initiates GC axon
sprouting into the stratum moleculare, a characteristic
feature in mesial temporal epilepsy (43). Loss of mossy
cells may also diminish their excitation of inhibitory
interneurons sufficiently so as to create a state of disin-
hibition of GCs and further excitability (44). Hilar soma-
tostatin-containing interneurons project into the outer
stratum moleculare and subserve a presynaptic inhibitory
effect on the incoming lateral perforant pathway. Because
these interneurons are also more vulnerable to injury,
their loss may contribute to hyperexcitability within the
DG (45).

1.3.1. CA3 Region. The CA3 region (i.e., the recipient of
mossy fiber input) is designated the ‘‘pacemaker’’ area (46)
as interictal rhythmic bursting appears to be generated
here. Pyramidal cells in CA3 are heavily interconnected,
allowing for extensive synchronous activity. Dentate hilar
interneurons have been shown to project to CA3, and their
loss and corresponding reduction of inhibitory tone may
result in synchronized population bursting behavior.
Schaffer collaterals carry the rhythmic burst activity to
the ipsilateral CA1 region and commissural fibers will do
the same to the contralateral CA3 and CA1 regions. A high
density of calcium channels in the proximal dendrites of
CA3 pyramidal cells can result in a prolonged cellular
depolarization and may therefore underlie this intrinsic
burst activity (47). Local interneuronal circuitry induces a
hyperpolarizing effect upon the bursts, limiting their
excitatory effect. A calcium-dependent potassium conduc-
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Figure 3. Major connections of the limbic system. The hippo-
campal formation, specifically the dentate gyrus (DG), receives
much of its cortical input from the entorhinal cortex (EC) through
the perforant pathway. Locally, both the perirhinal (PERI) and
piriform (PIR) cortices and the amygdala (AMYG) project to the
EC. Other neocortical (NEO CTX) projections join the thalamus
(THAL), hypothalamus (HYPOTHAL), locus ceruleus (LC), mid-
brain raphe, substantia nigra (SN), ventral tegmental area (VTA),
and the septal nuclei in the circuitry of the limbic system to
ultimately influence the hippocampal formation. (From Ref. 29.)
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tance also induces hyperpolarization (48), making the CA3
region itself less prone to ictal generation.

1.3.2. CA1 Region. The pyramidal cells of the CA1
region along with those of the subiculum constitute the
primary output cells of the HC. They receive their major
excitatory input from the CA3 Schaffer collaterals but also
receive additional input from the entorhinal cortex. Inter-
estingly, the inhibitory tone imposed on CA1 pyramidal
cells by local interneurons is less than that found in CA3
and in the DG. These cells, therefore, are more likely to
proceed toward ictal generation and to sustain excitotoxic
injury (29). They are not as strongly interconnected as in
CA3 and thus their synchronization is imposed by CA3.
Synaptic plasticity producing long-term potentiation and
a greater propensity toward excitation is more apt to occur
at sites where inhibition is not as prominent.

1.3.3. Subiculum. The subiculum, located distal to
CA1, modulates the activity propagating outward from
the HC. It consists of a three-layered allocortex with its
central cell layer containing large pyramidal neurons,
contiguous with that of CA1, and intermixed with inter-

neurons, ostensibly GABAergic inhibitory cells. The three-
layered cytoarchitecture transitions through a five-
layered assembly in the neighboring entorhinal cortex to
the six-layered neocortex of the lateral parahippocampal
cortex. The subiculum additionally receives afferent input
from neurons in entorhinal cortical layers II/III, which
may modulate incoming data from the CA1, which itself
has received input via the perforant pathway projection to
the DG. The subiculum projects via the fornix to medial
and lateral mammillary nuclei, ventral hypothalamus,
midline thalamic nuclei, lateral septal nucleus, and nu-
cleus accumbens (30) and via nonforniceal projections to
the entorhinal and perirhinal cortices (49,50).

The subiculum and HC function as a unit for the
management of short-term memories (51), particularly
newly learned information (52). Subicular involvement
underlies both memory retrieval (53) and spatial encoding
(54–56). The proximity of the subiculum to the HC proper
not only suggests a close association of function but
implicates it in the process of epileptogenesis.
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Figure 4. Feedforward and feedback circuits. A
number of feedback control circuits involve systemic
or interregionl, regional and intercellular loops. A.
Hippocampal modulation of the hypothalamic-pitui-
tary-adrenal axis occurs through the influence of
adrenal steroids upon hippocampal neurons, which
bear adrenoreceptors. B. Feedforward and feedback
circuits among limbic regions. A feedforward circuit
exists from the entorhinal cortex to the dentate
gyrus (DG) and on to the hippocampus proper and
septum and is regulated by a number of feedback
loops including hippocampal projections to the DG,
septal projections to the hippocampus, DG and en-
torhinal cortex and, finally, hippocampal projections
to the entorhinal cortex. C. Feedback circuits mod-
ulate serial processing within the hippocampus.
Granule cell (GC) output to the hilus and CA3 is
modulated by CA3 feedback to hilar neurons and by
hilar feedback from mossy cells and interneurons to
GCs. D. Intercellular feedback control. The principal
cell (P) (e.g., GC or pyramidal cell) receives excita-
tory input and sends an excitatory output to the
neighboring principal cell region and to local inhibi-
tory cells (Int). The Int provides inhibitory feedback
onto the P and onto other inhibitory interneurons in
the region. (From Ref. 29.)
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2. HIPPOCAMPAL SCLEROSIS

Pathological change in the HC may either initiate or
contribute to temporal lobe epilepsy. Early studies by
Stauder (1936) (57) and Margerison and Corsellis (1966)
(58) associated the clinicopathologic features of temporal
lobe epilepsy and hippocampal pathology. The hallmark of
mesial temporal lobe epilepsy, the most commonly oper-
ated epileptic syndrome is hippocampal sclerosis. The
detailed microscopic appearance of this pathology was
initially described by Bratz (1899) (59). Severe pyramidal
neuronal loss and gliosis is apparent in Sommer’s sector,
comprising CA1 and the presubiculum, a transitional
region between CA1 and the subiculum (Fig. 5). Subicular
neurons themselves are preserved. Dentate hilar neurons
are also lost with relative preservation of pyramidal
neurons in CA3 and, particularly, CA2. Dentate GCs
appear to remain somewhat resistant to injury although
cell-counting techniques have actually suggested about a
50% reduction in epileptic specimens of the HC (60–62),
whereas cell loss in Sommer’s sector has amounted to as
much as 76%. These losses contrast with only an 18% cell

loss in the subiculum. It is important to note that not all
hippocampal pathology is associated with epilepsy and
that different clinical states impose patterns of cell loss
distinct from those mentioned above (63).

Seizure generation involves the recruitment of a popu-
lation of neurons to discharge synchronously, overwhelm-
ing all functions with which these neurons are involved.
The HC is not solely responsible for mesial temporal lobe
epilepsy. The extent of cell loss in both the HC and
parahippocampal gyrus over time and the findings of
synchronous discharges with interictal and ictal electro-
graphic recordings in these areas suggest a more regional
involvement (64). Neuronal density in the subiculum, as
mentioned, however, remains nearly normal (60,65). A
particular subicular pyramidal cell type is capable of burst
discharges even when recovering from hyperpolarization
(66–68). Moreover, these bursting neurons display an
inward rectifier current that promotes depolarization in
the presence of hyperpolarization. In concert with an
abnormal HC, such electrophysiological features implicate
the subiculum as a site of hyperexcitability and promoter
of abnormal discharges manifesting within the circuitry of

Outer Molecular Layer

Inner molecular layer

Inhibitory basket cells spared

Most Hilar mossy
cells destroyed

FD granule cells

CA1

CA2

CA3

Mossy fiber sprouting intoRegio Superior

Sprouted mossy fibers into IML

Figure 5. Hippocampal sclerosis. There is loss of hilar mossy cells, CA3 pyramidal cells and other
hippocampal neurons. Mossy fibers from granule cells sprout axon collaterals into the inner
molecular layer of the dentate gyrus and into the CA subregions. Other projections, consisting of
neuropeptide Y (NPY) and GABAergic axons, also sprout axon collaterals into the inner molecular
layer. As a result, hippocampal sclerosis is associated with aberrant excitatory (mossy fibers) and
inhibitory (GABAergic and NPY) axon circuits that may initiate or contribute to epileptogenesis.
(From Ref. 63.)
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the mesial temporal structure (29). A sequence of neuro-
nal recruitment in the region has been suggested that
could lead to epileptiform activity (69).

Entorhinal cortical layer V neurons have also been
found to interconnect heavily via recurrent excitatory
synapses enabling them to discharge in a bursting fash-
ion. Their influence upon layer III neurons projecting to
CA1 has not been fully defined. It is of interest that the
subiculum projects densely upon both the medial entorh-
inal area and the perirhinal cortex, which, in turn, project
strongly upon layer V entorhinal neurons (70). The burst
firing property of several of the subicular neurons (67)
may provide strong amplification for data entering and
leaving the HC and entorhinal area.

Although a definitive sequence of events underlying
epileptogenesis has not been substantiated, several fea-
tures are central to this pathophysiological process. In
concert with the loss of neurons in the HC is a reorganiza-
tion of axonal circuitry. This is often termed ‘‘synaptic
reorganization’’—an alteration of the input–output stra-
tegies of selective neuronal populations—that, ostensibly,
alters the balance of excitation and inhibition manifesting
within the HC. A preferential loss of neurons in the
dentate hilus and in Sommer’s sector results in the
sprouting of collateral axons from DG cells and inhibitory
interneurons. These axons establish synaptic contact with
neurons that were deafferented by the loss of the afore-
mentioned cells.

In this fashion, granule cell mossy fibers sprout into the
inner molecular layer of the DG to reinnervate synaptic
sites once occupied by hilar mossy cells (71–74) and into
Sommer’s sector and subiculum to reinnervate synaptic
sites once occupied by CA3 Schaffer collateral axons (75).
Other axonal origins involved in this reactive synaptogen-
esis have been identified (45,76,77). Changes in excitation
and inhibition are attributed to this circuit reorganization
(78,79), the most prominent being that of recurrent ex-
citation of GCs by the sprouting of mossy fibers.

3. INVESTIGATION AND TREATMENT OF MESIAL
TEMPORAL LOBE EPILEPSY

The study of a suspected mesial temporal lobe epilepsy is
dominated by two essential investigations: electroence-
phalography (EEG) and magnetic resonance imaging
(MRI). The epileptic condition is heralded by an electro-
graphic disturbance of variable duration prior to clinical
awareness and manifestation. The latter is commonly in
the form of a complex partial epilepsy with an initial
definable aura, typically that of an epigastric or gusta-
tory-olfactory sensation (80). The aura does not necessa-
rily originate in the HC. The ictus itself commonly
presents with a loss of consciousness, behavioral arrest,
staring, and a variety of stereotyped automatisms invol-
ving oropharyngeal or limb motions. Often a postictal
state of fatigue and disorientation occurs. The EEG find-
ings, as recorded by scalp and sphenoidal electrodes,
provide localizing information both by interictal (i.e.,
between seizures) and ictal patterns. The former appear
in the form of spikes and sharp waves, and the latter may

manifest with an initial flattening or desynchronization of
the background tracing. The attenuation, if local or regio-
nal, may have localizing value (81). Rhythmic theta (6–
7Hz) or alpha (8–13Hz) activity may be seen subsequently
with maximal amplitude over one temporal lobe. This
becomes highly predictive of unilateral temporal lobe
onset if it is found within 30 seconds of clinical onset (82).

Patients may manifest a variety of ictal EEG patterns
with limited localizing or lateralizing features due, in
part, to the limitations of scalp EEG to sample deeper
cerebral structures, the actual size of the ictogenic cortex,
and the spread pattern of discharge. An early lateralized
ictal rhythm with a rate exceeding 5Hz is highly predic-
tive of mesial temporal lobe onset (83). Interictal abnorm-
alities may consist of unilateral or bilateral independent
epileptiform discharges (i.e., spike and sharp waves) and
unilateral or bilateral focal temporal slowing (84). These
are usually recorded maximally over the anterior tem-
poral head regions by sphenoidal and frontotemporal
electrodes (SP1/2, F7/8, F9/10, FT7/8, and FT9/10) de-
pending on the surface electrode coverage provided (85).
Bitemporal-independent epileptiform discharges are re-
ported in 20–50% of patients with refractory temporal lobe
epilepsy. The side manifesting the majority of interictal
activity often lateralizes the epileptic focus although 10–
20% of cases have been falsely localized in this regard
(86,87). In others, no interictal disturbance manifests at
all (88).

Where distinctive lateralizing EEG features are con-
cordant with the side of imaging abnormalities identified
by MRI, frequently there is sufficient justification to
proceed to surgery and the removal of the epileptogenic
site (i.e., mesial temporal resection). In the absence of
convincing surface EEG data or with findings that are
discordant with the imaging appearance of unilateral
temporal lobe pathology, intracranial placement of elec-
trodes is necessary to establish definitive electrographic
features of unilateral mesial temporal ictal onset. Either
depth or subdural electrodes are positioned to record from
the mesial temporal structures and neighboring areas on
one or both sides. Detailed electrographic data largely free
of artifact is obtained, which will often declare the site of
unilateral medial temporal ictal onset or identify bilater-
ally independent ictal foci (Fig. 6). The ability to identify
the precise location of electrode placement relative to the
cerebral anatomy has proven to be of considerable use in
establishing not only a proper anatomical perspective of
the site of epileptogenicity (Fig. 7) prior to resection but to
appreciate, with cerebral electrical stimulation mapping,
the functional eloquence of the immediate region.

The imaging hallmark of mesial temporal lobe epilepsy
is mesial temporal sclerosis as demonstrated by MRI.
When present, it consists of an atrophic HC as noted on
T1-weighted imaging with an increased signal intensity
on fluid-attenuated inversion recovery (i.e., FLAIR)
images and denotes the presence of the aforementioned
hippocampal sclerosis defined histopathologically (Fig. 8).
Quantitative volumetry has been extensively applied to
this region and has established significant volume asym-
metries between the two sides where a distinctive uni-
lateral hippocampal sclerosis was shown to exist (89–93).
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The likelihood of a seizure-free outcome following resec-
tive surgery is much greater in patients with significant
volume asymmetry than without (94).

Magnetic resonance spectroscopy (MRS) assays meta-
bolic changes employing two main techniques—phos-
phorus and proton MRS. With 31PMRS, the
concentration of phosphomonoesters and phosphodiesters
and their ratios are estimated (95). The various moieties of
adenosine triphosphate (ATP), phosphocreatine, and in-
organic phosphate may also be studied. Alternatively,

1HMRS is used to assay the large number of proton-
containing metabolites in the brain—N-acetylaspartate
(NAA), choline, creatine, lactate, gamma-aminobutyric
acid (GABA), glutamine, glutamate (Glu), alanine, lipids,
etc. NAA serves as a neuronal marker showing reduced
concentrations where cell loss has occurred (96,97). In
fact, good correlations are established between NAA re-
duction and EEG lateralization, surgical outcome and
pathological findings (98–102). Furthermore, early post-
ictal lactate elevation has correlated well with EEG ictal
lateralization (103).

Nuclear medicine imaging applications to epilepsy in-
vestigation include single photon emission computed to-
mography (SPECT) and positron emission tomography
(PET). SPECT measures blood flow and by comparing
interictal and ictal studies one may determine a relative
increase in blood flow in the temporal lobe in the ictal
state. Subtraction SPECT images may be co-registered
with MRI to provide better structural definition. The
delivery of radiotracer at the time of ictal onset in an
epilepsy monitoring facility with video-EEG surveillance
offers considerable advantage in establishing the ictal
onset zone (104). Meta-analysis for SPECT localization
in temporal lobe epilepsy has identified a high diagnostic
yield in the case of ictal studies (105).

PET with 2-[18F]-fluoro-2-deoxyglucose (FDG) identi-
fies a metabolic abnormality in an epileptogenic temporal
lobe in 60–85% of patients (106–108). Alterations in en-
ergy metabolism, as measured by 31PMRS, are similar to
changes measured in glucose-mediated metabolic activity
by FDG-PET (96). Receptor PET imaging has also been
applied to the study of focal epilepsy. Reductions of ligand
binding to benzodiazepine and muscarinic acetylcholine
receptors in the temporal lobe with medial sclerosis have
been demonstrated with PET imaging. [14C]flumazenil
binding to central benzodiazepine receptors is reduced
by an average of 30% in such cases (109). Other ligands
for serotinergic and m-opioid receptors have been studied
and similar applications have been sought with SPECT
(110).

Magnetoencephalography (MEG) detects discrete mag-
netic fields associated with either interictal or ictal dis-
charges in an epileptogenic zone. The magnetic signal is
not distorted by tissue interfaces such as the meninges
and cranium as is the case with scalp EEG. Furthermore,

Figure 6. Extraoperative electroencephalography (ECoG) recorded by electrodes implanted over
frontal and temporal lobes including coverage of the mesial and basal surfaces of the left temporal
lobe where discrete localization of ictal activity was recorded over select sites (arrow).

Figure 7. Preoperative surface rendering of the cerebral surface
of an epileptic patient by three-dimensional MRI reconstruction
with a tilted ventral view of the frontal and temporal lobes. Grid
and linear array electrode positions are identified by surface
fiducial-guided image fusion with postoperative three-dimen-
sional computed tomography reconstruction of the implanted
electrodes. These are positioned over the left cerebral convexity
(frontal and temporal lobes), orbitofrontal surface and around the
temporal pole covering the mesial surface of the temporal lobe
(asterisks). 
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MEG records temporally on the order of milliseconds and
is therefore capable of analyzing focal ionic current flow
discretely at sites of activity. The magnetic field patterns
are analyzed to establish spatial distributions of activity
that are displayed on anatomical images and are referred
to as magnetic source images (MSI). Dipoles that are
oriented parallel to the cortical surface provide for the
most robust detection. Those that are oriented orthogonal
to the cortical surface are better detected by EEG. To date,
studies have shown that, overall, MEG has accuracy
similar to that of scalp EEG (111). The two investigative
approaches have been used in a complementary fashion
because of their unique attributes.

4. NONINVASIVE CHARACTERIZATION OF HC USING
MEDICAL IMAGE ANALYSIS

In recent years, significant attention has been paid to the
computerized analysis of hippocampal images to evaluate
the role of the hippocampus in memory and learning as
well as neurodegenerative diseases. Volume declines in
the hippocampi have been established in conjunction with
a variety of diseases such as Alzheimer’s, epilepsy, post-
traumatic stress disorder, and depression. Furthermore,
age-related changes of HC volume have been investigated
and an interaction with gender in early adulthood is
shown. MRI has been used in conjunction with other
medical imaging modalities such as nuclear medicine to
improve their sensitivity to the HC changes. In the rest of
this chapter, we present recent work in medical image
analysis of the HC.

4.1. HC Segmentation

To evaluate the HC three-dimensionally (3-D) from volu-
metric MRI, the structure should be segmented from the
surrounding white matter and contiguous areas of gray
matter (amygdala and cerebral cortex). To this end, phy-

sicians may segment the HC manually on each slice. This
process is time consuming and subject to inter- and intra-
operator variations. To minimize these variations, Mat-
suoka et al. (112) developed guidelines for manual tracing
of the HC and amygdala in high-resolution MRI. Their
method achieved intra- and inter-rater reliability (intra-
class correlation coefficients) of 0.99 for the HC and 0.98
for the amygdale. Bonilha et al. (113) described a protocol
for volumetric segmentation of medial temporal struc-
tures including the HC. In this method, images undergo
field nonhomogeneity correction and linear stereotaxic
transformation into a standard space before manual seg-
mentation. This protocol also shows no significant inter-
and intra-observer variations. They are, however, time-
consuming and expensive. To remedy this limitation,
many research groups developed automated techniques
as described below.

4.2. Toward Automated Segmentation

Ashton et al. (114) published the first journal paper in this
area. They combined gray scale and edge-detection algo-
rithms and a priori knowledge to automate the segmenta-
tion process. Their method benefits from deformable
models but requires manual definition of an initial poly-
gon to define the HC on each slice.

Haller et al. (115) used pattern matching with digital
atlas transformation to automate segmentation of the
brain structures such as the HC. Atlas transformation is
accomplished in two steps: global followed by local match-
ing. Global matching is performed using landmarks; local
matching is performed using a viscous fluid model. Re-
peatability and validity of this method for the HC seg-
mentation were evaluated using MRI of 18 subjects (9
healthy control, 6 men, 3 women, aged 24–54 years, and 9
patients with schizophrenia, 6 men, 3 women, aged 22–61
years). These images were twice segmented manually and
twice segmented using pattern matching with digital atlas

Figure 8. Sequential anteroposterior (top-to-
bottom) cropped coronal MRI studies of a patient
with right mesial temporal sclerosis and a
chronic complex partial epilepsy. T1-weighted
pulse sequences (a) show the structural detail
of the temporal lobes with atrophic changes in
the hippocampus. Fluid-attenuated inversion re-
covery (FLAIR) pulse sequences (b) identify the
corresponding high signal intensity within the
hippocampus (arrowhead). (From Ref. 88.)
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transformation. The mean percentage of difference be-
tween the two atlas-based measurements was 1.33% þ /
� 1.23 (þ /� standard deviation); that between the two
manual measurements was 4.67% þ /� 4.71. The high
correlation (intraclass correlation coefficient of 0.96) be-
tween the atlas transformation and manual segmentation
measurements showed validity of the atlas transformation
measurements. This study found that schizophrenic hip-
pocampal areas tended to be smaller; however, no differ-
ences in hippocampal shape were found between patients
with schizophrenia and control subjects.

Webb et al. (116) also applied a global affine registra-
tion followed by a local affine registration to segment the
HC. Normal variations of the hippocampal signal inten-
sity were computed from images of 30 control subjects.
Manual hippocampal volumetry was used to determine
the lower 1st percentile limits of the normal hippocampal
volume. Hippocampi with volumes below this limit were
defined as atrophic. Fifteen patients with significant
hippocampal atrophy and 14 controls were studied. One
hundred percent specificity required to determine suit-
ability of patients for neurosurgery resulted in levels of
50% and 70% sensitivity in detecting atrophy in the right
and left HC, respectively. Similarly, Dawant et al. (117)
presented a combination of a global similarity transforma-
tion and a local free-form deformation that can be used for
the HC segmentation.

Ghanei et al. (118) developed a discrete dynamic con-
tour model to segment HC. They solved common problems
of dynamic contours and extracted discontinuous bound-
ary of a structure with multiple edges near the structure.
They extended their deformable model to 3D (119). The 3D
model consists of vertices and edges, which connect ad-
jacent vertices. Basic geometry of the model surface is
generated by triangle patches. The model deforms by
internal and external forces. Internal forces are obtained
from local geometry of the model and are related to the
local curvature of the surface. External forces, on the
other hand, are based on the image data and are calcu-
lated from desired image features. They also presented a
method for generating an initial volume for the model
from a stack of initial contours. The initial contours were
constructed automatically using an expert system ap-
proach (120). A flowchart of the HC localization method
is presented in Fig. 9. The resulting initial model and final
segmentation results are shown in Fig. 10. The segmented
hippocampi are shown in 3D in Fig. 11.

Kelemen et al. (121) presented an active shape model
based on a hierarchical parametric object description. The
method builds a statistical model for the desired structure
and uses it to segment the structure in new images using
restricted elastic deformation of the model. The model is
derived from a sample set of images segmented by an
expert. The method is applied to segment the HC and
other brain structures from volumetric MRI of schizophre-
nic patients. It is validated by comparing its results with
expert segmentations. Shen et al. (122) developed a de-
formable shape model to measure size and shape of the
HC. Pitiot et al. (123) combined a general elastic template-
matching approach and an evolutionary heuristic to use
prior statistical information about the structural shape

and control the behavior of deformable template. Vemuri
et al. (124) developed a curve evolution approach in a
level-set framework to achieve image intensity morphing
and a simple nonlinear PDE for coordinate registration.

In five patients with mesial temporal sclerosis, Hogan
et al. (125,126) evaluated precision and reproducibility of
the hippocampal segmentations with deformation-based
methods. The overall percentage overlap between the
automated segmentations was 92.8% (SD ¼ 3.5%), be-
tween manual segmentations was 73.1% (SD¼ 9.5%), and
between automated and manual segmentations was 74.8%
(SD ¼ 10.3%). Deformation-based hippocampal segmen-
tations provided a precise method of hippocampal volume
measurement in this patient population.

Crum et al. (127) applied fluid registration, which
determines brain deformation fields based on those of a

Select a
central slice
of the brain

Generate binary
images for CSF
and gray matter

Extract lateral and
third ventricles
from the CSF

image

 

Search for
landmarks
around the

hippocampus 

Evaluate the
result by the

expert system

CNF>Th

Report the
results

Have all slices
been searched

Select a
new slice

Is there
a slice with CNF<Th
but its adjacent slices

have CNF>Th

 

Use the points on
the adjacent slices
to get valid points
for hippocampus

A

A

Start

Stop

No

No

No

Yes

Yes

Yes

Figure 9. A flowchart of the knowledge-based system that
localizes the hippocampus from T1-weighted coronal images of
the brain. ‘‘CNF’’ and ‘‘Th’’ stand respectively for a confidence
factor and a threshold value.
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viscous fluid, to evaluate the HC volume changes in
Alzheimer’s disease (AD). Segmentation results of the
method were compared with those of human experts
with a volume repeatability of approximately 4% in 27
subjects (15 normal controls and 12 AD). The scan-rescan
volumetric consistency of serial segmentation was super-
ior to human serial segmentations (approximately 2%).
The mean absolute volume difference between fluid and
manual segmentation was 0.7%.

Fischl et al. (128) developed an automated labeling
method for neuroanatomical structures in the human
brain. This method is based on probabilistic information
estimated from a manually labeled training set. Perez de

Alejo et al. (129) developed texture feature extraction and
segmentation methods using a mixture of artificial neural
networks. The method was applied to animal and human
studies, and similar results were derived of the manual
and semi-automatic volumetric measurement of the HC
and the corpus callosum (0.95 and 0.88). Ali et al. (130)
developed a probabilistic multispectral method for auto-
mated segmentation of the C57BL/6J mouse brain MRI
into 21 neuroanatomical structures including the HC.
Pitiot et al. (131) developed an automated 3D segmenta-
tion system based on a variety of filtering, segmentation,
and registration techniques incorporating available a
priori expertise in implicit and explicit forms. This method
has been used for the segmentation of four brain struc-
tures including the HC.

Carmichael et al. (132) compared HC segmentation
methods in the AD and mild cognitive impairment
(MCI). They concluded that fully automated techniques
could be competitive with human raters on this difficult
segmentation task, but a rigorous statistical analysis
showed that a variety of methodological factors should
be carefully considered to ensure that automated methods
would perform well in practice.

Ewers et al. (133) assessed the reliability of MRI
measurements through a phantom study at 11 clinics.
For the manual hippocampal volumetry, automatic seg-
mentation of the brain compartments, and the voxel-based

(a) (b) (c) (d)

(e) (f) (g) (h)

(i) (j) (k) (l)

(m) (n) (o) (p)

Figure 10. Automatic localization and seg-
mentation of the right hippocampus from brain
MRI: (a)-(h) Cross sections of the initial surface
with eight coronal image planes. (i)-(p) Cross
sections of the final surface with eight coronal
image planes.

Figure 11. 3D shapes of the hippocampi generated using the
automatic segmentation results.

10 HIPPOCAMPUS



morphometry, multicenter variability was assessed on the
basis of MRIs of a single subject scanned at 10 of the 11
sites. In addition, cranial MRI scans obtained from 73
patients with AD and 76 patients with MCI were collected
at subset of six centers to assess differences in gray matter
volume. Results show that 9 out of 11 centers met the
reliability criteria of the phantom study, where two cen-
ters showed aberrations in spatial resolution, slice thick-
ness, and slice position. The coefficient of variation was
3.55% for the HC, 5.02% for the gray matter, 4.87% for the
white matter, and 4.66% for the cerebrospinal fluid (CSF).
The coefficient of variation was 12.81% (SD ¼ 9.06) for the
voxel intensities within the gray matter and 8.19% (SD ¼
6.9) within the white matter.

Interactive algorithms provide an alternative to im-
prove reliability of fully automated segmentation while
avoiding labor intensiveness and inaccuracies of the man-
ual segmentation. Freeborough et al. (134) presented a 3D
image analysis package (MIDAS) for interactive segmen-
tation using intensity thresholding, region growing, and
constrained morphological operators. They applied the
method to the segmentation, visualization, and measure-
ment of the entire brain and HC from MRI and estimated
volume loss (atrophy) of the HC in AD patients.

Barnes et al. (135) compared manual and semiauto-
mated measurement of the hippocampal atrophy rates to
differentiate AD from aging. They conclude that the
semiautomated methods reduce operator time and error
and are at least as effective as the manual equivalent as a
diagnostic marker and are a potential marker of progres-
sion in longitudinal studies and trials.

4.3. HC Characterization

To characterize HC changes from the normal state, a
variety of quantitative measures can be extracted from
the medical images using the segmentation results ob-
tained on the coronal T1-weighted MRI. The main fea-
tures are the volume, pixel intensity patterns,
metabolism, and integration of the image features with
EEG, patient history, and clinical symptoms. These are
explained next.

4.3.1. Volumetry. Volumetry of the HC is an important
component of presurgical evaluation of patients with
clinical evidence of medically intractable temporal lobe
epilepsy (TLE). Volumetry can be used to estimate struc-
tural changes associated with neurological and neuropsy-
chiatric disorders. The HC and amygdala (AG) have
important roles in memory, depression, emotion, and
learning. Volume changes in these areas have been ob-
served in conjunction with diseases such as AD, post-
traumatic stress disorder, and depression. Aging has
also been shown to result in gray matter volume loss of
the entire brain and the HC. However, the range of normal
HC volumes is needed to assess atrophy.

Honeycutt and Smith (136) estimated the HC volumes
of normal young adults using MRI. Manual segmentation
of T1 oblique coronal slices in 24 normal subjects esti-
mated the average volume of the right and left HC to be
2.90 and 2.78 cubic centimeters (CC), respectively, which

was significant on paired analysis. These volumes are in
the middle of the wide range of HC volumes (1.73–5.68
CC) reported from previous MRI and histology studies.
This wide variation can be mainly explained by differing
image acquisitions, subjective HC boundary definitions,
and sample heterogeneity.

Leinsinger et al. (137) used volumetric analysis of the
corpus callosum and the HC to evaluate regional pattern
and progression of neocortical degeneration in AD. To
investigate the age-related changes in the brains of
healthy elderly subjects, Miyahira et al. (138) determined
the volumes of several brain structures including the HC.
They found that age-related hippocampal volume reduc-
tion was similar to the gray matter reduction.

The HC and AG volumes appear to be also impacted by
the X-monosomy (139). Aberrant morphology in these
regions may be related to the social cognition and memory
deficits often experienced by individuals with Turner
syndrome (TS). The HC size seems more important in
recall after 11 weeks than after a shorter time interval
(140).

O’Brien et al. (141) studied HC volume, cortisol levels,
and cognition in older depressed subjects. Depressed sub-
jects had a reduction in the right HC volume (6% de-
crease). The HC volume reduction was not associated with
increased cortisol levels but was significantly correlated
with continuing memory deficits at 6 months. Persisting
MCI was seen in 20 (41%) of 49 subjects at 6 months and
was associated with reduced HC volume but not severity
of depression, cortisol levels, or APOE genotype.

Kuzniecky et al. (142) used qualitative MRI to char-
acterize mesial temporal sclerosis. They investigated atro-
phy patterns in 47 patients with histologically confirmed
hippocampal sclerosis and correlated the imaging findings
to the clinical features and surgical outcome. In this study,
all patients had hippocampal body atrophy, 70% had
hippocampal tail atrophy, 23% had amygdala atrophy,
and 10% had focal hippocampal body atrophy. Correlative
analysis of the segmented MRI findings with other clinical
variables, including a previous history of childhood febrile
convulsions, showed no significant associations except for
younger age of seizure onset associated with hippocampal
tail atrophy (p o0.03). No associations between surgical
outcome and the patterns of mesial temporal atrophy were
detected.

Bigler et al. (143) estimated volumes of the HC and the
temporal horn from MRI of 96 healthy volunteers and 94
patients with traumatic brain injury. They explored rela-
tionships between neuropsychological testing and volu-
metric measures with particular emphasis on the
correlation between cognitive outcome and the HC and
temporal horn volumes. They found no significant age
group differences in the normal group from age 16 to 65.
The left and right HC volumes did not differ from each
other. This was also true for the temporal horns. The HC
and temporal horn volumes were not significantly related.
Women had larger HC relative to cranial volume. Com-
parisons between patients with traumatic brain injury
and control subjects showed significant yet modest bilat-
eral atrophic changes in the HC and temporal horn
enlargement in the patients with brain injury. The HC

HIPPOCAMPUS 11



and temporal horn volumes correlated significantly with
each other in the group with traumatic brain injury.
Cognitive outcome was modestly related to the HC and
temporal horn volumes. However, in a specific subgroup
whose images were acquired between 71 and 210 days
after injury, strong correlations were noted in which the
temporal horn volume correlated highly with the IQ and
the HC volume correlated with the verbal memory func-
tion. Based on the results, the authors conclude that the
HC and temporal horn volumes are independent variables
in the healthy control subjects. Traumatic brain injury
results in significant HC atrophy and temporal horn
enlargement. The HC and temporal horn volumes are
inversely correlated in traumatic brain injury patients,
suggesting a differential relationship of these structures
compared with the control subjects. In the subacute phase,
the temporal horn volume is indicative of intellectual
outcome and that of the HC is indicative of the verbal
memory function.

Pruessner et al. (144) used 3D gradient echo MRI,
corrected nonuniformity, and registered images of 40
healthy individuals into standard stereotaxic space prior
to segmentation. Volumetric analysis was performed
manually using 3D software that allows simultaneous
analysis of sagittal, coronal, and axial images. Intra- and
inter-rater coefficients yielded correlation coefficients com-
parable with other protocols. The HC volume was larger in
the right hemisphere (3.324 versus 3.208 CC). Most im-
portantly, results from recent segmentation protocols for
the HC seem to approach each other with regard to the
mean volumes and interhemispheric differences. This
indicates that the advances in scanning technique, volume
preparation, and segmentation protocols allow a more
precise definition of the medial temporal lobe structures
with MRI, and that results for mean volumes for the HC
from different laboratories will eventually become compar-
able.

Bigler et al. (145) evaluated quantitative MRI differ-
ences in 180 elderly with various clinical disorders (in-
cluding dementia, AD, and vascular dementia) and
disorders of MCI and 24 healthy subjects. The potential
of quantitative MRI was assessed by the presence or
absence of the apolipoprotein E (APOE) epsilon4 allele
and by the level of cognitive deficit. Age, duration of
disease, and head size (where appropriate) were consid-
ered as covariates. The APOE genotype was determined
by polymerase chain reaction using buccal material. Axial
and coronal intermediate- and T2-weighted MRI were
quantified using a multispectral segmentation algorithm.
Cognitive status was assessed by means of a modified
Mini-Mental Status Examination. All types of dementing
illness showed significant volume reductions in the ma-
jority of structures examined, particularly in the total
brain, HC, and white and gray matter, and increased CSF
and ventricular volumes. Subjects with mild cognitive
impairment showed fewer atrophic changes but were still
distinguishable from the control subjects. Presence of an
epsilon4 allele was associated with smaller HC volume in
the patients with AD and vascular dementia within just 1
year of disease onset. For other analyses, atrophy related

to the presence of the epsilon4 allele disappeared after
controlling for age and length of disease.

Pruessner et al. (146) evaluated HC and AG of 80
subjects in early adulthood (39 men and 41 women, age
18–42 years) and found a larger shrinkage of brain gray
matter for men. Whereas volume of AG appeared to be
independent of age and gender, a significant negative
correlation with age for both left and right HC was found
in men (r ¼ –0.47 and –0.44, respectively) but not in
women (r ¼ 0.01 and 0.02, respectively). The volume
decline in men appeared to be linear, starting at the
beginning of the third life decade and approximating
1.5% per annum, mostly in the head and tail of the HC.

Kremer et al. (147) studied MRI of 13 patients (32.1þ /
� 8.2 years) suffering from partial, temporal lobe, drug-
resistant epilepsy and 20 normal volunteers (31.8þ /� 7.7
years). The HC and cingulate gyrus volumes were calcu-
lated after semi-automated segmentation of intrasulcal
gray matter. The thickness of the posterior column of the
fornix and the thickness of the mamillary bodies were also
measured. They found 10 cases of ipsolateral hippocampal
sclerosis, 6 cases of ipsolateral atrophy of the mamillary
body, and 4 cases of ipsolateral atrophy of the fornix. They
did not find any atrophy of the cingulate gyrus. They
conclude that hippocampal sclerosis can be associated
with lesions of limbic lobe structures (fornix and mamil-
lary body) excluding the cingulate gyrus.

Obenaus et al. (148) measured the HC volumes in
pediatric TLE patients. Their method was tested prospec-
tively on six control subjects (13–60 mo of age). The un-
normalized HC volumes ranged from 3.85 to 6.38 CC, in
agreement with previously published results. Inter- and
intra-observer variability of the segmentation method was
13.3% and 2.8%, respectively. Four different methods of
volume normalization to adjust for age-related increases
in the HC volume were tested. The most appropriate
method to compensate for growth-related HC volume
changes used the intracranial volume.

Jernigan et al. (149) quantitatively analyzed brain MRI
of normal volunteers, aged 30 to 99 years. Age was related
to the estimated volumes of gray matter, white matter,
and CSF of the cerebrum and cerebellum; gray matter,
white matter, white matter abnormality, and CSF within
each cerebral lobe; and gray matter of eight subcortical
structures. Age-related losses in the HC were significantly
accelerated relative to the gray matter losses elsewhere in
the brain. It is estimated that between the ages of 30 and
90 volume loss averages 14% in the cerebral cortex, 35% in
the HC, and 26% in the cerebral white matter. Separate
analyses were conducted in which genetic risk associated
with the Apolipoprotein E epsilon4 allele was either over-
represented or underrepresented among elderly partici-
pants. Accelerated loss of the HC volume was observed
with both analyses and thus does not appear to be due to
the presence of at-risk subjects.

Bigler and Tate (150) used a large MRI data set (n ¼
532) to investigate the utility of total intracranial volume
(TICV) as a correction factor when assessing total brain
volume (TBV) and the subcortical volumes of the temporal
horn of the lateral ventricular system and the HC. The
total brain volume was compared with the TICV in 357
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control subjects and 175 patients with various dementing
and neuropsychiatric disorders (mixed dementia/neurop-
sychiatric group). The MR-based TBV/TICV relationships
were compared with actual postmortem (n¼ 87) values
obtained from a study of neurologically healthy subjects at
the time of death. Comparisons were also made in which
temporal horn and HC volumes were corrected by TICV
and TBV. Lastly, the ability of corrected TBVand temporal
horn and HC volumes to distinguish subjects in the mixed
dementia/neuropsychiatric group from controls was exam-
ined by logistic regression. In the control sample, the brain
volume averaged 9% of TICV, regardless of age. In con-
trast, TBV in the mixed dementia/neuropsychiatric sub-
jects showed, on average, a 22% reduction compared with
TICV. By plotting TBV/TICV curves, highly significant but
different regression lines emerged, wherein a reduction in
brain volume in conditions of mixed dementia/neuropsy-
chiatric disorder showed a distinct separation from the
norm. The TBV/TICV regression line generated from MR
imaging in controls did not differ from the postmortem
TBV/TICV regression line. Logistic regression showed a
96% correct classification of mixed dementia/neuropsy-
chiatric subjects from controls by using the TBV/TICV
ratio.

Du et al. (151) explored volume changes of the entorh-
inal cortex (ERC) and HC in MCI and AD compared with
normal cognition (NC), to determine the powers of the
ERC and the HC for discrimination between these groups.
This study included 40 subjects with NC, 36 patients with
MCI, and 29 patients with AD. Volumes of the ERC and
HC were measured manually on MRI. Global cerebral
changes were assessed using semiautomatic image seg-
mentation. Both ERC and HC volumes were reduced in
MCI (ERC 13%, HC 11%, po0.05) and AD (ERC 39%, HC
27%, po0.01) compared with NC. Furthermore, AD
showed greater volume losses in the ERC than in the
HC (po0.01). In addition, AD and MCI also had cortical
gray matter loss (po0.01) and ventricular enlargement
(po0.01) when compared with NC. There was a signifi-
cant correlation between ERC and HC volumes in MCI
and AD (both po0.001), but not in NC. Using ERC and HC
together improved discrimination between AD and CN but
did not improve discrimination between MCI and NC. The
ERC was better than the HC for distinguishing MCI from
AD. In addition, loss of cortical gray matter significantly
contributed to the HC for discriminating MCI and AD
from NC.

Subjects with posttraumatic stress disorder (PTSD)
had smaller absolute and normalized bilateral HC vo-
lumes (152). After correcting for cranial volume, men
and women had identical volumes of AG and HC, as well
as dorsal prefrontal cortex (153). Hippocampal head size
was shown to be associated with verbal memory perfor-
mance in nondemented elderly (154). When AD patients
were compared with controls, the largest atrophic regions
corresponded to the right and left HC/AG complex (155).
Group comparisons between control subjects and epileptic
patients with temporal pole hypometabolism showed a
reduction of the gray matter located in the superior part of
the right temporal pole, the right HC, and the left para-
hippocampal gyrus (156).

Cardenas et al. (157) compared MRI measures of the
HC, ERC, and whole brain longitudinal changes in cogni-
tively normal elderly controls (C), nondemented subjects
with cognitive impairment (CI), and demented (D) sub-
jects. They found that in CI, the greatest annual rates of
atrophy were in ERC, while in D, the greatest annual
rates of atrophy were in HC and cortex. Progressive ERC
atrophy was observed with a greater degree of cognitive
impairment, while HC and cortical atrophy were only
observed in D.

In patients with mesial TLE, MRI-based large-defor-
mation high-dimensional mapping (HDM-LD) showed
significant shape changes, with marked inward deviation
in the Sommer sector of the medial temporal lobe sclerosis
(MTS) hippocampi. In the contralateral hippocampi, the
inferior surface of the hippocampal body showed inward
deformation in the medial aspect of the subiculum, with
minimal involvement of the Sommer sector, suggesting
that the underlying disease process in the contralateral
hippocampi is different from MTS (158). Bouix et al. (159)
analyzed the HC shape using medial surfaces and found
that the results might serve as a complimentary technique
to investigate group differences using MRI.

Lodygensky et al. (160) studied structural and func-
tional brain development after hydrocortisone treatment
for neonatal chronic lung disease. Using MRI, they esti-
mated tissue volumes of cerebral gray matter, white
matter, cerebrospinal fluid, and HC. They found that
prematurity is associated with mild brain structural
differences that persist at 8 years of age, with associated
lower scores in neurocognitive assessments. The data
suggest that perinatal hydrocortisone given at the de-
scribed dosage has no long-term effects on either neuro-
structural brain development or neurocognitive outcomes.

4.4. Intensity and Texture Features

In TLE, the HC volume does not always determine the
abnormal HC correctly (see Table 1). To determine the
abnormal HC accurately, Jafari-Khouzani et al. (161)
proposed the use of the texture information within the
HC on FLAIR MRI. To this end, pre-operative MRI studies
of the patients whose abnormal hippocampi were deter-
mined using the EEG phase II study were used. The HC
segmentation results from the T1-weighted MRI were
overlaid on the FLAIR images. Then, wavelet, multiwave-
let, and wavelet packet transforms of the HC on FLAIR
MRI were taken and the energy and entropy features on
each subband calculated (see Fig. 12). Finally, a clustering
algorithm was applied to determine the abnormal HC.
Experimental results confirmed that the texture features
improve the prediction of the abnormal HC for TLE
surgery.

4.4.1. Function and Blood Flow. To show that the med-
ial temporal lobe, including HC and parahippocampal
gyrus, plays a critical role in establishing declarative or
episodic memory, event-related functional MRI (fMRI)
studies have been employed (162). Neural responses of
these structures were measured while subjects performed
retrieval tasks for facial identity and emotion, respec-
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tively. Under the identity condition, the subjects partici-
pated in a yes/no recognition test for neutral faces learned
before the scanning. Under the emotion condition, the
subjects learned the faces with positive or negative ex-
pression and retrieved their expressions from neutral cue
faces. The results showed that the left HC is primarily
involved in the identification of learned faces.

The precise role of HC in memory for facts and events
(declarative memory) remains unclear. According to one
view, HC has a special role in relating or binding together
previously unrelated pieces of information, while another
view proposes that HC is equally involved in all forms of
declarative memory regardless of their demands on rela-
tional processing. Using fMRI, it has been recently shown

that HC activation is modulated by the extent to which a
retrieval task depends on relational processing (163).

Although the hippocampal role in the recent spatial
memory of patients with damage to this structure is well
documented, Rosenbaum et al. (164) used fMRI to show
that the HC may not be needed for the storage and
recovery of a spatial layout that was experienced long
before injury. Such preservation may rely, instead, on a
network of dissociable, extra-HC regions implicated in
topographical orientation.

To show that HC is necessary to overcome temporal or
spatial discontiguity, Luo and Niki (165) acquired fMRI
data as human subjects were making judgments about
semantic relationships. Two words were presented, either

Table 1. Identification of the Abnormal Hippocampus by Thresholding the Volume (right over left) Ratio at 1. (‘‘C’’ and ‘‘I’’
stand for correct and incorrect classifications, respectively.)

Patient 1 2 3 4 5 6 7 8 9 10 11 12 13 14
Abnormal Side L L R R L L R R L R R L L R
Volume Ratio 1.13 0.87 1.56 0.58 1.40 0.85 0.97 0.67 2.04 1.12 0.53 1.78 1.45 1.09
Classification Result C I I C C I C C C I C C C I
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at the same time or one after the other with a short,
unfilled rest period. The latter condition, relative to the
former, was proposed to involve the process of disconti-
guity association. Event-related fMRI results showed
that, relative to the binding of simultaneously presented
words, the binding of delay presented words was asso-
ciated with left HC activity.

To test the hypothesis that activation of dopaminergic
midbrain regions enhances HC-dependent memory forma-
tion, Wittmann et al. (166) conducted fMRI experiments
on healthy adults. They found that pictures of object
drawings that predicted monetary reward were associated
with stronger fMRI activity in reward-related brain areas,
including the substantia nigra, compared with nonre-
ward-predicting pictures. Three weeks later, recollection
and source memory were better for reward-predicting
pictures than for nonreward-predicting pictures. The
fMRI activity in HC and the midbrain was higher for
reward-predicting pictures that were later recognized
compared with later forgotten pictures.

To determine whether the HC makes contributions to
memory processing that are different from those contrib-
uted by structures in the adjacent parahippocampal re-
gion, Kohler et al. (167) assessed event-related fMRI
responses in the medial temporal lobe (MTL) for novel
single objects and for novel spatial and nonspatial object
relationships. Human subjects were asked to detect these
different types of novelties among previously studied
items, and they successfully performed this task during
scanning. A double dissociation that emerged from the
response pattern of regions in the HC and perirhinal
cortex provided the strongest support for functional spe-
cialization in the MTL. A region in the right middle HC
responded to the novelty of spatial and nonspatial rela-
tionships but not to the novelty of individual objects. By
contrast, a region in the right perirhinal cortex, situated
in the anterior collateral sulcus, responded to the novelty
of individual objects but not to the novelty of either type of
relationship.

To assess patterns of postictal cerebral blood flow in the
mesial temporal lobe, Hogan et al. (168) coregistered
postictal 99mTc-HMPAO SPECT with MRI of patients
with confirmed mesial temporal lobe epilepsy. Volumetric
tracings of HC and AG on MRI were superimposed on the
postictal and interictal SPECT. Asymmetries in HC and
AG SPECT signal were then calculated using the equa-
tion: % Asymmetry ¼ 100 x (right - left)/(right þ left)/2. In
the postictal studies, quantitative measurements of AG
SPECT intensities were greatest on the side of seizure
onset in all cases, with an average % asymmetry of 11.1,
range 5.2–21.9. HC intensities were greatest on the side of
seizure onset in six studies, with an average % asymmetry
of 9.6, range 4.7–12.0. In four scans HC intensities were
less on the side of seizure onset, with an average %
asymmetry of 10.2, range 5.7–15.5. There was no localiz-
ing quantitative pattern in interictal studies.

The cerebral blood flow can also be assessed by perfu-
sion MRI (PI). Although PI and diffusion-weighted MRI
(DWI) have been applied mainly in acute stroke, they may
provide information in the peri-ictal phase in epilepsy
patients. Both hyperperfusion and the transient reduction

of brain water diffusion, namely a low apparent diffusion
coefficient (ADC), have been reported in experimental and
human epilepsy case studies.

Heiniger et al. (169) prospectively studied SPECT and
interictal MRI, including PI and DWI, of eight patients
with drug-resistant epilepsy. Lesions suspected on SPECT
of being epileptogenic showed mild hypoperfusion, while
DWI revealed increased apparent diffusion coefficients
relative to the other side. Szabo et al. (170) studied 10
patients with complex partial status epilepticus (CPSE)
with serial MRI including DWI and PI. All patients
showed regional hyperintensity on DWI, and a reduction
of ADC in (1) HC and pulvinar region of thalamus (6 out of
10), (2) pulvinar and cortical regions (2 out of 10), (3) HC
only (1 out of 10), and (4) HC, pulvinar, and cortex (1 out of
10). In all patients, a close spatial correlation of focal
hyperperfusion with areas of ADC/DWI change was pre-
sent. In two patients hyperperfusion was confirmed in
additional SPECT studies.

4.4.2. Metabolism. To evaluate the HC metabolism,
Muller-Gartner et al. (171) measured radiotracer concen-
tration in the brain using positron emission tomography
(PET). They used gray matter (GM) regions identified by
MRI to correct for partial volume effects. In computer
simulations and phantom studies, the GM-PET algorithm
permitted a 100% recovery of the actual tracer concentra-
tion in the neocortical GM and HC, irrespective of the GM
volume. When GM-PETwas applied in a test case of TLE,
it revealed an increase in radiotracer activity in the GM
that was undetected in the PET image before correction
for partial volume effects. Knowlton et al. (172) showed
that partial volume-corrected HC-specific glucose uptake
in FDG PET correlated strongly (r ¼ 0.613, po0.001)
with the HC volume.

Mueller et al. (173) evaluated the usefulness of mag-
netic resonance spectroscopic imaging (MRSI) combined
with tissue segmentation for the identification of the
epileptogenic focus in the neocortical epilepsy (NE). In
their study, MRSI localization of the focus was correct in
70% of the patients with an MRI-visible malformation and
in 60% of the patients with normal MRI. Of the patients,
15% had metabolically abnormal brain regions outside the
epileptogenic lobe, and 35% of the patients had evidence of
secondary HC damage. Using MRSI, Weber-Fahr et al.
(174) showed abnormal NAA in the HC of schizophrenic
patients.

4.5. Information Integration

To incorporate several morphological and intensity-based
features of the HC into the analysis, Siadat et al. (175)
proposed a human brain multimodality database system
with content-based image management, navigation, and
retrieval support for epilepsy. The system consists of
several modules including a database backbone, brain
structure identification and localization, segmentation,
registration, visual feature extraction, clustering/classifi-
cation, and query modules (see Fig. 13). The anatomical
landmark localization and brain structure identification
method facilitates navigation through the image data and
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extracts useful information for segmentation, registration,
and query modules. The database stores T1-, T2-weighted,
and FLAIR MRI and ictal/interictal SPECT images with
associated clinical data. The visual feature extractors are
confined within the anatomical structures to support
semantically rich content-based procedures. The proposed
system may serve as a research tool to evaluate a vast
number of hypotheses regarding the condition such as
resection of the HC with a relatively small volume and
high average signal intensity on FLAIR. Using data
mining tools, partially invisible correlations between dif-
ferent modalities of data can be discovered.
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MARÍA T. ARREDONDO

Universidad Politécnica de
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1. HEALTH TELEMATICS AT RESIDENCE

1.1. From Telemedicine to Home-based e-Health Delivery

Home telehealth aims to support remote healthcare deliv-
ery at home by taking advantage of Information and
Communication Technologies (ICT) for higher quality
and efficiency of care. The perception of these two key
factors depends on each specific care model, which varies
according to population state expectations. The majority of
national plans for telemedicine do express this demand as,
for example, the telemedicine plan of Spanish Ministry for
Health, passed in 2000, which explicitly assumes the
essential role of ICT to promote ‘‘universal coverage,
equity of access, efficacy in health support and efficiency
in resources utilization’’ (1).

Residential environment is the most natural setting to
rest when a person keeps in illness stage unless the
patient should be sent to the hospital. Thus, assumptions
in equity of access to health and universal coverage has
encouraged telemedicine to make multiple efforts, started
in the mid-1990s, in order to analyze and demonstrate its
clinical impact and acceptance for homebound population
groups suffering from different pathologies. As a represen-
tative sample, it is worthy to mention how the 2001
Telemedicine Report to Congress, published by the U.S.
Department of Health and Human Services, did empha-
size that home health agencies ‘‘may adopt telehealth
technology that it believes promotes efficiencies or im-
proves quality of care’’ (2).

Although most of available impact studies about home
telemedicine have statistical methodological limitations, a
deep review of representative ones often reports positive
results in interaction among patients, health profes-
sionals, and care context. One of these first articles,
published in 1998 by Whitten et al., provided an identifi-
cation of types of illnesses to be supported by a pilot home
telecare system (3). This experience, developed in Kansas,
USA, allowed assessing patients’ and nurses’ satisfaction
related to the use of the service. Other studies like the
most recent carried out in 2005 in Iowa, USA, by Wake-
field et al., studied both patient, family, and care provider
preferences surrounding home care technologies, such us
videotelephony and IP video systems. The generally ac-
cepted conclusion is that ease of use, clinical appropriate-
ness, training, and support will likely play deciding roles
in future growth of home telehealth (4).

Ongoing experiences in Europe and Asia have progres-
sively shown residence as optimal scenery to access to a
wide range of health services, sustained by telematics,
where homecare includes education, information, medica-

tion, and consumer devices. European Union DG XIII
promoted home telecare in the early 1990s in two main
areas of its Telematics Applications Programme: Health-
care and Disabled, and Elderly People. Between 1991 and
1994, projects like EPIC, METROPOLIS and IREP, within
the Third Framework Programme (FP) on Telematics
Systems for Health Care (AIM), addressed ICT applica-
tions in home care including functional specifications
analysis, health telematics technology development, vali-
dation, and integration. Research and technological devel-
opment continued from 1994 to 1998 under the Fourth FP
to create organizational and technical tools for ‘‘seamless
care’’ on a local level and on a national and international
level. Telehealth targeted to integrate home patient-cen-
tered support between primary care services and specia-
lized institutions in projects like ACTION, COCO,
HOMER-D, ITHACA, or SAFE21. From 1998 to 2002,
within the Fifth FP, multimedia communications for
home telemedicine were deployed in other projects like
ATTRACT involving up to 135 patients.

As a result, the telemedicine concept was extended to
telehealth encompassing both health promotion and treat-
ment as defined by World Health Organization in 1948. A
report from a Working Group on technologies for home
care in the 21st century, edited by the Catholic University
of America, depicted in 1999 a product view much closer to
a home based e-Health concept (5). Essentially, focus lays
on business models, cost-effectiveness, health providers,
and accessible health applications for all with the house as
an entry point for the main part of the health system. The
document outlines a market approach to how ‘‘consumers
will interact with its health providers, thanks to the
evolution of lower costs in home interactive technologies,
in the same way they currently do in health centers but
adding the comfort and privacy inherent to the residence.’’

1.2. A Multipurpose Classification of Home Telehealth
Services

From the very beginning, telemedicine authors like Ba-
shur et al. in 1997 have usually classified health tele-
matics services primarily attending to its application
medical field (6). Consequently, a new type of service
was defined as long as a clinical specialty was delivered
through telemedicine. In particular, main experiences and
services identified in home telehealth comprise: telecar-
diology for patients suffering from congestive heart failure
(CHF), telenephrology to support ambulatory peritoneal
dialysis (CAPD) technique, telepneumology for people
with chronic obstructive pulmonary disease (COPD), tele-
endocrinology for diabetes care, teledermatology, telegy-
necology, teleoncology, telealergology to population with
asthma, telepsychiatry, and psychological teletherapy for
acute or chronic pain support. Aspects and benefits of
homecare reported between 1982 and 1997 were collected
by Steel et al. through a compilation of more than a
hundred references of paper news and articles (7). The
evolution and application of home telemedicine services
was studied and compared in better detail in the essay
work published by Jerant in 1999 (8).
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Although clinical scope might be adequate to refer
home telehealth uses, a better detail of the exact type of
information or service that is being provided through
telematics does help to clarify the service both from
functional, organizational, and technical points of view.
Lathan et al. suggested in 1999 a conceptual model for
telemedicine that associates the capacity of human beings
to process information with the most representative func-
tionality of these services (9). So, perceptual, cognitive,
and motor abilities are identified as means to facilitate
data collection from the environment, to process informa-
tion, and to carry out actions derived from the analysis
and interpretation of the health context. These inherent
human beings features are linked to the most frequent
functions of a telemedicine service, which are assessment,
therapy, and education. Getting in more detail and ex-
tending the Lathan model, three categories might be
defined for home telehealth services including specific
functionality for each application such as:

Assessment (Telealarms, telemonitoring / follow-up,
telediagnosis, remote consultation)

Therapy (Televisit, telerehabilitation)

Education (Teleprevention, training at distance, health
information)

As remarked previously, the advantage of a concrete
functional classification is the possibility to specify the
type of data transmitted from / to the home as well as the
organization model between health providers and home
facilities. It is not the same to assume the need of an
asymmetric narrowband channel (low bit rate) to transmit
biomedical data such us blood pressure for a telemonitor-
ing service of CHF patients than to demand a bidirectional
broadband connection to support videoconference in a
home televisit service of a renal patient whose arms
need to be checked by the specialist in order to prevent
potential edema. Otherwise, the organizational needs for
an online communication service between nursing staff
and homebound patients are much more complicated
compared with a store and forward model where patient
sends his or her personal data and health professionals
may study them when required.

The technical considerations referred above bring us
another possible classification of home telehealth services,
which pays specific attention to type of data transmitted
and processed (text, biomedical signals, audio, images,
video), characteristics of communication channel (unidir-
ectional / bidirectional, online / store and forward) ,
technical devices (PC, set-top box plus TV, vital signs
monitor), or access networks (fixed or wireless, commu-
nication protocols).

Figure 1 shows a three-axis classification of home
telehealth services distinguishing clinical, functional, or
technical points of view. It is possible to see how a home
teleoncology service might require televisit and multi-
media communication but not telemonitoring functions.

2. HOME TELEHEALTH DEPLOYMENT

Deployment of home telehealth into clinical routine is not
an easy venture. Having on mind the special features of
residential setting, five key aspects need be considered for
each specific context: population care needs; support to
healthcare policies; technology availability; cost-effective
provision models; and ethic-legal issues. In order to illus-
trate these aspects, we can bring back in a metaphoric way
the Radio News magazine cover that imagined in 1924 a
young patient ‘‘making telemedicine.’’ The little child at
bed showing his tongue to the camera might represent the
necessity of clinical assessment that telehealth could
satisfy when no other solution is available. The specialist
placed in a remote center is an example of a healthcare
policy willing to take advantage of available technology
(radio, TV) in order to assist in an effective way the
consultation demand. These four elements closely rely
on the fulfillment of ethic-legal issues such as privacy
and confidentiality which, from time immemorial, are the
basis of a medical act.

2.1. Population Demand for Home Telehealth

In parallel with care provision trends, population demand-
ing health support at home has increased at the same pace
that elderly groups and longevity increase, rights of people
with disabilities to independent living are recognized, and
multiple pathologies are treated or cured at home. This
population demand aspires to feel at home a better quality
of life related to health avoiding unnecessary displace-
ment from home for hospitalization. As a consequence,
costs may decrease and a more ‘‘healthy’’ and comfortable
atmosphere might be provided to ill people. Kinsella
predicted in 2002 ongoing home healthcare needs in the
short term (10). Telehealth services may assist more
frequently growing populations of people with chronic
diseases, help to better self-manage on their own, reduce
isolation, and support relatives’ and informal carers’ work.

Home care demand is not only a wish but a reality that
has been largely analyzed in countries with higher gross
domestic product. As Lehmann and Giaccinni outlined in
their pilot study published in 2004, more than 301 million
home visits happened in 1997 in the United States (11).
This fact meant $27 million expense on home health
reimbursement alone for the government’s Centers for
Medicare and Medicaid Services and was projected to
$41.3 billion in 2001. European context does not differ
much from USA as shown in EUROSTAT Yearbook edited
in 2003 that presents more than 70 million people sur-
passing 60 years old in the 15 member states what means
almost a fifth part of the total European population
(around 380 million) who are potential beneficiaries of
home care support. The projections for year 2025 indicate
a 22% of EU-15 population older than 65 years, 18.3% in
USA, and about 26% in Japan.

Average data for an European country like Spain with
around 41 million population in 2003 estimates, according
to the Spanish Statistical Yearbook (2002–2003), a 21.68%
of population older than 65 in 2005 meaning an increase in
more than 4 units compared to year 2002. It is important
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to outline in the Spanish context, based on a 2003 report
from the Ministry of Labour and Social Affairs, that
197,306 people used a public home care service in Spain
in year 2002 and 104,313 utilized a public telecare service
(12). Focusing on care needs related to disability, it is
important to remark that most frequent ones are mainly
associated to displace out of home (21%) or to make
homework; this group represents in Spain about 9% of
population. Home care demand conditioned by illness was
studied by Ruipérez in 1999 distinguishing three pathol-
ogy groups that cause dependency and personal attention
need: motor alterations (articulation, osseous, muscular or
motility), cognitive (dementia and depression), and sensi-
tive (vision or hearing reduction) (13). Most hospital
admissions are due to mental, circulatory, digestive, re-
spiratory, oncologic, and trauma disorders (Spanish con-
text, 1998).

2.2. Home Healthcare Policies Support

Governments’ priorities for home care policies do change
depending on the countries; however, main common direc-
tions are globally assumed as reported by the World
Health Organization in 2001 (14). Ideally, home care
must be integrated in all health and social systems but a
first step, at least, is the existence of health promotion and
illness prevention programs. Next steps encompass sup-
port to official assistance at home, community care at
residence and, finally, provision of chronic or long treat-
ments at home coordinated with primary or hospital
centers.

Telehealth view places patient care and professionals’
role in a centered model where health support expected by

population is provided through the different layers of the
healthcare system and the services provision chain. Effec-
tive home telehealth policies rely on homebound patient
reality, professionals’ interrelation, advances in quality of
care, use of available ICT, and public health priorities.
Current demographic changes are forcing public and
private health institutions to move from a reactive care
support focus to proactive disease management models. As
Utterback points out, lack of human and financial re-
sources in health centers oblige to imply patients and
relatives in care process through better guidance and
education, symptoms control, and personal health man-
agement getting to behavioral changes in self-care or
medication (15).

This scenario lays home telehealth patient-centered
models in a privileged position to reinforce active care
trends by providing easy and necessary communication
links between patient and professionals. Identification
and care about patients’ preferences is facilitated getting
to better coordination and timely care, pain relief, and
easier listening and communicating. In terms of care
delivery outcomes, main benefits identified and expected
in home telehealth range from better education and in-
formation provision, to participation in decision making,
prevention of disease, disabilities and impairments as well
as wellness and healthy lifestyles promotion (16).

2.3. Technology Availability at Residence

From a technical point of view, home telehealth service
functionality essentially depends on available communi-
cation links between residence and health centers as well
as affordable audiovisual and/or vital signs monitoring
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devices. Depending on the type and quality of transmitted
data, an analog telephone line might be enough to hold a
teleconsultation and send blood pressure parameters, or a
high bandwidth digital connection might be required for a
home telegynecology televisit session where audio and
video are transmitted in both ways and an echocardiogra-
phy image needs to be transmitted online from home
premises.

According to the chronological adoption of ICT technol-
ogies in home telehealth, Celler et al. distinguished in
1999 three generations of systems (17). First-generation
ones get into the category of ‘‘telealarms,’’ that is to say,
‘‘personal alarm systems and emergency response tele-
phones capable of establishing a voice connection between
the patient and the response centre whenever a pendant
alarm button is pressed.’’ In this sense, technology pro-
vides security sensation to end users at home since an
effective way to ask for immediate attention from health or
social providers is supported. Elderly or disoriented people
as well as patients who might fall into a high-risk situa-
tion are the most potential users of these devices. Second-
generation systems aim to evolve to ‘‘smart home’’ tech-
nologies that take advantage of automatic unobtrusive
monitoring devices integrating both biomedical para-
meters and home environment measures. Thus, monitor-
ing systems at home incorporate reliable algorithms to
support decision making and automatically report health
providers when significant events occur. Events might be
triggered if specific biomedical parameters (pulse, oxygen
saturation, blood pressure, ECG, temperature, glucose,
etc.) cross a determinate threshold or a data aggregation is
prepared to be transmitted periodically at scheduled mo-
ments of the day not requiring direct participation of
patients. Third-generation systems are defined them-
selves by their interaction capabilities. Most frequent
ones rely on audiovisual online or store and forward
communication between patients and careers supporting
home televisit, teletherapy, or health tele-education at
home. In the last decade, uncertain deployment of resi-
dential access networks have slowed down massive de-
ployment of this third type of home telemedicine systems
when broadband data rates have been required like a
bidirectional communication at 384 kbps for video CIF
quality (288 � 352 pixels). Integrated Services Digital
Network (ISDN), Hybrid Fiber Coaxial (HFC) topologies,
and Digital Subscriber Lines (DSL) have been the most
promising access technologies although their penetration
rate is very dependent on business opportunities and
market considerations at every place.

In this direction, the ATTRACT EU project aimed to
validate, between 1998 and 2001, different home teleme-
dicine services based on broadband communication pilots
established in five locations in Europe (18). A telecare
platform was developed in three countries using a PC or a
set-top box containing a videoconferencing codec, the
other two sites used off-the-shelf videoconference units.
Thirteen health professionals, 135 patients, and 88 infor-
mal carers were involved in the trials using video com-
munications ranging from 128 to 768 kbps with h.320 or
h.323 codecs running on ISDN, HFC, DSL, or ATM net-
works. Dealing with the quality of overall communication,

best results were obtained at ISDN 384 kbps Madrid site
attending renal and chronic pain patients at home in
comparison with the Crete site that provided asthma
teleconsultation for children at 256 kbps using a broad-
band wireless network. Belfast and Frankfurt sites re-
ported medium acceptance for telehealth services to
support speech teletherapy and elderly people living alone
at home using 128 kbps over ISDN and HFC, respectively.
Final results were satisfactory but reinforced the difficulty
to get consensus on best ICT technologies and data rates
as it differs much within each home telehealth service,
pathology, and scenario.

2.4. Home Telehealth and Cost-Effectiveness

The discussion about how to measure cost-effectiveness in
telehealth is not a solved issue as it depends on effective-
ness expectations of each telecare scenario as well as cost
models. Theoretically, a telehealth service can be consid-
ered effective when it achieves its expected goals in real
clinical practice. However, some authors fix these objec-
tives on the capability of telemedicine to substitute tradi-
tional person-to-person care and some others judge
effectiveness in the ability and benefits of providing addi-
tional health care furthermore to traditional care.

One of the most relevant studies, the Kaiser Permanent
Tele-Home Care Health Research Project, published in
2000 its positive results on home telehealth counting up to
1,003 in-person home healthcare visits and 416 remote
video visits compared to a control group of 1,197 in-person
home healthcare visits (19). Main diagnostics of the 102
voluntary participants referred in the study were patients
with congestive heart failure, chronic obstructive pulmon-
ary disease, cerebral vascular accident, cancer, diabetes,
anxiety, or need for wound care. The quality indicators
assessed covered medication compliance, knowledge of
disease, and ability for self-care getting to no differences
found in patient satisfaction related to the telemedicine
service.

Impact of home telehealth in quality of life related to
health is another desired parameter that is hard to be
measured with scientific precision. Some tests like Euro-
QoL are accepted but its quantification in home telemedi-
cine is associated with easier to care delivery outcomes
than to middle-term morbidity changes. Home telehealth
cost-effectiveness studies show better results for chronic
patients. In this sense, a large randomized trial involving
elderly diabetic home health patients was published in
2003 by Dansky et al. taking the Outcome and Assessment
Information Set (OASIS), mandated for use in USA in the
Medicare program (20). Positive telehealth impact was
obtained by comparing 85 patients using telemedicine
with a 78-patient control group.

Whitten et al. conducted in 2002 the deepest systematic
review of cost-effectiveness studies of telemedicine getting
to a percentage of 44% of articles surpassing quality
criteria (21). Different results were found on most ana-
lyzed factors like the percentage of home visits to be
substituted by telemedicine, cost savings, or time/sessions
needed to make profitable home telehealth. One of the
first significant feasibility study, performed in 1998 in the
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UK for primary care at the National Health Service,
showed that 15% of home visits could be replaced with
telecare, saving d1.26 million per annum in the first year,
after accounting for establishment and operating costs
(22). Another study carried out the same year in UK and
USA by Wootton et al. concluded that 45% of person–to-
person home visits could be carried out with telemedicine
(23).

As outlined below in Equation 1, most accepted ap-
proaches to measure home telehealth costs suggest divid-
ing the total cost of maintaining a home telemedicine
service (TTC) between the total number of sessions
(TNS) held during a period of time in order to get the
cost of a home telehealth session (HTC) to be compared
with traditional care:

HTCðtÞ¼TTCðtÞ=TNSðtÞ: ð1Þ

Economic studies like Doolitle works detailed in 2000
for a home telehospice service decompose TTC in equip-
ment costs derived from telehealth (ETC) and health carer
costs or reimbursements needed to provide the service
(HCC) (24). Thus, as detailed in Equation 2, ETC is
calculated by adding up the total number of home tele-
health devices managed by the health provider (NTD),
multiplied by its unitary cost (DUC) and depreciation
period (DP), to the installation (HIC), connection (HCC),
and maintenance (HMC) costs. HCC is a function of the
types of health professionals involved (NHP), multiplied
by its annual cost and dedication 3:

ETCðtÞ¼ ðNTD�DUC�DPÞþHICþHCCðtÞþHMCðtÞ;

ð2Þ

HCCðtÞ¼SðNHPi�AC�DEDÞ: ð3Þ

2.5. Ethic and Legal Issues of Home Telehealth

Telemedicine deployment is highly associated to ethical,
legal, and political dimensions that are mainly related to
authorization, obligation, and professional responsibility
about the information and treatment managed or pro-
vided (25). Main authorization requirements to permit
access to patient information directly aim to protect
citizens from unallowed access of people outside the
specific care process of each person. Security methods,
health procedures, and confidentiality levels do vary along
the organizations, but a common legal framework is
needed to permit global provision of home telehealth
services.

A first initiative was approved in 1997 by the American
Telemedicine Association (ATA) in relation with telemedi-
cine services provision. In spite of its general approach, it
covered four items: Informed Consent requirement, Ne-
cessity to promote and learn the utilization of telemedicine
services, Establishment of telemedicine reimbursement
models, and Confidentiality needs for information ex-
change. This work was extended by ATA to home tele-
health scope in October 2002, getting to a series of Home

Telehealth Clinical Guidelines that detail criteria for
Patients Inclusion/Exclusion in home telehealth as well
as considerations for health providers and technologies.
The recommendations specifically differentiate privacy,
confidentiality, and organizational guidelines for interac-
tive home telehealth and telemonitoring services.

The most recent work, published in 2005 by Elizabeth
et al., dealt with risk management in home telehealth
(26). According to the author, two potential types of
liability should be avoided by providers in the use of
telehealth: ‘‘liability for negligence and liability for aban-
donment.’’ The first type refers to the guarantee of appro-
priate care at distance that does not avoid doing
something necessary for patient care but does something
that is not indicated. The second type stresses the need to
support patients if problems with telehealth equipment
may occur.

3. E-HEALTH AT HOME: ‘‘AAA’’ VIEW OF FUTURE
PRESENT

As long as home telehealth deployment has been propelled
by political priorities and social demands in homecare
policies, the evolution of these services looks to be hardly
conditioned by organization procedures, business models,
and available technologies. The more people with special
needs (elderly, disabled, chronic patients) demand more
and more services at residential environment, ‘‘design for
all’’ and ‘‘delivery at the point of need’’ constitute essential
requirements to provide citizens with available, accessi-
ble, and affordable home telehealth technologies and
providers. This triple A combination must be a seamless
service and solution with the responsibility to get tech-
nologies and providers at the point of care, that is to say,
the house. Networks and services must be Available,
carers and applications must be Accessible, and devices
and health care should be Affordable. Whichever of the
‘‘As’’ proposed to foster home telehealth are subjected to
the way traditional home care is supported at present by
each organization. In other words, no telehealth service is
expected to get success at home while the necessity offered
might not be demanded or might be satisfactorily covered
by other ways.

Technically speaking, the combination of domotics with
ongoing multimedia broadband telematic networks, intel-
ligent agents, wearable devices, or wireless sensor net-
works will offer new solutions to prevent, treat, or support
certain diseases that may foster better quality of life.
These initiatives and research projects are now in the
pilot stage although its impact at middle term could be of
high interest while clinical or social necessities might be
targeted with sustainable provision models. Home e-
health will be a reality in the way not intrusive, and
system-integrated services might contribute to indepen-
dent living and better quality of life perceived by citizens,
accepted by carers, and fostered by public and private
policies.
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1. INTRODUCTION

An entirely different approach will be taken with this
chapter so that the reader might gain an understanding
about the process of creating new and diverse medical
devices for use within the homecare environment. The
homecare field is so diverse in nature that an encyclopedia
devoted to this single subject could be written containing
volumes of material as extensive as that found in world
knowledge databases on more general subjects, because
the homecare environment is a circumstance that, in the
least, approaches something similar to a first aid home
medicine cabinet and, at best, should duplicate the envir-
onment found within an established medical facility.

Until now, the ‘‘at best’’ or near ‘‘best’’ homecare en-
vironment has been so costly that few, except those with
nearly unlimited financial resources, could demand it.
Even those with unlimited funds were still at the mercy
of the established medical facility when laboratory work
was required or extensive surgery was indicated. How-
ever, with the dramatic surge of advancements in com-
munications, computer technology, and biomedical
products including materials, the homecare environment
can reach the level of professionalism found only within
the established medical facility or hospital.

One of the primary keys in providing hospital-like
homecare is the duplication of required but costly medical
diagnostic devices. One solution to this dilemma is to
reduce the cost of such devices. Cost reduction is typically
generated by sales volume, which has happened with
over-the-counter devices where the public could sustain
the production costs by making the required high-volume
purchases. Electronic thermometers, blood pressure read-
ing devices, and blood sugar diagnostic units are found
within this category. However, for the patient requiring
more extensive and frequent analysis, such as ultrasound
imagery, EKG readers, or EEG readers, volumetric price-
lowering scenarios do not exist. Even if they did exist, and
such devices could be obtained over-the-counter and for a
very low price, the results of their findings would still have
to be analyzed by an expert or by software designed
specifically for analysis with that device and that patient.
Apply this requirement to every device desired for use in a
homecare environment and a demarcation line or division
of what one can frequently afford and what one cannot
afford becomes apparent.

For the biomedical engineer who would like to reach
beyond the threshold of the status quo and bring that

which seems impossible into the real world, alternative
approaches require new and creative thought paths. Crea-
tive approaches unheard of during the past century are
now within reach of the biomedical engineer. Two such
tools among many have brought about the possibility of
advancements in homecare by virtue of their diversity and
flexibility: communication and computer technology.

First, let us examine the present level of available
electronic communications. Keep in mind that the com-
munication spectrum is continuously growing and the
available bandwidth is continuously widening, but this
scenario should remain stable for many years to come. It is
assumed that the reader is familiar with the technical
terms used within this chapter, for example, such terms as
frequency, bandwidth, and other primary terms related to
electronic communications. If the reader does not have a
primary understanding or would like to renew that under-
standing, please review the reference material attached to
this chapter 1.

A list of homecare products and curative approaches for
use in the homecare environment was compiled from
professional sources and is listed in the Appendix (1).
Such a list includes over-the-counter electronic diagnostic
devices that can provide accurate indications of pulse,
blood pressure, blood sugar, and body temperature. As the
demand for certain devices increases along with techno-
logical advancements and FDA public-use approvals, the
list of self-diagnostic devices will increase. With the
advent of the computer and our public communication
networks, it is possible to allow the homecare environment
to have access to professional medical devices by remote
terminal-like devices. In addition, the same access can be
provided directly to authorized medical personnel for
authoritative analysis and consultation in a timely man-
ner. It is up to the creativity of the biomedical engineer to
take the challenge of providing ‘‘remote’’ access to profes-
sional medical diagnostic devices, which are not yet
approachable or affordable in the current homecare en-
vironment.

Advances made by the computer are common knowl-
edge. Until the second half of the last century, the com-
puter was used by only the military or found among the
research laboratories of well-funded universities. Now, the
computer is found in almost every household, every
elementary school, and every business in industrialized
countries. The computer is not just a device to write wordy
chapters, but it can manipulate, analyze, control, deter-
mine, and design that which is in the physical world. It
can replace or duplicate costly medical devices at a frac-
tion of the cost of such devices. Computers serve mankind
to their fullest extent by the use of electronic networking.
Public and private communication systems and networks
are available that allow low-cost electronic communica-
tions, which is an important element in the homecare
environment. If one observes a simple charted example
(Fig. 1) of current network availability, it will be seen that
electronic communication travel has the capability of
connecting large volumes of information between the
home and another point. A review of the fundamentals
of those terms that are useful to this discussion is provided
in the attachment to this chapter.

1
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One very important factor exists in the cost-effective
networks that are available today. The chart of Fig. 1
shows us four current network plans. The lowest cost is
the public dial-up network. It allows the smallest amount
of bandwidth and is very limiting to the heavy demands
that medical information can impose when considered for
remote homecare use. On the other hand, the most costly
communications system, shown at the top of the chart,
offers bandwidth large enough for high definition and
extremely detailed three-dimensional visuals to pass
through. However, the public networks that are within
the cost range of the average public user (second up from
bottom) or business user (second from top), reflect a
feature created by the number of users and capacity of
the network itself, which is the fact that bandwidth that is
available outbound from the home is much lower than the
bandwidth that is available inbound to the home. Knowl-
edge of this limitation was instrumental as a part of the
creative design process, which will be seen later on in this
discussion.

2. EXAMPLES

Two examples of creating alternative approaches to cur-
rent devices will be provided. The necessity for such
alternative methods will be apparent during the example
presentations. However, for the most part, such demands
requiring new and alternative approaches are driven by
the cost of the currently accepted device or by its utility.

2.1. Example One

The first example is a demonstration of the creative use of
alternative communication throughput or networking.
Although the device will use a very short communication
path, its example provides a clue to information transmis-
sion with dramatic cost reduction.

The effort to design a creative alternative is entirely
cost-driven in this example.

The cost factors include:

1. Initial device cost or investment

2. Device re-use cost including cleaning, sterilization,
and repackaging

3. Replacement cost for a damaged or lost device.

2.1.1. Aircraft Passenger Earphone Dilemma. Off-the-
shelf electrical earphones for passenger use retail for up
to $10 each when individually packaged. These earphones
may be offered for one-time use or can be re-used if a
method is made to repackage in a sterile manner. Re-use
can be performed by replacing the sponge earphone ear
pads for a cost of $0.25US plus labor and the entire device
resealed in a plastic envelope for about $0.25US each plus
labor. If labor were counted as $.50US per earphone, then
the total repackaging cost would be $1.00US (double that
for the euro or English pound). Some airlines have elected
to just forget about re-packaging altogether and just let
the earphones remain in the used state for every passen-
ger until someone eventually complains. However, re-
packaging is a reduction of the one-time cost at about 10
to 1.

The creative engineer would look at the entire problem
and come up with a unique device that would reduce cost
dramatically by a 100 to 1 ratio while maintaining sound
quality and providing a sterile product for every passenger
at every use.

The following set of figures (Figs. 2–7) will demonstrate
the capability of creative engineering as applied to this
project. The points covered have a direct relationship to
the creative approach for the homecare environment
access of currently unaccessible medical instruments
only found in medical centers. The process is to access
those elements through the use of existing computers and
associated public network highways. The uniqueness is to
develop homecare devices that extract and transmit raw
data patient parameters that require extremely low band-
width on the outgoing path while using the return path for
interpreted large bandwidth results such as visuals that
have gained the analysis through the medical-center-
located professional medical devices. Such a technique is
already in limited use. The need for additional hardware
and software devices at the homecare end is dramatically
wanting.

In general, by changing the position of the electronic
sound generator (earphone) from the user’s ear to a
permanent location within the arm or the seat, the result-
ing audio stethoscope-like earphone could be manufac-
tured at a fraction of the cost and as a disposable unit.

In the above example, the creative approach allowed a
100:1 cost reduction to occur:

Current Alternative

Earpiece at unprotected
location

Earpiece at protected location

Earpiece subject to da-
mage

Earpiece never subjected to da-
mage

Public Networks

PRIVATE SATELLITE NETWORK
<OUT 36 Mb/s  <IN 36 MB/s
Very Expensive $$$$$
Good for remote-medical centers

DSL/Cable  NETWORK
<OUT 0.4 Mb/s <IN 1.5 Mb/s
Low Cost  $$ Best general use

DIALUP NETWORK
<IN-OUT 56 Kb/s
Lowest Cost $ Limited in use

HOME

Rated as Digital Bandwidth

VSAT NETWORK
<OUT 3.5 Mb/s  <IN 24 MB/s
Reasonable Cost $$$
Good for high quality use

FIBER OPTIC NETWORK
<OUT 20+ Mb/s <IN 20+ Mb/s
Low Cost  $$  Best when available

Figure 1. Public networks.
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Costly copper wires and
plug

Inexpensive plastic tubes with
air channel

Costly recovery demand Insignificant cost recovery de-
mand

2.1.2. Analysis. The approach, when looking in a re-
verse manner, indicates a jump in disciplines. The most
likely engineering approach, and the one taken by most
today, would have been to search within the existing
discipline of electronic engineering where the focus is
toward a solution requiring alternative electronic signal
pathing or methods to reduce electronic device costs or

Plastic headband needs sterilization or
replacement after each use. Different material
than other components of headset.

Earpiece contains several different materials
including copper, steel, polyplastics. Possible
wire breakage. Foam cover must be sterilized
or replaced after each use.

Cable made of copper and plastics. Cost driven by
components.

Plug made of several materials: Copper, steel,
polyplastics. Possible wire breakage.

Plug Tip made of several materials with wear being
induced by constant use.

Aircraft earplugs for passenger use is cost-driven by multi-materials and
multiple manufacturing steps. Lowest cost in large quantities is about
$5–10 per passenger.

Figure 2. Aircraft passenger earphones.

Produce an item with a cost so low that
it is less costly to use it once than to
salvage for multiple uses.

Reduce the manufacturing to a single step.

Reduce the number of different materials to the
lowest possible denominator, hopefully one.

3) Do not rely on conventional wisdom and designs.

Start the design process at the fundamental levels
of science, before the interpretations of man.

Use off-the-shelf raw materials, not off-the-shelf
finished materials.

Rely on the creative components found in nature
rather than those created by man.

Maintain contact with the ultimate source of wisdom
by maintaining an internal spiritual calmness during
the creative process and design period.

1)

2)

4)

5)

6)

7)

Goal:

Figure 3. Seven steps in ‘‘creative design leaps’’
to a better product at a much lower cost. A concept
created by Dr. Arthur R. Tilford.
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outsourcing to reduce labor costs or bulk purchasing,
However, a jump to another discipline for the solution
can be very dramatic and indeed monetarily rewarding. In
this case, the focus was to use air as a means to conduct
the communication rather than copper wires. A simple
understanding of this possibility did not require extensive
education or training in pneumatics. Looking at the
problem from another direction does not require an aban-
donment of ones own discipline. It usually only requires a
return to the basics with a little time and a rebuilding of
the mental block sets into different patterns.

In a reverse scenario, the sound conducting air stetho-
scope was here long before the electronic microphone and
remains in use despite of technological advances. Its cost
and reliability are two factors, but it has become a medical
icon. However, medical icons can build barriers to the
creative approach, which will be demonstrated in the next
example: Never say it cannot be accomplished because it
should not be accomplished.

Although the attempt to improve homecare by bringing
more sophisticated medical devices into the homecare
environment while maintaining the cost of such devices
at over-the-counter prices seemed like a momentous chal-
lenge, virtual instrumentation with computer technology
coupled with the use of the wider bandwidths available in
the DSL/CABLE and small satellite networks could pro-
vide the answer if other challenges could be overcome. The
other challenges originated more from a psycho-sociologi-
cal perspective than from technology. Creative bioengi-
neering must approach new frontiers of technology while
not abandoning those aspects that involve human inter-
action. The famous motion picture series ‘‘Star Wars’’
introduced human-like androids (machines with human
form), which completed tasks normally accomplished by
humans. The android ‘‘C-3PO’’ was given human charac-
teristics. As marvelous a design as the fictional writers led
us to believe, the personality given the device did not have
what one would term, a quality medical ‘‘bedside manner.’’
Although such a mechanism would be wonderful to in-
clude in a homecare environment. Without the bedside
manner similar to that of a charitable, cleaver, and wise
human physician, the addition of such an entity would
lack patient interaction.

In analyzing the first step in adapting a medical mirror
image of a well-equipped medical facility to the homecare,
environment, the need of patient-physician confidence
must be seriously considered.

2.2. Example Two

The second example is a demonstration of the creative
manner in which patient data may be extracted for the
convenience of the patient and the practitioner by improv-
ing integrity through a more simplistic approach and
maintaining as much patient confidence as possible.

A device performs with the following parameters:

1. A single platform containing many sensors for the
extraction of
a. 12-lead EKG/ECG
b. Blood Oxygen
c. Blood Pressure
d. Pulse

2. One and only one thin connecting cable from platform
3. Elimination of the need to know where each sensor had
to be placed
4. Immediate sensor-to-patient contact
5. Very fast data extraction
6. Ability to save data, transmit data, access data
7. Eliminate or greatly reduce patient discomfort from
sensor adhesives

Plastic headband - ELIMINATE

Earpiece - use ONE PERMANENT PAIR
per seat. NEVER recycle, NEVER steralize.
ELIMINATE foam cover.

Cable - REDUCE to minimum length.

Plug - ELIMINATE

Plug Tip - ELIMINATE

Figure 4. Proposal: Creative leap of design demands the follow-
ing, in this instance, with the result that the cost remains $5 per
seat, one-time cost.

Cable

Plug

Plug Tip

Electrical chair-arm plug with
Cable to audio system

Human Outer Ear

Ear Passageway

Eardrum with connectivity to brain.

e

e

e

e

a

e = electrical waveform
a = acoustic waveform

Electric to
Acoustic

Multiple material headset.

Multi-manufacturing steps.

Active and passive components.

Cost each passenger (not

including ticket to view any

motion picture onboard):

$5.00 to $10.00

Transition
point

Figure 5. The earphone system as seen with traditional/current
technologies.
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8. Lower cost than the total of the device sensors sepa-
rately purchased
9. Re-useable or disposable
10. Fast instructional graphics
11. Easy and comfortable to use by the patient
12. Provide a high degree of physician-to-patient confi-
dence
From a technological standpoint, the parameters were
ranked from number one to twelve in order of importance.
However, one of the most important factors to include in
the process, when a creative but well understanding
biomedical engineering development pathing map is in-
volved, is the inclusion of the human factors. If the home-

care environment is to mirror that found within the first-
class medical center, it must include the qualitative
essence generated by the medical staff of that center,
which is not to insist that a medical staff be present at
the homecare location, only the same qualitative essence.
Mammography is a good example of quality biomedical
engineering without machine-to-human interactive quali-
ties, and, therefore, lacks a caring essence.

Taking the above into consideration, the list of device
parameters reverses and number twelve becomes the most
important and number one the least important. Of course,
the device must qualify with all twelve. However, the
challenge was to begin with twelve as the first in con-
sideration.

The challenge to create a device with a bedside manner
was developed by observing the problem from a totally
different perspective. Observing physician to patient in-
teraction indicated that the calm voice, the caring dialo-
gue, the eye-to-eye contact, and the examining hands were
components making up a physician’s personality. The
challenge was to take these qualities and provide them
remotely at a homecare location. Every component could
be transformed electronically with video and audio signals
except for the touch of the hands. A substitute for this was
found by using a glove as the platform for the electronic
sensors that would extract the patient data. The unique
sensor-imbedded glove was appropriately called ‘‘the Phy-
sician’s Hand.’’ It now has several patents to its name and
is FDA approved.

Observing what the glove can do electronically is one
thing, but how does it create the element of caring that a
physician can in his office? It was found that a glove made
of soft and comfortable materials had an enabling quality,
which produced a remarkably positive effect on the pa-
tient. Patients were told that the glove was called the

Earpiece in chairarm with hollow
opening for plastic endplug
cabled to audio system

Human Outer Ear

Ear Passageway

Eardrum

Plastic hollow earplug

Plastic hollow tube 

Plastic end plug

e

a

a

a

a

Single material headset.

Single manufacturing step.

All passive device.

Cost each passanger:

$0.05 to $0.10

Electric to
Acoustic
Transition
Point

Figure 6. The system as seen via a nontradi-
tional creative approach (Note: the old-fash-
ioned stethoscope).

Human Ear

Electrical cable

 Earphone    Human Ear

Acoustical conduit

Earphone

Model Comparisons
A 100 to 1 difference in PRICE

Creative non-traditional, cost: $0.05-$0.10 ea

Traditional model, cost: $5.00 -$10.00 ea

Figure 7. Model comparisons.
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Physician’s Hand because it had all the sensing compo-
nents necessary to learn a great deal from the patient
without asking. When worn, it felt warm and comfortable.
It also acted as an authority figure, and some patients
warmed comfortably to it when applying it to themselves
as opposed to the traditional sensors and associated
cables. It has only one thin cable attached to it that
went almost unnoticed and allowed medical staff members
to perform other tasks around the patient without having
to move the traditional cables around causing discomfort
from pulling patient-attached sensors.

Having created a comfortable and friendly platform for
the sensors was accomplishing the problem of fulfilling the
psychological component of the development tasks.
Although such a component may not be necessary in a
medical office or in the presence of a medical practitioner,
it is a major component of the patient examination process
at a homecare environment and where no medical practi-
tioner may be present. The use of such a device has shown
to add the element of authority that is found missing when
only independent sensing elements are involved. Compo-
nents eleven and twelve were now completed:

Task nine was a materials issue and task ten an
instructional and graphics issue, both of which are easily
solvable.

We discover that advanced computer diagnostic soft-
ware and associated hardware could provide the necessary
elements for completion of tasks five and six.

Task four was solved by understanding that off-shelf
EKG/ECG electrodes would have immediate and constant
skin contact from the pressure exerted by the handed
glove itself. Task seven was completed by the involvement
of EKG/ECG body electrodes that would provide compo-
nents such as a glove with minimum stick adhesives.

Task eight was included in the manufacturing costs
and did provide a lower cost of manufacture from bulk
quantity purchases.

The most challenging tasks, tasks 1, 2, and 3, involved
the patient data extraction itself, which is where the
creative and, thus, alternative mental pathing and proces-
sing took place.

2.2.1. New Look at an Old Idea. Modern EKG/ECG
electrode placement is based on an idea developed near
the beginning of the last century. The idea was symbolized
by the ‘‘Einthoven Triangle.’’ The angle points of this
triangle, when centrally placed on the chest, indicated
the relationship between voltages generated by the heart.
Each angle point indicated whether the voltage was
positive or negative when related to any other angle point.
When electrodes were placed on the skin at the triangle
angle points, changes in voltage could be read with a
sensitive voltage reading device. Over time, it was ob-
served that the changes in voltage created the waveform
we associate with an EKG/ECG reading, the QRS wave-
form.

The first approach was to look at the traditional
Einthoven triangle in reverse, as indicated in Fig. 8.

Knowing that a glove was to be the platform for the
electrodes, a triangle representing the glove’s surface

availability was placed over the traditional Einthoven
triangle, as in Fig. 9.

The traditional triangle was then reduced in size to
match the glove surface area. Electrical voltages and
currents originate from a generator known as the heart.
As they travel along the body, they become attenuated so
that a contact point at the wrist provides far less voltage
than a contact point much nearer the heart. In contrast,
however, as the distant points become closer to the heart
and provide increased signal amplitudes, two signal in-
cidents occur:

1. The individual signals are subject to co-signal inter-
ference

2. The traditional heart axis view is altered.

The occurrence of any signal and waveform changes were
challenges quickly solved by traditional engineering
methods.

As the 12-lead glove scenario developed, the electrode
placement was made using triangular geometry as shown
in Fig. 10.
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Figure 8. Rear view of person.
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Figure 9. Einthoven’s triangle. The distortion of Einthoven’s
triangle does not change its electrical potential representations
as long as symmetry in potential differences remain. Waveform
amplitude and shaping will vary but can be compensated for in
software analysis programs.
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The concluding electrode placement was then posi-
tioned on a two-dimensional platform for further testing
as seen in Fig. 11.

A series of gloves were then used to apply the EKG/
ECG electrodes and place sensors for blood oxygen and a
wrist blood pressure cuff with associated passive compo-
nents as seen in Fig. 12.

The glove surface itself provided the exact electrode
placement, which eliminated sensor misplacement by the
user, which completed tasks one and three.

The glove was packaged with a removable thin cable
containing about 17 separate insulated wires, but within
one thin flexible cable, which completed task two.

A set of interpretive circuits were created to accept the
glove cable and provide narrow bandwidth signal results
for local readings with a generic personal computer or to
be transmitted via modem or other Internet data trans-
mission devices, as seen in Fig. 13.

When completed, the first-stage glove underwent clin-
ical trials and received FDA approval in 2004. It is
supported with many U.S. and international patents and
is soon to be marketed for the homecare and emergency
care markets worldwide.

3. CONCLUSION

Creating products for the homecare environment is not as
difficult as one may conclude on the basis of having to
create entirely new and unusual medical support devices
and instruments. The technological portion of the medical
world has a vast array of marvelous and well-developed
instruments that would be of infinite benefit to the home-
care environment if they could be used in spite of their cost
and limited access. The examples shown present just two
of a multitude of opportunities that one can take advan-
tage of when using existing medical devices from a home-
care environment.

The Physician’s Hand is a device that allows the user to
apply many sensors at once in a comfortable and author-
itative manner without attention to where sensors have to
be placed. However, the Physician’s Hand must have a

traditional EKG/ECGmachine, a blood oxygen reader, and
a pulse and blood pressure reader to make use of the
passive sensors located on the Physician’s Hand. Rather
than having to incur the cost of such devices, the Physi-
cian’s Hand can transmit narrow-bandwidth low-speed
raw data to a medical center and make use of more costly
medical instruments at a very low users fee. The results
are then returned to the homecare environment and to the
assigned physician via wide-bandwidth high-speed data
transmission.

The use of present public high/low data transmission
schemes allow the homecare environment the ability to
access every necessary point for expert and professional
care as demonstrated in Fig. 14.

It is now in the hands of the reader to make use of
known biomedical engineering knowledge in a creative
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MODIFIED EINTHOVEN’S TRIANGLE
SINGLE GLOVE 12-LEAD SYSTEM

Figure 10. Modified Einthoven’s triangle sin-
gle glove 12-lead system.

Rear outside
electrode
pressed by
right handRear outside

electrode
pressed by
Left hand

EKG PLATFORM
All electrodes, unless designated, on
outside of patient side pressed by
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Figure 11. This edge toward patient’s neck.
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manner for state-of-the-art applications in the homecare
environment.

4. AN UNDERSTANDING OF BANDWIDTH

4.1. Analog Bandwidth

Before we can understand bandwidth, we must look at a
few components that support the bandwidth concept. The
first term to understand is ‘‘frequency’’ as applied to
electronic communications. We live in a world of energy,
which is our source of life and power. Without the energy
from the sun, life as we know it would not exist. The
energy available to our own use is almost as mysterious to

us as it was to those who came upon it more than a century
ago. The word electricity seems so archaic to us today and
one scarcely hears it used even though its power is around
us everywhere. Electricity is produced into two basic
forms, which use the terms voltage and current. As this
is not a discussion of electricity, we will not go into those
terms except to say that both of them define the flow of
what we call electricity. The two basic forms are AC and
DC, meaning alternating current for AC and direct cur-
rent for DC. I suppose that our forefather engineers could
have just as well used voltage instead of current for their
first terms and called it direct voltage and alternating
voltage instead. The point is that we have a moving

Figure 12. Multi-sensor glove.
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Figure 13. Combined medical devices.
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electric force that is something ‘‘direct’’ or something
‘‘alternating.’’ It is the alternating force that concerns us.

In order for electrical voltage and current to exist, it
must be in movement. Even that which is referred to as
‘‘static electricity’’ is not really static or motionless, but
must be in movement to have its effect. The entity that
generates electricity must receive it in return, that is, a
return path must exist. There is no one-way street for
electricity to move on and have any effect. You may not
think this is true when you touch an open wire attached to
an electrical outlet and jump from the burning effect you
encounter, but a return path exists through you and into
the floor, which allows its flow into the earth and back to
the generating plant. You may challenge this by causing
yourself to free float in the air while touching the open
wire whereby you will feel very little effect. Any effect
would be caused by the electricity passing through you
into the air and down to the earth. The air is enough of an
insulator that you should feel almost nothing. If there is
moisture in the air, you will feel some effect. The point: A
return path MUST exist. Enough danger exists in unsafe
return paths to create major regulations about medical
electrical devices and their approvals by the authorities.

The amount of voltage obtained from the source and
the amount of current obtained from the source is pre-
determined by how the generating device was made. A
direct current device, such as a battery, maintains the
same level of voltage throughout its lifetime. It does not
vary in a consistent manner. It can, however, vary in a
reduced manner depending on the remaining battery life
or if the device the battery is used for has a greater
demand than that which the battery can yield. In any
case, the voltage remains without consistent variance.
Thus, it is called ‘‘direct.’’ The relationship between direct
and consistent is known only to our forefather engineers,
and we accept it as they defined it.

The term alternating is much more consistent with
what happens. An electrical generating device that pro-
duces electricity that varies in a consistent manner pro-

duces alternating current. The voltage and current appear
to increase and decrease according to time. Most AC
generators produce electrical voltage and current that
have a specific voltage and current rating. The AC voltage
normally found in homes in the United States has a
voltage of 120 volts. In reality, this alternating voltage
varies between � 120 volts and þ120 volts at a rate of 60
times every second or 60 cycles-per-second (cps). Thus, it
is known as 120 volts AC 60 cycles. In the United King-
dom, the standard voltage is 230 volts and 50 cps, which is
almost double the voltage that is commonly used in the
United States and slightly lower in frequency. Therefore,
if one would carry an electrical appliance made in the
United States to the United Kingdom on a trip, the
appliance would most likely destroy itself if applied to a
voltage outlet in the United Kingdom. Now, the impor-
tance of this discussion is that the amount of variance of
the voltage with time, as in 60 cps, is known as the
FREQUENCY. The long set of words ‘‘cycles-per-second’’
was replaced with the term ‘‘Hertz’’ after Heinrich Hertz,
a famous scientist who applied traditional theories to
radio. 1 Hertz (Hz) is 1 cycle-per-second (cps) and, there-
fore, 60 cps is 60 Hz.

The term ‘‘frequency’’ is a very important term in
electronic communications and is closely associated with
another term known as ‘‘bandwidth.’’ These two terms are
vital to our creative design process for the discovery of new
and exciting biomedical devices that can be used to expand
the homecare environment. So far, our discussion used 60
Hz or 50 Hz as the example for the frequency of common
alternating current. When the generating device produces
voltages and currents at a faster rate, the frequency
increases. Radio transmissions are composed of generated
voltages and currents with frequencies in and above the
millions of cps or Hz. 1000 Hz uses the term 1 Kilohertz
(kilo for thousand). 1,000,000 Hz uses the term 1 Mega-
hertz (mega for million). 1,000 Megahertz has the term 1
Gigahertz (giga for thousand-million).

The term ‘‘bandwidth’’ is important for many reasons,
as we will soon realize. The term is used to define the
boundary between one frequency and another frequency.
Taking this in small steps so that we clearly understand
this term, we must accept the fact that a boundary can be
created by one frequency when associated with another
frequency. When looking at the frequency of AC power
used worldwide, we notice that two major frequencies are
involved. One country may have its alternative current
with a frequency of 50 Hz, whereas while another country
may have its power frequency set to 60 Hz. If the voltages
are the same for these two countries, but the difference is
only in the frequency of the power, one would think that
an electrical appliance would work in either country, but
that is not the case. Designers of electrical appliances
often state that a device is rated at 120v 50/60 Hz. If this is
true, then the device works at 50 Hz and 60 Hz and any
frequency between the two. They have defined the band-
width of the device. The bandwidth is 60 Hz minus 50 Hz
or 10 Hz. Now, that is the bandwidth of frequency toler-
ance of the electrical device. Bandwidth is also used to
define information capacity!
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To understand how bandwidth defines information
capacity, we must look at how intelligent information is
communicated from a generator that produces power in
the form of alternating voltage and current. All electronic
communication must have a power-generating source.
Such a source is referred to as an oscillator, which is a
similar term to an alternator and used to describe alter-
nating current. But the oscillator term is reserved for
devices that generate voltages and currents above about
10 kilohertz and are known as radio frequencies, or RFs
for short. The examples we have used are known as the
power frequencies. RFs are therefore defined for those
frequencies generated above 10 kilohertz to the frequen-
cies defining light. And, yes, light is a combination of
voltages and currents alternating at astonishingly fast
rates. However, unlike RFs, light has an additional com-
ponent known as particles, something RFs are not known
to have.

RFs are subdivided into many groups, which are de-
fined by a specific frequency, that is, the term LF or Low
frequency defines those frequencies that start at 10 KHz
and are not higher than 500 KHz. It is known as the low-
frequency band. The next group or band of frequencies are
located between 500 KHz and about 30,000 KHz, or 30
MHz, and are known as HF (High frequencies). The next
band of frequencies are located between 30 MHz and 300
MHz and are known as VHF (Very-high frequency). The
next band is known as the UHF (Ultra-high frequency)
band and is located between 300 MHz and about 900 MHz.
Single or dual letters of the alphabet are used to designate
the bands of frequencies above 900 MHz. The next band is
the L-band and is found between about 900 MHz and
2,500 MHz, or 2.5 GHz. This band is used for cell phones
and short-range wireless communications as designated
by IEEE. The C-band covers 2.5 GHz to about 6.5 GHz and
contains the wireless short-range frequencies of 5.8 GHz.

The intelligent component of a communication is cre-
ated at those frequencies, which are manageable and
include sound waves (100 Hz to about 6 KHz), video
information (about 100 Hz to 6 MHz), and digital informa-
tion (about 10 Hz to about 2 MHz or more). A specific
group of these would be referred to as a channel. Channels
cannot be transmitted in and by themselves, but must be
carried on another frequency of a less manageable nature,
but having much greater distance capability. RFs from
L.W. and up are used to transmit or carry information
much like a passenger train carries the intelligent, or not
so intelligent, passengers. The exact frequency of trans-
mission is designated as a particular ‘‘carrier’’ (the ‘‘A’’
train, for example). So, like a traveling train, the informa-
tion is boarded at the source, travels at high speed, and
unboarded at the destination. The train is the carrier and
passengers are the channels.

Bandwidth is composed of two words: ‘‘band’’ and
‘‘width.’’ The word band, in this case, relates to a set of
frequencies required to make up a single channel. The
sound waves designated as being composed of frequencies
from 100 Hz to 6 KHz would require a bandwidth of 6,000
Hz minus 100 Hz or 5,900 Hz or 5.9 KHz bandwidth. The
5.9 KHz bandwidth is equivalent to a passenger sitting in
a train seat. Rather than crowding passengers next to

each other in an uncomfortable manner, we add armrests
and some additional space. This additional space guards
against physical interaction between passengers. Such
guard spaces are required when placing more than one
channel on a single carrier. The AM radio band contains
radio stations that are each designated as a channel with
a particular frequency. To prevent interference between
the radio stations or channels, additional unused band-
width is added to the existing 5.9 MHz. In the United
States, the total bandwidth of each radio station channel
in the AM band is 10 KHz. In Europe, the bandwidth is 9
KHz.

A bandwidth of 9 or 10 KHz can carry a full audio
channel. Video is different and requires much more band-
width to contain all of the picture information. A single 6
MHz video channel could carry 60 10-KHz audio channels.
Digital channels require less bandwidth to carry about the
same information. How much information that can be
electronically sent and received is mostly determined by
the bandwidth required and bandwidth spacing available,
which is much like saying the cost to travel is determined
by the cost of the seat and the mode of travel.

We live in an analog world and, as such, need to
understand that all electronic communications are analog.
Analog is the term used to define the state or condition of
things within our world. An analog signal is one that can
have any voltage or current value and can exist at any
point in time. The color we see is analog and can have an
unlimited number of shades, hues, and intensities.

Within our analog world another subworld created by
man exists referred to as ‘‘digital.’’ A digital signal can
have only one of two values at any point in time. These
values are known as a ‘‘bit’’. A bit can have a value of zero
or one. Digital answers within this world could only have a
yes or no. A maybe is not allowed. The light switch is an
example of a simple digital system because it can either be
on or off. If the light switch were replaced by a variable
control for changing the intensity of the light, then the
control is analog, not digital.

4.2. Digital Bandwidth

Digital bandwidth is entirely different than analog band-
width. Digital bandwidth is the maximum number of bits
that can pass along or through a point in space at a
specified amount of time. The public network is rated
using digital bandwidth as the designator rather than
analog bandwidth. Therefore, a standard telephone line
that would carry an audio analog signal might have a
bandwidth of 3 KHz or 3,000 cps. However, the same line
could carry a digital signal with a rating of up to 56,000
bits-per-second or 56 Kb/s. The Kb/s is shorthand for
Kilobits divided by one second. Medical communications
can require bandwidths as low as 1.2 Kb/s and as much as
up to 5 Gb/s for 3-D imagery (that’s Gigabits or
5,000,000,000 bits in one second!).

The two-way electronic communications available to-
day between the home and anywhere else has restrictions
determined by the cost and bandwidth availability. Trans-
missions to the home are available at high-bandwidth
rates for low cost. However, transmissions from the
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home outward are much different. The cost dramatically
increase as the bandwidth increases. So the practical side
of this is that most can afford electronic communications
with home outgoing low-bandwidth rates and home in-
coming high-bandwidth rates.

APPENDIX 1

2005 HOME CARE GLOSSARY and PRODUCTS PAR-
TIAL LISTING

A

ABDOMINAL BINDERS
ABDOMINAL PADS
ACE BANDAGES
Aerosol therapy
AIDS therapy
Airway management
ALCOHOL
ALCOHOL PREP PADS
Ambulatory aids
ANKLE BRACES
Antimicrobial therapy
Apnea monitoring
Apnea Monitors
ARM IMMOBILIZERS
ARM SLINGS
Asthma home management

B

BANDAGES - (STERILE, NON-STERILE, ALL SIZES)
BATH BENCH
BATH BENCH WITH BACK
BATH CHAIR
BATH PILLOWS DIVERTER VALVES
Bathroom safety products
BATHTUB TRANSFER BOARD
BED BUGGY’S
BED RAILS
BED TABLES
BEDS
BEDSIDE COMMODE
BETADINE
Bili Plus (Omeda)
Blood Oxygen Monitors
Blood pressure monitors
Breastpumps and breastfeeding products

C

Cardia-related therapy
Catheter supplies
Chelation therapy
Chemotherapy
Chest physiotherapy
CLAVICLE COLLARS
COCCYX CUSHIONS
COLPACS (3 SIZES)
COMMODES
Compressed gas (tanks)

Compression pump therapy
Compression pumps and leg and arm sleeves
Compressors
Concentrators (Various manufacturers)
Containers and devices:
Cough machine
CPAP/BiPAP therapy

D

Daily living aids
DECUBITUS BED PADS
Diabetes management
Diabetes meters and supplies
DIGITAL BLOOD ANALYZERS
DIGNITY DIAPERS
DIGNITY LINERS
DISPOSABLE UNDERPADS
DRESSING STICKS
DROP ARM COMMODES

E

EGGCRATE CUSHIONS
EGGCRATE MATTRESSES
ECG/EKG Monitors
Elastic compression stockings
ELASTIC SHOE LACES
Elastic supports
Elastomeric devices to administer many antibiotics
ELBOW BRACES
ELEVATED LEG RESTS
ELEVATED LEG RESTS
ELEVATED TOILET SEAT PADDED ARMRESTS
ELEVATED TOILET SEATS
Enteral foods:
Enteral pumps
Enteral therapy
EVA bags, PVC bags, special tubing and filters
Event recorders
EXTENDERS

F

Feeding bags, dressing supplies, replacement feeding
tubes, syringes
FINGER SPLINTS
FOAM WEDGE PILLOWS: 70 0, 1000, AND 120 0

FOAM WHEELCHAIR CUSHIONS: 200, 30 0, AND 400

FOLDING BATH BENCH
FOLDING BEDSIDE COMMODES
FOREARM SPLINTS

G

GAUZE - (STERILE, NON-STERILE, ALL SIZES)
GEL CUSHIONS
GLOVES - (STERILE, COTTON, LATEX, POWDER
FREE LATEX)
GRAB BARS
GRAB BARS PLASTIC ALUMINUM STAINLESS STEEL
KNURLED
GRAB RAILS

HOMECARE 11



GRIP BENDABLE UTENSILS

H

HAND HELD SHOWER SPRAY
Hats with Heart - caps and accessories to cover hair loss
HEALTH DRI UNDERGARMENTS
HERNIA TRUSSES
HINGED KNEE BRACES
Hospital beds and overbed tables
Hot and cold therapy packs
HOT WATER BOTTLES
HOT/COLD GEL PACKS (ALL SIZES)
Humidification therapy
Hydration therapy

I

I.V. POLES
ICE BAGS
Immune globulin therapy
Impotence devices
INCENTIVE SPIROMETERS
Incontinence and skin care products
Incontinence management
INFLATABLE INVALID RINGS
INFUSION AND ENTERAL THERAPY PUMPS AND
SUPPLIES
Infusion pumps
Insulin pump therapy
INVALID RINGS: 140 0, 160 0, AND 1800

INVALID RINGS: 140 0, 160 0, AND 1800

IPPD therapy

K

KNEE BRACES
KNEE IMMOBILIZERS

L

Lift chairs
Liquid oxygen
Low molecular Heparin therapy
LUMBAR BELTS
LUMBAR CUSHIONS
LUMBAR ROLLS

M

MAGNIFYING GLASSES
MANUAL BLOOD PRESSURE UNITS
Mastectomy supplies and apparel
MASTECTOMY BRAS
Mastectomy forms
MATTRESS PROTECTORS (ALL SIZES)
MATTRESSES & MATTRESS COVERS
MOIST HEAT PACKS (STANDARD,MEDIUM AND PE-
TITE)

N

NASAL CANNULAS
NEBULIZER ACCESSORIES

NECK CUSHIONS
Non-electric disposable pump

O

OBUS FORME BACKRESTS
OBUS FORME SEATS
Orthopedic braces and supports
Orthotics
Ostomy
Ostomy and skin care products
OSTOMY DEODORANT
Ostomy Management
OTOSCOPES
OVER DOOR PULLEY EXERCISER
OXYGEN CONCENTRATORS
Oxygen conserving devices
OXYGEN FILLING
OXYGEN MASKS
Oxygen systems
OXYGEN TANK RENTALS
Oxygen therapy
OXYGEN TUBING FILTERS
OXYLITES NEBULIZERS

P

PADDED TRANSFER BENCH
Pain management therapy
PEAK FLOW METERS
Pentamidine therapy
PETROLATUM GAUZE
PHILADELPHIA COLLARS
Phototherapy units
PILL BOXES
PILL CRUSHERS
Post-Mastectomy consultation
POSTURE CORRECTORS
PRESSURE MACHINES
PRESSURE PAD SYSTEMS
Pressure relief support surfaces
Pulse Dose (Devilbiss)
Pulse Monitors
Pulse Oximeters

Q

Q-TIPS - (STERILE, NON-STERILE)

R

REACHERS
Respiratory
REPLACEMENT BULBS
REPLACEMENT CUFFS
REPLACEMENT VALVES
Respiratory Care
Respiratory humidifiers
RESPIRATORY THERAPY EQUIPMENT AND SUP-
PLIES
RIB BELTS
RUBBERMAID BEDSIDE COMMODE
RUBBERMAID PEDAL EXERCISER
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S

Sabertech 606 ambulatory multi-therapy pump
SALK REUSABLE UNDERPADS
SANI LITES (BREATHABLE COTTON WAISTLINE)
SANI PANTS (PULL ON, SNAP ON)
SCOOP DISHES
Scooters
Seat Lift Chairs
SELF-TAKING BLOOD PRESSURE KITS
SHOE HORNS
SHOWER AIDS
SHOWER SPONGES
SHOWER STOOL
SKIN BOND
SOFT CERVICAL COLLARS
STAINLESS STEEL TUB MOUNTED BATH HANDLE
STAINLESS STEEL TUB MOUNTED L SHAPED BATH
HANDLE
STEP STOOLS
STERI-STRIPS
STETHOSCOPE TUBING
STETHOSCOPES
STOCKING AIDS
STOMAHESIVE PASTE
STOOL
Suction equipment
Suction therapy
Support surfaces
SURGILAST - (ALL SIZES)
SUSPENSORY BELTS
Syringe pump for use with pediatric patients

T

TAPES - (PAPER, SILK, CLOTH, PLASTIC, ALL SIZES)
TENNIS ELBOW BRACES
THERABEADS MOIST HEAT PACKS
Therapeutic equipment

Thermometers
Three-wheeled scooters
THUMB ABDUCTORS
Tocolytic therapy
TOILET SAFETY FRAME
TOILET SEAT Elevated
TOOTHETTES
Tracheostomy therapy
Tracheostomy tubing and supplies
TRACTION EQUIPMENT
TRANSFER BENCH
TRAPEZES
TUB MOUNTED BATH HANDLE

U

UNNA BOOTS - (WITH OR WITHOUT CALAMINE)

V

VASELINE GAUZE
Ventilator home management
Ventilator units

W

WATERPROOF SHEETING
Wheelchair cushions and accessories
Wheelchairs
Wheelchairs - power and manual
Wheeled walkers and accessories
Wound Care
Wound care dressings
WRAP AROUND KNEE BRACES
WRIST SPLINTS

X

XEROFORM
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HUMAN BRAIN INTERFACE: SIGNAL
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1. INTRODUCTION

The Electroencephalogram (EEG) is a recording of the
electrical potentials generated by brain activity on the
scalp. It has been used for decades as a non-invasive tool
both in fundamental brain research and in clinical diag-
nosis. But it is now widely used also in Brain-Computer
Interfaces (BCI) to provide augmentative communication
mainly for severely handicapped patients (1) and, pro-
spectively, in the general framework of human computer
interaction (2).

For the time being, many BCI systems are based on the
association of a specific mental task with a specific com-
mand. The non-invasive nature of EEG and its relatively
easy acquisition however come at a price. Apart from the
various disturbances that plague it, the relationship be-
tween EEG activity and a mental task may be non imme-
diate and fuzzy. This implies that sophisticated signal
processing and classication techniques must be applied to
extract the salient EEG features of each mental task and
use them to automatically discriminate between these
tasks. Ideally, feature extraction and classication should
be optimized jointly. However, as in many engineering do-
mains, they are currently dealt with almost separately.
BCI systems based on visual evoked potentials (VEP), i.e.
the EEG responses elicited by visual stimuli, and on P300,
do not require specific mental tasks. However, feature ex-
traction is also of primary importance for them, in order to
discriminate between evoked potentials and background
activity. Another chapter of this encyclopedia describes in
detail the structure of the current BCI systems, the pre-
processing of the EEG signals, and the most common fea-
ture extraction and classication approaches used in the
BCI community. In this chapter some approaches to EEG
feature extraction are examined in greater detail (see Ta-
ble 1) (2–9). Then some aspects of machine learning of
paramount importance for BCI systems, such as feature
selection, are reviewed. Also, one of the most promising
techniques for classication, namely Support Vector Ma-
chine (SVM) is described.

2. FEATURE EXTRACTION

2.1. Features in the Frequency Domain

Specific brain rhythms corresponding to variously orga-
nized cortex activity have been identified since the early
days of electroencephalography. These rhythms have been
associated to (more or less) standard frequency bands: the
alpha (8-13Hz), beta (13-30Hz), delta (0.5-4Hz), and
theta (4-7Hz) bands. The alpha-rhythm, of moderate am-
plitude, is typical of relaxed wakefulness (idling, see Fig.
1). Recently, a mu-rhythm typical of idling activity focused
over motor cortex has been introduced. It is thus not sur-
prising that many BCI systems proposed in the literature
are based on frequency features, notably estimates of
power in the frequency bands mentioned above of signals
from electrodes known to be linked to the mental tasks
chosen (3). These estimates are usually obtained via a
non-parametric estimation of signal power spectral den-
sity (PSD), typically using Welch’s method (10). Note that
the time window for PSD estimation should be in the
range 0.5 -1 second. Shorter time windows result in lim-
ited frequency resolution, while longer ones may exceed
the stationarity horizon of EEG (11).

2.2. Features in the Joint Time-Frequency Domain

As a matter of fact, the time evolution of the frequency
content of EEG may in itself be used to define features. A
simple extension of frequency domain analysis is the Short
Term Fourier Transform (STFT), that is, signal spectral
estimation on successive time windows (4). It is to be noted
that if a one-sample shift is considered for these successive
time windows a recursive computation of the discrete Fou-
rier Transform can be applied, with significant savings in
computation load (12). Quadratic approaches such as the
Wigner-Ville distribution (13) have been extensively used
to perform offline time-frequency analysis of EEG signals
(14). However, due to the relatively high computation load
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Figure 1. EEG power spectral density for a subject with eyes
closed (electrode O1). Notice the significant alpha peak at 10Hz.

Table 1. Main Signal Processing Techniques Currently
Used in BCI Research, and Representative Papers Using
them

Non parametric estimation of spectral density (31)
Joint time-frequency analysis (4)
Wavelet analysis (5)
AR modeling (6,7)
Multivariate AR modeling (2,8)
Synchronization (9)

1
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they impose, they are not much used for BCI systems. An
example of the usefulness of joint time-frequency analysis
is given in Fig. 2. Let us mention also the Wavelet Trans-
form (15), based on the projection of the signal on a suit-
able basis of functions well localized in time and in
frequency. This projection produces a representation
(scalogram) of the time evolution of the frequency content
of the EEG (5). Matching Pursuit, that is based on an it-
erative projection of the signal on a redundant set of func-
tions called dictionary, has also been applied to EEG
analysis (16).

2.3. Features from a Parametric Signal Model

Autoregressive (AR) modeling has been central to many
applications in signal processing (10). A scalar signal x(n)
is modelled as the output of an all-pole filter excited by a
white noise e(n) with variance s2e which leads to the dif-
ference equation:

xðnÞ¼ � a1xðn� 1Þ � a2xðn� 2Þ . . . � apxðn
� pÞþ eðnÞ; ð1Þ

where p is the model order and the ai are the AR coeffi-
cients. The interest in using such a model in a signal
classication setting comes from the fact that it compacts
information, i.e., the model parameters (AR coefficients
and excitation variance), the number of which is limited,
provide in many cases a precise description of the signal
dynamics. Additionally, these parameters are easily esti-
mated with the well-known Levinson-Durbin recursion
(10). AR models have thus been applied with success in
several BCI systems (see for instance (6,7)). An important
issue is that of the selection of model order p, due to the

fact that the AR model has to be estimated inside a limited
time window only, to ensure that the EEG is approxi-
mately stationary inside this window. Too low a value
leads to an AR model that does not fully incorporate all of
the signal dynamics. Too large a value leads to non signi-
cant parameters in the AR model. Akaike Information
Criterion (AIC) is often proposed for AR model order se-
lection, but it tends to overestimate it. Especially for small
time windows, the Minimum Description Length (MDL)
criterion (17), also known as Schwarz-Bayesian criterion
(SBC) is to be preferred. In its simplied form it is ex-
pressed as:

MDLðpÞ¼N logðs2e Þþp logðNÞ ð2Þ

and the order p should be chosen as the one minimizing
this criterion. It can be shown that he first term on the
right-hand side of Equation 2 decreases with p, while the
second one of course increases with p. A minimum is thus
guaranteed to exist. The AR model in Equation 1 can be
made time-varying in order to track the non-stationarities
in the signal. The AR coefficients become time dependent,
and the difference equation becomes:

xðnÞ¼ � a1ðnÞxðn� 1Þ � a2ðnÞxðn� 2Þ . . . � apðnÞxðn
� pÞþ eðnÞ; ð3Þ

This tracking can be performed using the well known
Least Mean Square (LMS) or Recursive Least Square
(RLS) algorithms (10). Note that the compromise between
time resolution (length of the time window) and estima-
tion accuracy, already mentioned for frequency domain
analysis, is replaced by a compromise between tracking
speed and estimation accuracy. The tracking of non-sta-
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Figure 2. EEG joint time-frequency distri-
bution (electrode O1). The subject has first his
eyes closed, then opens them around t¼2.5 s.
The sudden decrease of the alpha rhythm is
clearly visible. Note that in this case the spec-
tral density estimate (on the left of the figure)
mixes the two conditions. The time-frequency
distribution was computed with the time-fre-
quency toolbox TFTB, developed by F. Auger,
P. Flandrin, P. Goncalves, and O. Lemoine.
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tionarities with the help of time-varying AR coefficients is
illustrated in Fig. 3.

2.4. Features from a Multivariate Signal Model

Of course AR parameters extracted from several elec-
trodes can be fed to a classier to discriminate between dif-
ferent mental tasks, but even then the information carried
by the similarities (or dissimilarities) between the time
evolutions of the electrode signals is lost. This is why sev-
eral works have proposed to use multivariate AR (MVAR)
models (2,8).

With X(n)¼ [x1(n), x2(n), y , xm(n)] the vector of m
electrode signal samples at time n, an MVAR model is
dened by the following equation:

XðnÞ¼ � A1Xðn� 1Þ � A2Xðn� 2Þ . . .

� ApXðn� pÞþEðnÞ;
ð4Þ

with E(n) an uncorrelated excitation vector. The diagonal
coefficients of the m � m matrices Ai express the temporal
properties of the electrode signals xk (n), while the off-di-
agonal terms express the correlation between those sig-
nals. The same problem of model selection as for AR
models occurs, but even more crucially since the number
of parameters increases with the square of the number m
of electrode signals involved. In Ref. 18 an efficient se-
quential selection method using an MDL criterion ex-
tended to MVAR models is proposed. As for the AR
models, time-varying extension of MVAR models have
been proposed for BCI systems (19,20). Note that more
involved procedures are developed, based on probabilistic
models of the MVAR parameters and of their time evolu-
tion.

2.5. Features from Pair-Wise Electrode Signal Comparison

Instead of trying to express the relationships between
electrode signals as a whole using an MVAR model, it may
be simpler, and may require smaller signal windows, to
examine all possible signal pairs and estimate some quan-
tity describing their relationship. Let us denote two elec-
trode signals by x(n) and y(n), with samples n ¼ 1, y ,N
dening the time window in which the comparison is per-
formed. The most standard measure of comparison be-
tween those two signals is the biased sample cross-
correlation cxy between their normalized versions, dened
by:

cxyðtÞ¼
1

N

X

N�t

n¼ 1

xðnÞ � �x

sx

� �

yðnþ tÞ � �y

sy

� �

; ð5Þ

with �x; �y the sample means and sx, sy the sample standard
deviations of the two signals. Normalization ensures that
cxy does not depend on the respective signal amplitudes.
Defining Cxy(f) as the (complex) Fourier transform of cxy,
another measure is the sample coherence function:

Gxyðf Þ¼
Cxyðf Þ
�

�

�

�

2

Cxxðf ÞCyyðf Þ
; ð6Þ

that takes values between zero and one, and does not de-
pend on the respective amplitudes of the signals either. If
the two signals are perfectly related, that is, if one is the
output of a filter excited by the other, then Gxy(f)¼ 1 for all
values of f (see (10)).

Recently, the concept of synchronization between oscil-
lating processes has attracted more and more interest in
the statistical physics community (21). Basically, the idea
is that the evolution of the instantaneous phases of two
coupled oscillatory systems is linked. Among other mea-
sures of synchronization, the phase locking value (PLV) is
easy to estimate. With Fx(n) and Fy(n) the instantaneous
phases of the two signals, and DF(n)¼ Fx(n)�Fy(n) the
instantaneous phase difference, the PLV is defined as:

PLVxy¼
1

N

X

N

n¼ 1

expðiDFðnÞÞ

�

�

�

�

�

�

�

�

�

�

: ð7Þ

If DF(n) remains approximately constant, then all the
complex exponentials are close in the complex plane, and
the modulus of their average is close to one. Otherwise, if
DF(n) evolves randomly, then the complex exponentials
occupy the unit circle uniformly, and the modulus of their
average is zero. The instantaneous phases of the signals
can be computed via the Hilbert transform (21). Note that
PLV is also independent of the amplitudes of the signals.
This measure of synchronization (in conjunction with AR
parameters) has been shown to be more effective than co-
herence in a BCI setting (9). Note also that the estimation
of PLV is easily made time-adaptive so that the time-evo-
lution of signal synchronization can be studied (see Fig. 4).
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Figure 3. Time evolution of the first coefficient of an adaptive AR
model (RLS algorithm) applied to the same signal as in Fig 2.
Three regimes are clearly visible: 1) before eye opening, 2) a tran-
sient part during eye opening, and 3) a stationary regime follow-
ing this event.
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3. MACHINE LEARNING

In a BCI complex bioelectrical signals have to be trans-
lated into simple commands for a computer or other de-
vices. The most straightforward approach to map signals
to commands is probably, to look at the distribution of a
small number of simple features of the signals and to
manually specify a translation rule. This method has in-
deed been used in early prototypes of BCIs. In the work
described in (22), subjects could move a cursor up and
down by voluntarily modifying their mu-rhythm ampli-
tude. To translate mu-rhythm amplitude into cursor
movements, different voltage ranges were fixed manually
by an operator, based on the characteristics of previously
recorded signals. However, as noted in (22), even if only
one feature is used, it is difficult for a human to specify an
optimal mapping between signals and commands. If more
features are used, it quickly becomes impossible to man-
ually design mappings. A solution to this problem is, to let
a computer learn the desired mapping from examples. The
basic concepts, that are needed to let a computer learn
from examples will be described in the following sections.
In section 3.1 the basic concepts and the necessary math-
ematical notation are introduced. In section 3.2 the basic
concepts are illustrated using learning algorithms for BCI
as examples. Section 3.3 contains in the following section a
discussion of feature selection methods, is contained i.e.
methods to reduce the dimension of feature vectors.

3.1. Basic Concepts and Notation

In machine learning the training examples are pairs (x,y)
of feature vectors x 2 X and corresponding class labels
y 2 Y. In general X andY can be arbitrary sets, however

in a BCI usually the feature vectors have real-valued en-
tries computed with the help of a feature extraction
method, i.e. X¼RN ; and categories of brain-signals are
indexed by integers from 1 to K, i.e. Y¼f1 . . . Kg. The
problem a learning algorithm has to solve is, to choose
based on the training examples a function f :X!Y from
a family of functions F, such that examples not contained
in the training set are classied correctly.

To formalize the notion of correct classication, a loss
function l :Y�Y! R which measures the cost of map-
ping a feature vector to a wrong class label is introduced.
To express the average classication error on unseen ex-
amples, i.e. examples not in the training set, it is assumed,
that pairs of feature vectors and class labels are drawn
independently from an unknown probability distribution
p(x,y). The expected cost (or risk) R associated to a func-
tion f can then be written as:

Rðf Þ¼

Z

lðy; f ðxÞÞdpðx;yÞ: ð8Þ

A simple example for a loss function is the 0/1 loss:

lðy; ŷÞ¼
0 if y¼ ŷ

1 if yOŷ

(

; ð9Þ

the risk R is then the average number of classication er-
rors1.

0 0.5 1 1.5 2 2.5 3 3.5 4
−40

−20

0

20

40

0 0.5 1 1.5 2 2.5 3 3.5 4
−50

0

50

0 0.5 1 1.5 2 2.5 3 3.5 4
0.4

0.6

0.8

1

Time [s]

Figure 4. Time evolution of the PLV for the
same signal as in Fig. 2 (electrode O1) and the
signal from electrode O2. The synchonization
is high prior to eye opening, it increases
briefly, then decreases when the eyes are
open.

1This loss function is only theoretically attractive because it leads
to intractable optimization problems. To obtain practically feasi-
ble algorithms the 0/1 loss is usually approximated by smooth
functions that are upper bounds on f the 0/1 loss.
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Since the distribution p is unknown it is impossible to
directly search for a function f, which minimizes the ex-
pected risk. Instead the average cost on the training set
(the empirical risk) can be used to nd a good classication
function f:

f ¼ argmin
g2F

X

M

i¼ 1

lðyi; gðxiÞÞ: ð10Þ

It can be shown, that if f is chosen through minimization of
the empirical risk and if the number of training examples
goes to innity, the expected risk R associated to f will be
minimal, i.e. the principle of empirical risk minimization
is consistent. If the number of training examples is small
however, the empirical risk for a given function can be
much smaller than the expected risk and the principle of
empirical risk minimization can be suboptimal. In general
the number of training examples which is necessary to
achieve good results depends on the so called capacity of
the family of functions F. The capacity of a family of func-
tions measures how complex the functions in F can be, an
example for a capacity measure is the Vapnik-Chervonen-
kis dimension (see (23) for a further discussion of statis-
tical learning theory). If the number of training examples
is small, the capacity of the family from which f is chosen
should also be small. As the number of training examples
gets larger the optimal capacity of F also gets larger. In
order to obtain good results one can thus fix the capacity
and vary the number of training examples or alternatively
fix the number of training examples and vary the capacity.
The latter approach is called regularization and is used in
almost every modern machine learning algorithm. In reg-
ularization instead of minimizing the empirical risk, the
sum of the empirical risk and a regularization term is
minimized:

f ¼ argmin
g2F

X

M

i¼ 1

lðyi; gðxiÞÞ þ lOðgÞ: ð11Þ

Here O : F! R is a regularization functional, which pe-
nalizes complex functions g and effectively controls the
capacity of F2. The regularization parameter l allows to
choose between famlies of functions with low capacity (l is
large) and families of functions with high capacity (l is
small). The empirical risk usually decreases as the capac-
ity is increased. The expected risk however first decreases
with increasing capacity and then increases again (see
Fig. 5). To achieve good results the optimal capacity (the
optimal l) thus has to be found. This is usually done using
cross-validation. In cross-validation the training set is
split into k subsets of size approximately N/k. Then
k� 1 subsets are used for training a classier with differ-
ent settings for the regularization parameter, and the re-
maining subset is used to measure the generalization
error of the classiers. Each subset is left out once, and

the l which results in the smallest average number of er-
rors is chosen.

3.2. Learning Algorithms for BCI

Given the above considerations several choices have to be
made when a learning algorithm for a BCI is designed.
The first question that has to be answered is, which family
of functions should be used. A common answer to this
question is, that F should be the family of linear disc-
riminants. Linear discriminants can be written as:

f ðx;wÞ¼ sgn
X

N

i¼ 1

wixiþw0

 !

; ð12Þ

where w 2 RNþ 1 and sgn denotes the sign-function. Lin-
ear discriminants have the advantage of conceptual sim-
plicity, and often lead to very good results in the context of
BCI. A disadvantage is, that in order to obtain optimal
results training as well as test examples have to be lin-
early separable, i.e. examples of classes � 1 and 1 should
be separable by a hyperplane in RN . Other choices of F,
which are less common in the context of BCI, are families
of non-linear functions, such as neural networks (8), ker-
nel machines (24), or hidden Markov models (25). With
families of non-linear functions, complex relationships be-
tween feature vectors and class labels can be modeled and
it is no longer assumed that the data are linearly separa-
ble. The drawback of using non-linear functions in a BCI
is, that in general the capacity of families of non-linear
functions is higher than the capacity of families of linear
functions and thus a relatively large number of training
examples is necessary. Whether linear functions or non-
linear functions should be used in a BCI depends on many
factors and thus this question cannot be decided in gen-
eral. Due to the simplicity of linear functions it is however
preferable to first try linear functions and to use non-lin-

R
is

k

Capacity

Figure 5. Relationship between capacity, empirical risk (solid
line), and expected risk (dashed line). The empirical risk contin-
ually decreases as the capacity is increased. The expected risk
first decreases and then increases again as the capacity gets too
large.

2If the functions f are elements of a Hilbert space, often
OðgÞ ¼ g

�

�

�

�

2
is used as regularization term and biases the learn-

ing algorithm towards smooth functions f.
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ear functions only if necessary (see (26) for a further dis-
cussion of linear vs. non-linear).

Another important design choice is the number of men-
tal tasks that is discriminated by a learning algorithm for
a BCI. Typical choices for the number of classes range
from two to five, most often only two classes are used. The
first thing that should be noted here, is that as the number
of classes increases, usually the classication accuracy de-
creases. This is due to the larger number of parameters
that has to be learned and to the potentially larger overlap
of a large number of classes compared to a small number
of classes. On the other hand the information transfer
rate, i.e. the number of commands per time that can be
transmitted with a BCI potentially increases as the num-
ber of classes is increased. A tradeoff which results in an
optimal information transfer rate thus has to be found. An
example for a BCI, which can handle up to five different
classes is described in (25). In this work it was concluded
that on average three different mental tasks lead to the
highest information transfer rate.

The method used for selecting a function from the fam-
ily of functions F is as important as the choice of F itself.
Generally two different approaches can be used for a BCI.
If exact knowledge about features relevant for classication
exists and a large number of training examples is avail-
able simple empirical risk minimization can be used. In
the work described in (6) for example, an adaptive auto-
regressive model of order 6 was used to extract features
from two EEG channels, which resulted in 12-dimensional
feature vectors. A linear model was used for classication
and the number of training examples differed between
subjects, but was always bigger than 120, i.e. ten times the
dimension of the feature vectors.

If exact knowledge about relevant features does not
exist, i.e. if for example it is unknown which electrodes or
frequency bands are relevant for a classication task, reg-
ularization can be used. An example for using regulariza-
tion in EEG classication is the work presented in (27). To
classify movement related potentials, 15 samples were ex-
tracted from each of 27 channels, which resulted in 405
features. The number of training examples was 516, i.e.
nearly the same as the number of features. If the data was
lowpass filtered before feature extraction, linear disc-
riminant analysis (LDA) performed nearly as well as reg-
ularized LDA. However if features were extracted from
the raw data the regularized LDA performed much better
than plain LDA. This shows, that if the data contains a lot
of noise and/or the number of features is large compared to
the number of training examples, regularization should be
used.

An interesting open problem in BCI, which cannot be
solved completely within the classical machine learning
framework as described in section 3.1, is the so called
man-machine learning dilemma (MMLD) (3). The MMLD
refers to the problem of mutual adaptation of two inter-
dependent systems, namely the human subject and the
computer. Feedback given during training sessions can
modify the behavior of the user and thus the EEG. An
adaptation of the classication rules to the changes that
occurred due to feedback will again modify the behavior of
the user, which will require a new adaptation, and so

forth. The assumption of a fixed probability distribution
from which data is sampled is thus not entirely correct.
Instead one should consider that the probability distribu-
tion underlying the EEG changes from session to session
due to feedback given in earlier sessions and due to
changes in mood, concentration, fatigue etc.

Online learning methods, such as the perceptron algo-
rithm or neural networks might provide a solution to this
problem. However very little work exists that describes
the application of online learning in the context of BCI and
a widely accepted solution to the MMLD still has to be
found.

3.3. Feature Selection

In addition to regularization, feature selection techniques
can be used to avoid overtting, i.e. to avoid an empirical
risk that is much lower than the true risk. In feature se-
lection only features which are relevant for classication
are kept in the feature vectors. One can generally differ-
entiate three approaches to feature selection: filter ap-
proaches, wrapper approaches, and embedded methods.

In the filter approach features are selected indepen-
dently of the learning algorithm and before the learning
algorithm is used to learn a classier. An example for a fil-
ter method is to use only the features wich have a large
value of the Fisher criterion. In the two-class case the
Fisher criterion is given by:

s¼
ðm1 � m2Þ

2

s21þ s22
; ð13Þ

where m1 and m2 denote the class conditional mean values
of the feature, and s21 and s22 the class conditional vari-
ances. The use of the Fisher criterion for the selection of
electrodes for the classication of EEG recorded during
imagined movements is described in (28), another exam-
ple for a criterion that can be used in a BCI is described in
(29).

Like the filter approach, the wrapper approach can be
used with any learning algorithm. However, here the
learning algorithm is used as a black-box, that indicates
how good a given feature subset is. To achieve this, the
learning algorithm is run on a training set and only a
subset of features is used. The generalization error given
the feature subset is estimated using a validation set
which was not used during training. This procedure is re-
peated for different feature subsets until a good subset of
features has been found. The disadvantage of wrapper
approaches is, that in theory all 2N� 1 subsets of features
have to be tested in order to nd the best subset. This
makes the wrapper approach computationally intractable
if the number of features is large. To make the wrapper
approach feasible even for large numbers of features, dif-
ferent search methods exist, that do not search the whole
subspace of feature subsets but still can lead to good re-
sults. An example for using a wrapper approach based on
genetic algorithm to select features for the classication of
movement-related potentials can be found in (29).

Unlike the two first methods embedded methods de-
pend on the learning algorithm that is used. Feature se-
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lection is integrated with learning a function from the
training set. Examples for embedded methods are recur-
sive feature elimination, or the use of a sparseness pro-
moting regularization term, such as the L1 norm. An
example for using recursive feature elimination to select
electrodes for the classication of imagined movements can
be found in (28).

3.4. Support Vector Machines

Support Vector Machines (SVM) are nowadays a standard
machine learning tool and are used in BCI systems and
also in many other areas. In the following a brief intro-
duction to some of the basic ideas underlying SVMs will be
given. A more detailed review of SVMs and other kernel-
based learning algorithms can be found in (30), an exten-
sive description of the application of an SVM in a BCI is
given in (31).

To understand how the SVM works it is instructive to
first consider the case in which all the training examples
can be separated by a hyperplane, i.e. the training data is
linearly separable. In this case the SVM chooses a hyper-
plane that maximizes the minimal Euclidean distance be-
tween the hyperplane and the training examples3.
Intuitively by maximizing the distance between training
examples and the hyperplane the probability that future
feature vectors fall on the wrong side of the hyperplane is
kept small. Denoting class labels as yi 2 f�1; 1g; feature
vectors as x 2 Rd; and the optimal hyperplane as w, max-
imizing the margin for linearly separable data can be for-
mulated as the following constrained optimization
problem:

min
w

1

2
Wk k

s:t: yiðw
txiþ bÞ � 1:

ð14Þ

It can be shown, that the margin corresponds to the quan-
tity 1= wk k; thus a maximization of the margin is achieved
by minimizing wk k. A geometrical interpretation of this
optimization problem in the two-dimensional case is
shown in Fig. 6.

If the data are not linearly separable no solution that
respects all the constraints in Problem 14 exist. To deal
with non-separable datasets the constraints are relaxed
by introducing slack-variables zi:

min
w;xi

1
2 wk kþC

P

i

xi

s:t: yiðw
txiþ bÞ � 1� xi

xi � 0:

ð15Þ

If C¼N this problem is equivalent to Problem 14. How-
ever if C is small enough some training examples are al-
lowed to lie inside the margin or even on the wrong side of
the hyperplane. To obtain good generalization perfor-
mance it is important to test different values for C and

to choose an optimal value, for example via cross-valida-
tion.

An equivalent dual formulation can be obtained by in-
troducing Lagrange multipliers ai for each of the con-
straints in 154:

max
ai

P

i

ai � 1
2

P

i;j
aiajyiyjxtjxj

s:t: C � ai � 0
P

i

aiyi¼ 0:

ð16Þ

The separating hyperplane can now be expressed as a
weighted sum of the training examples:

w¼
X

i

aiyixi: ð17Þ

The dual formulation is actually used instead of the pri-
mal formulation 15 in many SVM implementations and
has the interesting property, that the training examples
appear only as dot-products xtixj. This makes it possible to
compute non-linear decision boundaries, simply by replac-
ing the standard (Euclidean) dot-product by a kernel func-
tion k(xi, xj). The kernel function represents the dot-
product in a space that is obtained through a non-linear
mapping F from the original space:

kðxi;xjÞ¼FðxiÞFðxjÞ ð18Þ

The Gaussian kernel kðxi; xjÞ¼ expð xi � xj
�

�

�

�=s2Þ and the
polynomial kernel kðxi; xjÞ¼ expðxtixjþ cÞd are widely used
kernel functions. Both the Gaussian kernel and the poly-
nomial kernel have been used in BCI systems, however

w

�

�

x1

x2

Figure 6. Linear SVM in two dimensions for a separable dataset.
The figure shows the margin g¼1= wk k and the weight vector w.
The three points on the margin are called support vectors and
fully define the solution, i.e. the solution does not change if the
other points are moved and stay on the same side of the margin.

3This distance is called the margin in the SVM literature.

4For a detailed derivation of the dual problem we refer the reader
to (30).
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often for EEG classication linear SVMs are sufficient, i.e.
kðxi; xjÞ¼ xtixj can be used.

4. PERSPECTIVES FOR THE FUTURE

Recording of the EEG is easy, non invasive, and can be
performed using off-the-shelf, inexpensive devices. How-
ever, the information it provides on mental processes is
limited, and this is why other modalities such as cortical
electrodes have a clear potential for BCI systems, al-
though they raise many practical problems. It seems
more than probable (and this should happen in the near
future) that the development of micro-electrode arrays
improved in terms of implantation and bio-compatibility,
will give rise to a vast development of industrial and
health-care BCI applications. On the other hand it may
be noted, that, if the EEG yields a fuzzy picture of the
brain processes, this picture is a global one, while cortical
electrodes yield a precise but local information. It is our
belief that, by using more a priori information on its for-
mation and more sophisticated signal processing tools,
more can be obtained from EEG activity, perhaps for BCI
applications yet to be invented. Also, we think that much
can be expected from the joint optimization of feature ex-
traction and feature classication, that is, from more ‘‘in-
telligent’’ BCI systems.
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arability of EEG signals recorded during right and left motor
imagery using adaptive autoregressive parameters. IEEE

Transactions on Rehabilitation Engineering 1998; 6:316–325.

7. D. Burke, S. Kelly, P. De Chazal, R. Reilly, and C. Finucane, A
parametric feature extraction and classication strategy for
brain-computer interfacing. IEEE Transactions on Neural

Systems and Rehabilitation Engineering 2005; 13(1):12–17.

8. C. Anderson, E. Stolz, and S. Shamsunder, Multivariate au-
toregressive models for classication of spontaneous electroen-
cephalographic signals during mental tasks. IEEE

Transactions on Biomedical Engineering 1998; 45(3):277–286.

9. E. Gysels and P. Celka, Phase synchronization for the recog-
nition of mental tasks in a brain-computer interface. IEEE
Transactions on Neural Systems and Rehabilitation Engi-

neering 2004; 12(4):406–415.

10. M. H. Hayes, Statistical Digital Signal Processing and Mod-

eling. Wiley, 1996.

11. S. Blanco, H. Garcia, R. Quiroga, L. Romanelli, and O. Rosso,
Stationarity of the EEG series. IEEE Engineering inMedicine

and Biology Magazine 1995; 14(4):395–399.

12. M. Amin, A new approach to recursive fourier transform.
Proceedings of the IEEE 1987; 75(11):1537–1538.

13. L. Cohen, Time-Frequency Analysis. Englewood Cliffs, NJ:
Prentice Hall, 1996.

14. S. Haykin, R. Racine, Y. Xu, and C. Chapman, Monitoring
neuronal oscillations and signal transmission between corti-
cal regions using time-frequency analysis of electroencepha-
lographic activity. Proceedings of the IEEE 1996; 84(9);1295–
1301.

15. P. S. Addison, The Illustrated Wavelet Trans form Handbook.
Bristol: IOP, 2002.

16. P. Durka and K. Blinowska, A unified time-frequency para-
metrization of EEGs. IEEE Engineering in Medicine and Bi-

ology Magzine 2001; 20:47–53.

17. P. D. Grünwald, I. J. Myung, and P. M. A., Advances in Min-

imum Description Length Theory and Applications Cam-
bridge, MA: MIT Press, 2005.

18. E. Bagarinao and S. Sato, Algorithm for vector autoregressive
model parameter estimation using an orthogonalization pro-
cedure. Annals of Biomedical Engineering 2002; 30(2):260–
271.

19. M. Cassidy and W. Penny, Bayesian nonstationary autore-
gressive models for biomedical signal analysis. IEEE Trans-

actions on Biomedical Engineering 2002; 49(10):1142–1152.

20. P. Sykacek, S. Roberts, and M. Stokes, Adaptive BCI based on
variational bayesian kalman filtering: An empirical evalua-
tion. IEEE Transactions on Biomedical Engineering 2004;
51(5):719–727.

21. A. Pikovsky, M. Rosenblum, and J. Kurths, Synchronization–
A Universal Conceptin Nonlinear Sciences. Cambridge, UK:
Cambridge University Press, 2001.

22. J. R. Wolpaw, D. J. McFarland, G. W. Neat, and C. A. Forneris,
An EEG-based brain-computer interface for cursor control.
Electroencephalography and Clinical Neurophysiology 1991;
78:252–259.

23. V. Vapnik, The Nature of Statistical Learning Theory New
York: Springer, 1999.

24. M. Kaper, P. Meinicke, U. Grosskathoefer, T. Lingner, and H.
Ritter, Support vector machines for the P300 speller para-
digm. IEEE Transactions on Biomedical Engineering 2004;
51(6):1073–1076.

25. B. Obermaier, C. Neuper, C. Guger, and G. Pfurtscheller, In-
formation transfer rate in a five-classes brain-computer in-
terface. IEEE Transactions on Neural Systems and

Rehabilitati on Engineering 2001; 9(3):283–288.

26. K. R. Müller, C. W. Anderson, and G. E. Birch, Linear and
nonlinear methods for brain-computer interfaces. IEEE

Transactions on Neural Systems and Rehabilitation Engi-

neering 2003; 11:165–169.

27. B. Blankertz, G. Curio, and K. R. Müller, Classifying single
trial EEG: Towards brain computer interfacing. in Advances
in Neural Information Processing Systems, vol. 14. MIT
Press, 2002.

8 HUMAN BRAIN INTERFACE: SIGNAL PROCESSING AND MACHINE LEARNING
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1. HUMAN FACTORS ENGINEERING (HFE): AN
INTRODUCTION

Human factors engineers are called upon when the ‘‘hu-
man element’’ is an important interaction with a device,
system, or process that is the subject of an engineering
analysis. Such interactions occur frequently and across
different engineering disciplines. For biomedical engi-
neers, the ‘‘human element’’ is at the center of their engi-
neering practice. For industrial engineers, the human
operator is often an integral element in performing man-
ual labor tasks, production assembly tasks, or technolog-
ical system control tasks (to name but a few). For
mechanical engineers (including manufacturing engi-
neers), interest exists not only in people doing work, but
also in people operating the devices that are engineered
(e.g., automobiles, power tools, and other consumer prod-
ucts). For aeronautical engineers, above and beyond air-
plane design, the ‘‘human-in-the-loop’’ control system
stability is an additional responsibility.

1.1. A Very Brief History

Human factors engineering (HFE) began with what has
been acclaimed the world’s first engineering textbook (1),
the Mêchanika (or Mechanical Problems) attributed to
Aristotle (384–322 BC) and the Greek physicist Straton
(d.278 BC) (2). In that text, section #30 is a biomechanics
problem that demonstrates the need for a seated person to
tilt the upper body forward and pull the lower legs back-
ward (so that the head is aligned over the feet, as per Fig.
1) in order for the person to transition to a fully erect
stance in which the head is directly aligned above the feet,

which is an important conceptual development because,
for the fist time, a human being (and not an inanimate
object) is the entire focus of a mechanical problem.

Moving forward 2200 years to the early twentieth cen-
tury, F. W. Taylor, an industrial engineer, developed the
method of time study to describe, analyze, and optimize
the efficiency of workers in various jobs such as factory
assembly line work. Taylor’s method was subsequently
extended by others and is one of the best known develop-
ments in the history of HFE because time and motion
study has remained a standard methodology used by in-
dustrial engineers (3).

Human factors engineering was formally defined in the
early 1960s as an application of systems engineering (4)
and quantitative experimental psychology (5). This formal
definition is an important conceptual development be-
cause it lead to the recognition that ‘‘HFE is an engineer-
ing enterprise’’ (6).

The last third of the twentieth century has witnessed a
growing division regarding the definition and practice of
HFE. The human factors specialists (such as human fac-
tors psychologists and applied ergonomists) have defined
and practiced HFE as primarily human factors with an
engineering application (e.g., 90% human factors and 10%
engineering). The professional engineers (such as biome-
chanical engineers and human-focused control systems
engineers) have defined and practiced HFE as primarily
engineering with a human factors application (e.g., 90%
engineering and 10% human factors). See Human Factors
Engineering (HFE): Conclusion section.

1.2. Some Definitions

Human factors engineering may be defined as follows:
The discipline of engineering concerned with the anal-

ysis, design, and development of human technological sys-
tems in which the primary emphasis is to improve or
optimize system performance by considering the human’s
capabilities and limitations in the system. HFE is based on
the concept of a human-technological system that may be
described quantitatively using the standard methods of
engineering analysis. A system is defined as a set of ele-
ments that are related by means of their interaction with
each other and that collectively act together in order to
achieve an objective or purpose. The system itself may be
simple or complex, but generally consists of four elements
as shown in Fig. 2.

In HFE, the human subsystem is the major focus of the
system engineering analysis. This analysis may be me-
chanic, electronic, thermodynamic, biophysical, ergo-
nomic, or informatic (for example) depending on the
specific objectives of the analysis.

With respect to HFE, the technological subsystem may
vary from the very simple to the very complex. For exam-
ple, a jet airliner or a nuclear submarine is an example of a
very complex technological subsystem. Furthermore, the
technological subsystem may be engineering-discipline
specific, such as a mechanical drill press, an electronic
computer, or an industrial assembly line.

As shown in Fig. 2, human-technological systems may
interact with the environment (the environmental sub-

A

B

H

Z ∆

Γ

Figure 1. Seated figure preparing to stand. Body segments de-
noted with Greek letters. See text for details.

1
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system), in which case we have an open human-techno-
logical system. A closed human-technological system is
one in which minimal environmental interaction exists.
Some examples are given in (8).

The task to be performed is the other element that in-
teracts with a human-technological system. This final el-
ement ensures that the human-technological system has
an objective and does something purposeful. The human
operator’s individual strategy may vary, as well as their
physical and mental capabilities. Indeed, even the human
operator’s motivation and attitude may vary. However,
when a purposeful task exists, the human factors engineer
has some basis for predictability and human performance
measurement. Without a specified task, human-techno-

logical systems may be random, reflex responsive, or er-
ratic and are not well-suited for quantitative engineering
analysis.

1.3. An Introduction to HFE

As shown in Fig. 3, HFE may be viewed as a multidisci-
plinary engineering specialty. Its scientific foundations
are based on a social science (psychology), applied science
(engineering), and life science (biology/medicine). Figure 3
indicates that HFE is directly a discipline of engineering
because it is based directly on the general engineering el-
ements of physics, statics, dynamics, electronics, thermo-
dynamics, and control theory.

Consequently, upper division undergraduate engineer-
ing students may be pleasantly surprised to know that
much of their general engineering knowledge (9) that they
have already acquired directly interfaces with the disci-
pline of HFE. The previously described engineering sci-
ence elements define a set of analytic skills, which (as we
shall see in the next section) can be directly applied to
HFE analysis, design, and development.

The specialty of human factors can be defined as design
for effective human use. In human factors, some represen-
tative elements are ergonomics, workstation design, de-
sign of controls, manual tracking, design of tools, and
functional analysis (10). The majority of human factors
specialists are industrial engineers and psychologists. In
this specialty, human beings (with their abilities and lim-
itations) are studied as human operators that interact
with other elements within a system (e.g., a machine, a
task, or an environment). Consequently, human factors

Environmental
subsystem

OutputIntput

The task

Human
subsystem

Technological
subsystem

Figure 2. A human-technological system (enclosed within
dashed lines) [from Fig. 1.1 of Ref. 7]. See text for details.
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engineering

Bioengineering

Human
factors

Human
factors

engineering

Biomedical
engineering

Ergonomics
Work station design
Design of controls
Manual tracking
Anthropometry
Functional analysis

H.F. biomechanics
H.F. bioelectricity
Ergonomic biodynamics
Workload assesment
H.F. biothermodynamics
Human control engineering

Biostatics
Biodynamics
Bioelectronics
Biothermodynamics
Bioenergetics
Bioelectricity

Motivation
Cognition
Perception
Sensation
Info.proc.
Learning

Physics
Statics
Dynamics
Electronics
Mathematics
Thermodynamics
Control systems

Biophysics
Biochemistry
Anatomy
Physiology
Biomathematics
Neuroscience

Biostatics
Biodynamics
Bioenergetics
Biothermodynamics
Bioelectricity
Bioelectronics

Systems engineering
Manufacturing engrg.
Facility layout
Workplace design
Task analysis
Safety engineering

Engineering Biology/Medicine

Figure 3. HFE viewed as a multidisciplinary
engineering discipline [from Fig. 1.2 of Ref. 7].
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provides the second interface with the discipline of HFE.
It preprocesses fundamental knowledge elements from
psychology with the applied (human activity) knowledge
elements of industrial engineering. Human factors as a
specialty is important as an interface because it provides
the context and some content of HFE (11).

Bioengineering is an interdisciplinary engineering field
that interfaces engineering with biology. The resultant
knowledge elements are applied to any living system (e.g.,
plants, animals, microorganisms, human beings, etc.).
From bioengineering, some representative applied knowl-
edge elements are biostatics, biodynamics, bioelectronics,
biothermodynamics, and bioenergetics.

The convergence of engineering science, human factors,
and biomedical engineering defines the discipline of HFE
(Fig. 3). Representative areas as reviewed in this article
are: H.F. Biomechanics (Examples 3.7 and 4.6), H.F. Bio-
electricity (Example 5.8), H.F. Biothermodynamics (Ex-
ample 6.4), and Quantitative Workload Analysis and
Human Control Engineering (Example 10.4). The exam-
ples that follow have been excerpted from the Human
Factors Engineering textbook (7) and are cited according
to their assigned number in that text.

2. ERGONOMIC ENGINEERING: APPLICATIONS

Ergonomics may be defined as the scientific study of work.
It focuses on human capabilities and limitations with re-
spect to the appropriate design of living and working en-
vironments. The goal of ergonomics is to design for ‘‘ease
and efficiency.’’ In other words, minimize human operator
stress and fatigue, and also promote work output and pro-
ductivity. Many different types of professionals practice
ergonomics with respect to their disciplines, which include
applied psychologists, exercise physiologists, occupational
biomechanists, applied physical anthropometrists, and
human-focused industrial engineers.

Ergonomic engineering may be defined as the engi-
neering practice of ergonomics. The practice of ergonomic
engineering involves the analysis and the design of the
ergonomic system configuration. Analysis is the study of
the characteristics of an existing system. The design is the
selection and arrangement of the various system elements
in order to perform a specific task.

The human factors engineer can use two different en-
gineering methods for the design phase. The first method
is design by analysis in which the elements of an existing
or prototype ergonomic system are modified. The second
method is design by synthesis in which the form of the er-
gonomic system is directly determined from the system
specifications. Design by analysis is the approach that is
reviewed in this section. This method allows the student
to reinforce and expand their analytical tools and skills
with respect to the practice of engineering.

2.1. Human Factors Biomechanics

Biomechanics is the study of mechanics as it applies to
biological systems. Table 1 indicates that biomechanics is
a subdiscipline of biophysics and biomedical engineering,
which is as it should be, as much of the work of biome-

chanics needs to be done without continually justifying
why it is done. Science, or biophysics in this case, seeks the
reasons why, and thus collects much important informa-
tion. Biomedical engineering and HFE (in particular) then
seek to apply this knowledge to the betterment of human
beings.

Table 1 also indicates that biomechanics can be subdi-
vided into three sub-sub-disciplines. Biostatics is the sci-
ence of the structure of living organisms in relation to the
forces with which they interact (12). Biodynamics studies
the nature and determinants of the movement (and asso-
ciated forces) of living organisms (13). Bioenergetics is the
study of the energy transformation in living organisms.
Bioenergetics includes (in part) the biothermodynamic
process (14).

2.1.1. Biostatic Examples: Bending, Lifting, and Carry-
ing. When bending over, lifting, or carry objects, the an-
atomical system of interest is the same for all three
activities. This section will define the essential elements
of that system, then describe the relevant model, and pro-
vide a simple example. Additional HFE applications are
presented in Chaffin et al. (15).

The anatomical system for the back is: (1) proximal
segment: sacrum/pelvis (although the sacrum is a contin-
uation of the spine, it is a functional unit with the pelvis);
(2) distal segment: thoracolumbar spine (consisting of 12
thoracic vertebral bones and five lumbar vertebral bones);
(3) joint: lumbo-sacral joint (defined as the intervertebral
space between the fifth lumbar vertebral bone and first
sacral vertebral bone within which the lumbosacral disc is
contained); and (4) muscle (action): erector spinae and
sacrospinalis muscles (extension of the spine, as when we
stand straight up, at attention, during a military inspec-
tion).

The approximate model for the back is presented in Fig.
4a.

Table 1. HFE Fundamentals: Summary of Relationships

Discipline Subdiscipline Subsubdiscipline

Biophysics
Biomechanics

Biostatics
Biodynamics
Bioenergetics

Bioelectricity
Biothermodynamics

Biochemistry
Physical biochemistry

Bioenergetics
Biomedical engineering

Biomechanics
Biostatics
Biodynamics
Bioenergetics

Bioelectricity
Biothermodynamics
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2.1.1.1. HFE Application. In the FBD of the thoraco-
lumbar spine (Fig. 4b), the vertical and horizontal reaction
forces (Ry and Rx) occur as internal reaction to externally
applied load from the environment. At the lumbosacral
joint, Ry and Rx are translated to Ra (axial reaction force
along the central axis of the spine) and Rs (shear reaction
force perpendicular to the axis of the spine), which allows
us to define the forces that cause many of the injuries to
the lower back. Excessive axial forces can result in the
fracture of vertebral bones or injury of intervertebral disc.
Excessive shear forces can result in the dislocation of ad-
jacent vertebral bones and also injury to the interverte-
bral disc.

2.1.1.2. Example 3.7.

a. For the vertical and horizontal reaction forces (Ry

and Rx) in Fig. 4b, derive the equations that trans-
late these forces to the axial and shear reaction
forces (Ra and Rs).

b. In Example 3.7(a), both Ra and Rs were derived in
terms of Ry and Rx that followed positive sign con-
vention. Indicate how the Ra and Rs equations from
Example 3.7(a) would be modified if Ry or Rx, or
both, were negative.

2.1.1.2.1. Solution 3.7(a).

For Ra [see Diagram (a)]:

Ry

Ra

(a)

Rx

�

�

�

Ra¼Ry � sin yþRx � cos y ð1Þ

For Rs [see Diagram (b)]:

Rs

Rx

Ry

(b)

�

�
�

Fifth lumbar
vertebra
(of the spine)

(a) (b)

Erector spinae
muscles Lower ribs

D

A

B

�

�

C

0.36 W

0.18 W + WL

Ra Ry

Rx

Rs

Fe

AB = 0.15 H
AC = 0.20 H
AD = 0.30 H
� = 13° Figure 4. (a) Approximate model of the back

[from Fig. 3.12a of Ref. 7], (b) Free-body dia-
gram of the thoraco-lumbar spine [from Fig.
3.12b of Ref. 7].
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Rs¼Rx � sin y�Ry � cos y ð2Þ

2.1.1.2.2. Solution 3.7(b). When Ry and/or Rxare nega-
tive (by sign convention), Equations 1 and 2 are modified
by inserting a�Ry and/or �Rx in place of the Ry and/or Rx

terms.

2.1.2. Biodynamic Example: Acceleration and Pulling.
2.1.2.1. HFE Application. A HFE will analyze a task

performed by a human within a system. Initially, the HFE
will analyze an existing task, and then, using analytic
techniques, redefine how the task might be performed
more easily and efficiently.

2.1.2.2. Example 4.6.

a. Consider a person pulling a crate (with a loaded
mass, m¼60 kg) along a rough cement horizontal
surface (with a coefficient of sliding friction, m¼ 0:3),
as shown in Fig. 5a. If the person exerts a constant
force ðT¼ 250 NÞ at an angle (y¼ 301), find the ac-
celeration of the loaded crate (assuming the entire
bottom of the crate remains in contact with the
ground).

b. The task of Example 4.6(a) is now modified by plac-
ing the crate on a wheeled pallet, as shown in Fig.
5b, which elevates the load and reduces the angle (y)
of the rope pull to 151. If the coefficient of rolling
friction is now ðm¼ 0:1Þ, find the force (T) that must
be exerted on the rope to achieve the same horizon-
tal acceleration obtained in Example 4.6(a).

2.1.2.2.1. Solution 4.6(a). Given: m¼ 60 kg, y¼ 30�,
T¼250 N, and m¼ 0:3, then find ax as follows:

Draw FBD (c) (of the rigid body):

For dynamic equilibrium (of a particle), the FBD (c) re-
duces to FBD (d):

In this problem, it is justifiable to treat an obviously
rigid block [FBD (c)] as a particle [FBD (d)], with a particle
representing the entire mass located at the block’s center
of mass. As the entire block remains in contact with the
floor, it is not subjected to rotational motion, and all mo-
tion is completely translational, so the governing equa-
tions are:

SFy¼may; ð3Þ

SFx¼max: ð4Þ

Now, as the floor is perfectly horizontal, no vertical com-
ponents of displacement exist (velocity or acceleration), so
Equation 3 reduces to

R�WþFy¼0: ð5Þ

Substituting and rearranging:

R¼mg� T � sin y: ð6Þ

Solving Equation 4:

FT � Ff ¼max: ð7Þ

Substituting and rearranging:

T cos y� mR¼max ax¼
T cos y

m
�

mR
m

ð8Þ

W Fy

Ff

FT

x

T

�

R

(c)

W Fy

Ff FT

T

�

(d)

R

�

�

(a) (b)

Figure 5. (a) Person pulling a crate along a rough horizontal ce-
ment surface [from Fig. 4.5a of Ref. 7], (b) Person pulling a crate
placed on a wheeled pallet [from Fig. 4.5b of Ref. 7].
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Substituting Equation 6 into Equation 8 and rearrang-
ing:

ax¼
T

m
ðcos yþm sin yÞ � mg: ð9Þ

So that by direct numerical substitution into Equation 9,
we find that ax¼ 1:29 m=sec2.

2.1.2.2.2. Solution 4.6(b). Given: m¼ 60 kg, y¼ 15�,
m¼ 0:1, and ax¼ 1:29 m=sec2, then find T as follows: Find
T by rearranging Equation 9:

T¼
m½axþ mg�

cos yþ m � sin y
: ð10Þ

So, by direct numerical substitution into Equation 10, we
find that T¼ 137 N. The tension exerted by the person on
the rope was reduced by almost half when using a wheeled
platform. Note that two contributing factors occurred. The
coefficient of friction was reduced and the load was ele-
vated (decreasing the angle, y).

Additional biodynamic examples are presented in (16).

2.2. Human Factors Bioelectricity and Bioelectronics

Bioelectricity is a subdivision of biophysics, as previously
noted in Table 1. In this chapter, we will denote the rela-
tionship between bioelectricity and biophysics by using
the term electrobiophysics. Bioelectricity, by definition, fo-
cuses on electrical phenomena inherent in biological sys-
tems (17). Bioelectricity is the result of electrical gradients
within organisms that represents a spatial separation of
charged particles. As a consequence, currents will flow
whenever an electrical circuit is completed.

Many manifestations of bioelectricity exist within the
human organism, depending on the specific type and an-
atomical part of the body system generating the electric-
ity. Two important examples are the electromyogram
(EMG) of skeletal muscle (18) and the electrocardiogram
(ECG) of cardiac muscle (19).

The elements of bioelectricity and bioelectronics that
focus on noninvasive applications have been presented by
Phillips (20). The various biologically generated signals
are transduced with either skin-surface electrodes or an
airflow-monitoring facemask. A noninvasive approach
that maintains the face validity of physiological measure-
ments allows determination of the human operator phys-
iological state as it relates to quantitative workload
analysis (vide infra).

The safe design, analysis, and application of medical
electronic devices should be the final goal of the human
factors engineer. The importance of this goal has been
emphasized through case studies compiled by Geddes (21).

2.2.1. Bioelectronics Example: The Electropneumogram
(EPG). The electropneumogram (EPG) can be defined as
electrical activity produced by the movement of air into
and out of the lungs. The EPG is useful to the HFE for two
reasons. First, it represents an important example of the
application of transducers as applied to human physiology.

The ‘‘electrical activity’’ is not indigenously generated by
the human body but is the result of a transducer (the
thermal-convection velocity probe), which converts a
physical variable (pulmonary air flow) into an electrical
signal (current flow) by means of a power-dissipation
thermistor. Second, the EPG provides physiological data
that (by applying suitable approximations) represent a
quantitative approach to the analysis of the cardiopulmo-
nary physiological state (see Quantitative Workload Anal-
ysis).

The bioelectronic system for measuring, processing,
and outputting the EPG is shown in Fig. 6a. Five ele-
ments of this bioelectronic system exist beginning with the
thermal-convection velocity sensor (T of Fig. 6a). A heated
platinum wire ðRsÞ is positioned within an airflow tube (of
cross-sectional area, A), which in turn is connected to a
face half-mask worn by the human operator. As a trans-
ducer, Rs is heated to a temperature differential (DT)
above air temperature (measured by RT), which is accom-
plished by a current source, so that the power (W) that is
dissipated by the platinum wire is a function of the cur-
rent passing through

W¼ i2s Rs: ð11Þ

In operation, Rs is cooled by convective heat loss as
airflow moves through the breathing tube and across the
heated platinum wire. This convective heat loss is a func-
tion of the velocity of airflow in contact with the heated
platinum wire.

2.2.1.1. Example 5.8. For the thermal-velocity sensor
circuit (of the thermal velocity flow meter) of Fig. 6b, find
V0 as a function of the differential input, V1 � V2.

2.2.1.2. Solution 5.8. Figure 6c represents the equiva-
lent electrical circuit of Fig. 6b. As negligible current is
drawn at the inverting and noninverting inputs of the
ideal op-amp (A), then:

V0 � V1

R1
¼

V1

Rs
ð12Þ

V0 � V2

R2
¼

V2

RT
: ð13Þ

Rearranging Equations 12 and 13, we get

V0

R1
¼

V1

R1
þ

V1

Rs
; ð14Þ

V0

R2
¼

V2

R2
þ

V2

RT
: ð15Þ

Differencing Equations 14 and 15, we get

V0
1

R1
�

1

R2

� �

¼V1
1

R1
�

1

Rs

� �

� V2
1

R1
�

1

RT

� �

: ð16Þ
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Rearranging, so that for R1 6¼ R2:

V0¼V1
R2

Rs

� �

R1þRs

R2 �R1

� �

� V2
R1

RT

� �

R2þRT

R2 �R1

� �

: ð17Þ

2.3. Human Factors Biothermodynamics and Bioenergetics

Biothermodynamics is the study of energy, heat, and work
in living systems. Biothermodynamics includes the mate-
rials involved and the processes used in the generation
and transformation of energy, heat, and work. As noted
previously in Table 1, biothermodynamics is a subdisci-
pline of both biophysics and biomedical engineering. Sci-
ence and biophysics, in particular, pursue fundamental
information with respect to cause and effect in living sys-
tems. Biomedical engineering (and HFE in particular)
then applies this information for the benefit of the indi-
vidual person. Bioenergetics is the study of energy trans-
formation in living systems and may include (in part)
biothermodynamic processes, as well as biomechanics and
physical biochemistry (chemical thermodynamics). The
thermodynamic foundations for applying classic equilib-
rium thermodynamics to bioenergetics is well described by
Seagrave (14). Human operator heat transfer and human
operator thermoregulation as they are applied to ergo-
nomic engineering applications is described by Phillips
(22).

2.3.1. Biothermodynamics Example: Human Operator
Heat Transfer. The mechanism of convective heat transfer
is a function of the bulk hydrodynamic motion of a sur-
rounding fluid (liquid or gas) near the surface from which
heat transfer occurs. The fundamental differential equa-
tion that describes such convective heat transfer is ex-
tremely complex and not well-suited for practical
applications. Therefore, the human factors engineer
should use heat transfer coefficients for convective heat
loss problems.

qx¼hðTs � TaÞ ð18Þ

Note that qx is the heat flux, kcal/M2 min (in the x direc-
tion), h is the convective heat transfer coefficient, Ts is the
surface temperature (in 1C), and Ta is the ambient sur-
rounding temperature (in 1C).

The human factors engineer will appreciate that the
application of heat transfer coefficients is extremely useful
in the calculation of heat transfer rates from the human
operator. The convective heat transfer coefficient ðhCÞ is a
function of physical posture (standing or sitting), the
clothing worn (unclothed or clothed), the motion of the
convective fluid (stationary or dynamic), and the nature of
the convective fluid (air or water). As a general approxi-
mation, the convective coefficients may be expressed as
kcal/M2 min 1C.

We can apply the convective heat transfer equation to
the human operator by specifically defining a convective
heat flux as:

qx¼

.
QCONV

AC
; ð19Þ

where
.
QCONV is heat flow by convection (kcal/hr) and AC¼

area of convecting surface (M2).
Substituting Equation 19 into Equation 18, rearrang-

ing, we get

.
QCONV ¼hC ACðTs � TaÞ: ð20Þ

Equation 20 is the general form of the steady-state con-
vective heat transfer equation for a human operator. For
most applications of practical interest to the human fac-
tors engineer, the general convective heat transfer equa-
tion must be modified to account for important physical
variables (i.e., posture, clothing, and the nature and mo-
tion of the convective fluid) (23). These modifications re-
sult in a set of specific convective heat-transfer equations,
as follows:

a. Human operator heat transfer by free convection:
heat transfer to still (zero velocity) ambient air (at
temperature, Ta).

Transducer
(T)

Vo

Vo

Vo

Vo

V1

−
+

−
+

V2

V2

A

AR1 R2

R2

R2

RgRs
RT

RT

Resistance
bridge
(RB)

Bridge
amplifier

(BA)

(a)

(b) (c)

Linearizer Area
multiplier

Q

Figure 6. (a) Thermal-velocity flow meter
[from Fig. 5.22a of Ref. 7], (b) Thermal-veloc-
ity sensor circuit [from Fig. 5.22b of Ref. 7],
and (c) Equivalent circuit of Fig. 6b [from Fig.
5.22c of Ref. 7].
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.
QCF ¼hCFACðTs � TaÞ; ð21Þ

where hCF is the free convection heat-transfer coefficient
and is a function of posture and clothing (see Tables 2 and
3).

b. Human operator heat transfer by forced convection:
heat transfer to moving ambient air (at some veloc-
ity V and at temperature Ta).

.
QCV ¼hCVACðTs � TaÞ; ð22Þ

where hCV is the forced convection heat-transfer coefficient
and a function of posture, clothing, air velocity, and tem-
perature (per Tables 2 and 3).

2.3.1.1. Example 6.4. A human factors engineer is
asked to evaluate the thermal effects of subzero temper-
atures and windy conditions on construction workers for
the Alaskan pipeline. The engineer elects to construct a
wind-chill chart to alert workers to the hazard of cold
temperatures combined with high winds. The wind-chill
temperature (Twc) is the equivalent temperature at zero
wind-velocity that results from the actual wind velocity
and temperature combination being experienced by the
person. The approximation is made that convective heat
transfer predominates, so that radiative and evaporative
heat transfer may be neglected. The worker will be clothed
and actively performing physical work.

a. Derive the governing equation for a wind-chill anal-
ysis.

b. Prepare a chart of equivalent wind-chill tempera-
ture (Twc) for the combination of four actual wind
velocities (10, 20, 30, and 40 mph) and four actual

air temperatures (0, � 10, � 20, and � 301C).

2.3.1.2. Solution 6.4(a). The mathematical definition of
a wind-chill temperature proceeds as follows. The heat
transfer caused by forced convection (which occurs at
some wind-velocity actually experienced) is equivalent to
a calculated heat transfer caused by free convection (zero-
wind velocity) at some wind-chill temperature (Twc). As a
general mathematical statement of the above,

.
QCV ¼

.
Q
0

CF : ð23Þ

Per the definition of a wind-chill temperature (Twc), we
define an equivalent (wind-chill) free convective heat
transfer ð

.
Q
0

CFÞ by modifying Equation 21 as follows:

.
Q
0

CF ¼hCFACðTs � TwcÞ: ð24Þ

Substituting Equations 22 and 24 into Equation 23 and
simplifying, we get

hCV ðTs � TaÞ¼hCFðTs � TwcÞ: ð25Þ

Next, approximate the skin surface temperature (Ts) as
351C, and use the appropriate thermal conductivity coef-
ficients for a clothed person (from Table 3):

1:2
V

V0

� �0:16

ð35� TaÞ¼ 1:2ð35� TwcÞ: ð26Þ

Finally, simplify and rearrange Equation 26 for Twc:

Twc¼ 35�
V

V0

� �0:16

ð35� TaÞ; ð27Þ

which is the governing equation for calculation of the
wind-chill chart. Note that it is independent of an indi-
vidual’s basal metabolism rate ð

.
M0Þ and activity level

ðD
.
MÞ. However, it does require that the skin-surface tem-

perature be approximated and that all heat transfer is
convective.

2.3.1.3. Solution 6.4(b). Substituting the independent
variables (Ta and V) into Equation 27 results in calcula-
tion of the independent variable, Twc. Table 4 provides
data for the final form of the wind-chill chart.

2.4. Quantitative Workload Analysis

Work and workload are not interchangeable terms. Work
and workload are interrelated with some similarities and
some differences, which we will now consider. It is useful
to view work as the external work performed on some ob-
ject or the work that some external object performs on the
human body. In this sense, the physical definition of work
applies. However, when external work interacts with the
human body, the individual can experience different
amounts of workload for the same amount of external
work performed. A simple example is that of a person pro-
ceeding to climb up a set of stairs (perhaps from the first

Table 2. Convective Heat Transfer Coefficients (Unclothed
Person)

Heat Transfer/Posture Symbol Valuea

Free convection (standing) hCF 2.3
Free convection (seated) hCF 2.0
Forced convection (standing) hCV 7.5 (V/V0)0.6

Forced convection (seated) hCV 6.4 (V/V0)0.6

akcals/hr �M2
� 1C

V0 ¼ 1 M=s

Table 3. Convective Heat Transfer Coefficients (Clothed
Person)

Heat Transfer Symbol Valuea

Free convection hCF 1.2
Forced convection (T401C) hCV 3.0 (V/V0)0.6

Forced convection (Tr01C) hCV 1.2 (V/V0)0.16
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floor to the tenth floor at a rate of one floor per minute). In
this case, the external work would be equivalent to the
body weight times the vertical displacement of the body
from the first floor to the tenth floor. When the situation is
reversed, and the same individual then proceeds down-
ward (from the tenth floor to the first floor) at a rate of one
floor per minute. The external work in this case will be
calculated in a similar manner (as when proceeding up the
stairs) so that the magnitude (although not the sign) of the
external work will be the same whether going up or down
the stairs.

Workload may be defined as the reaction of the human
body to external work. When the external work is physical
work, the bodily reactions consist of physiological adjust-
ments and adaptations required for the performance of
that external physical work. When these physiological ad-
justments and adaptations can be measured and quanti-
fied, the human factors engineer has an analytical basis
for the quantitative assessment of human physical work-
load. For example, the acquisition of some essential phys-
iological data (with respect to respiration) is possible with
respect to the electropneumogram (EPG) considered pre-
viously. The quantification of physiological data (neuro-
muscular system equations and cardiopulmonary system
equations) is described by Phillips (24).

The analysis of physical workload applies the quanti-
tative equations of neuromuscular activity and cardiopul-
monary activity in order to define the physiological state
(i.e., internal reaction to the external work), which results
in a physiological state model for human ergonomic work-
load as described by Phillips and Repperger (25).

3. HUMAN CONTROL ENGINEERING: ADVANCED
CONCEPTS

Control engineering (more precisely referred to as control
systems engineering) is the engineering practice of the
analysis and design of control systems. The student has
already been introduced to the definition and concept of a
‘‘system’’ in the first section. A control system is an inter-
related arrangement of physical elements that are orga-
nized so as to command, direct, or regulate itself or
another system (26).

Human control engineering (more precisely referred to
as human control systems engineering) is the engineering
practice of the analysis and design of the human control
systems. It focuses on human capabilities and limitations
with respect to the appropriate design of human-techno-

logical control systems. Human control engineering is
practiced by human factors engineers whether they are
industrial, mechanical, aeronautical, or systems engi-
neers by discipline. For such engineers, the control sys-
tem is not an automatic control system (27). The nature
and arrangement of the various subsystems include a hu-
man subsystem in addition to a technological subsystem.
The resultant control system is not automatic, but rather
has human characteristics (28).

3.1. Human Response Time

We act and we react! A characteristic feature of human
beings is that they respond to their environment. For the
purpose of quantitative analysis, consider the following
axiom: ‘‘For every response (total response time), there is
both a reaction (reaction time) and an action (movement
time).’’ Mathematically, this axiom may be expressed as
follows:

TRT¼RTþMT; ð28Þ

where TRT is total response time (seconds); RT is reaction
time (seconds) or, alternatively, a pure time delay ðTDÞ;
and MT is movement time (seconds).

The amount of information (H) that is present in a set
(x) of equally probably alternatives (N) may be expressed
as

HðxÞ¼ log2 N; ð29Þ

where HðxÞ is the information content (in bits) of the xth
set and N is the number of equally probably alternatives
or choices that the human operator must select.

Choice reaction time may be mathematically related to
the information content of the stimulus event (his) by
means of the Hick–Hymen law (29,30):

RT¼aþbHs; ð30Þ

or alternatively stated as a time delay ðTDÞ:

TD¼aþ bHs; ð31Þ

where a is simple reaction time ðHs¼ 0Þ in seconds and b is
a proportionality constant analogous to a reciprocal baud
rate (s/bit):

b¼ 1=b; ð32Þ

where b is choice reaction time baud rate (bits per second).
For many operational tasks of practical interest to the

human factors engineer, the empirical fitting coefficients a
and b may be reasonably approximated so that an opera-
tional form of the Hick–Hymen law is

RT¼TD¼ 0:20þ ð0:15ÞHs; ð33Þ

where RT is the choice reaction time and TD is the choice
reaction time delay.

Table 4. Wind-Chill Temperature (Twc)

Wind Velocity (mph)�

Ta(1C) 10 20 30 40

01C �9.5 �14.7 �18.0 �20.5
�101C �22.2 �28.9 �33.2 �36.4
�201C �34.9 �43.1 �48.4 �52.3
�301C �47.6 �57.3 �63.5 �68.1

*0:448 M=s
mph

*Note: Frostbite is imminent at a wind-chill temperature (Twc) of � 401C.
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When the number of alternatives of choice (N) is spec-
ified and equally probably, Equation 29 may be substi-
tuted for Hs in Equations 30 and 31. Consequently, the
Hick–Hymen law is very useful for quantifying the human
operator reaction time when a complex task (high infor-
mation content) is performed by the human operator.

Let us now consider movement time. A simple form of
movement is that of directly moving from point A (the
starting point) to point B (the end point), which is referred
to as step tracking. Various examples exist in the real
world of step tracking (31). Examples include the aiming
of a camera at a stationary object, changing lanes while
driving on a multilane highway, and reaching over a dis-
tance in order to place the finger on a flip switch. In the
performance of such tasks, the movement time would be
affected by the distance of the movement, as well as the
accuracy required by the size of the object toward which
one is moving. This relationship between the distance
moved and the object size represents the difficulty of the
movement response. Fitts (32) defined an index of move-
ment difficulty (ID) analogous to information theory. ID
may be stated as

ID ðbitsÞ¼ log2½A=ðW=2Þ�; ð34Þ

where A is the distance of movement from start to target
center and W is the effective width of the target [see So-
lution 10.4(a)].

The movement time (MT) may be defined as the time
required to physically make a response, which begins
when the movement is initiated and ends when the tar-
get is acquired. The basis for Fitts’ law (32) is that the
movement time can be predicted from the index of move-
ment difficulty:

MT¼aþ b ðIDÞ: ð35Þ

3.2. Human Operator Informatic Model

Repperger et al. (33) originally defined the human infor-
mation processing ‘‘cut-off ’’ frequency (oc) in terms of Fit-
ts’ law ‘‘b’’ coefficient:

b¼oc ln ð2Þ: ð36Þ

In an analogous manner, Phillips and Repperger (34)
subsequently related a movement time constant (tM) to
the Fitts’ law ‘‘b’’ coefficient as follows:

b¼ tM ln ð2Þ: ð37Þ

A movement informatic parameter (aM) then defined as
the reciprocal time constant:

aM ¼ 1=tM : ð38Þ

Phillips (35) then derived the human operator informa-
tic model as a function of aM (from Fitts’ law) and the pure

time delay, TD (from the Hick–Hymen law):

yO

yIN
¼

aM e�sTD

ðsþ aMÞ
: ð39Þ

3.3. Human Control System Analysis

Human control system analysis considers two control sys-
tem categories: feed–forward control systems and feed-
back control systems (35). This section will conclude with
a review and example of the feed-forward category.

A feed-forward (or ‘‘open-loop’’) system is one in which
the command or control action is independent of the out-
put. The command input or control action is initiated and
the subsequent processing by the system elements results
in a system output that may be that which is desired de-
pending on any system disturbances.

‘‘Open-loop’’ tasks performed by a human operator have
the following characteristics: (1) The task performance is
automatic. The human applies experience, training, and
judgment to generate a command input or control action
that is then executed in a practiced manner resulting in
output that is expected based on that experience, training,
and judgment. (2) As no feedback exists (e.g., visual or
auditory), the outcome may be acceptable depending on
system disturbances that cannot be directly controlled by
the human operator. (3) The degree of accuracy in per-
forming an ‘‘open-loop’’ task is therefore dependent on: (a)
the human operator’s skill level, and (b) the extent to
which system disturbances are present. (4) The human
operator output does not demonstrate oscillations or other
‘‘stability’’ problems that are inherent in ‘‘closed-loop’’ sys-
tems.

Many applications of practical interest to the human
factors engineer involve the human operator performing a
task that may be described as a perception-action task. In
these tasks, the stimulus has information content that is
perceptually processed as a choice reaction. The human
operator must then make an action as rapidly as possible
and with sufficient accuracy to accomplish the task.

3.3.1. Human Control Engineering Example: A Percep-
tion-Action Task. Many types of perception-action tasks
may be reduced to a feed-forward control system in which
the human operator is modeled as per equation 39.

For a unit-step input of magnitude A, the Laplace
transform of this control system is

y0ðsÞ¼
AaMe�sTD

sðsþ aMÞ
: ð40Þ

The inverse Laplace transform of Equation 40 is a func-
tion, f ðt� TDÞ where TD > 0 and:

For t � TD:

y0¼ 0 ð41Þ
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For t > TD:

y0¼A½1� e�aM ðt�TDÞ�: ð42Þ

The following example illustrates how the human fac-
tors engineer might use the human operator informatic
model in a feed-forward control systems analysis for a
perception-action type of task.

3.3.1.1. Example 10.4. A human factors engineer is de-
signing an operator-alarm interface in which a ship’s so-
nar operator will be sitting at a console viewing a sonar
screen with an information content of Hs¼ 5 bits. The hu-
man factors engineer is considering two types of hypo-
thetical operators (operator A and operator B) and their
interaction with two different design alternatives for so-
nar station-console switch configurations (State 1 and
State 2). Operator A would represent a well-trained, ex-
perienced, and fast-reacting individual ðb¼ 9:2 bits=sÞ and
Operator B would simulate a recently trained, less expe-
rienced, and slower reacting individual ðb¼ 5:0 bits=sÞ.

When a suspect object suddenly appears on the sonar
screen, each hypothetical operator would immediately
alert the computer system (and the watch supervisor) by
manually depressing an alert button located on the con-
sole panel at a vertical height above the operator’s hand.
The hand normally rests on the console desk top.

In the first proposed switch design configuration (State
1), the center of a square button (of height H1) is to be
located at a vertical height (A1) of 0.5 M above the oper-
ator’s hand and will require a coordinated hand-arm-
shoulder movement ðaM ¼ 4:5=sÞ to reach and depress the
push-button switch. In the second proposed switch design
configuration (State 2), the center of the square button (of
height H2) is to be located at a vertical height (A2) of 0.1 M
and will require only a hand-wrist movement ðaM ¼ 10=sÞ
to reach and depress the push-button switch.

(a) If the average diameter of an operator’s index fin-
ger height (h) is 0.01 M, find H1 and H2 so that both
switch configurations have an index of difficulty
(ID) of 5 bits;

(b) Solve for the perception-action time (ta) that the
human operator informatic model would predict for
each of the four operator-state combinations.

3.3.1.2. Solution 10.4(a). Regarding design of the push-
button switch, consider the following:

The effective target height ðWÞ is simply defined as

W¼H � h; ð43Þ

so that the design of the push-button switch reduces to a
Fitts’ law task. The index of difficulty (ID) is obtained by
substituting Equation 43 into Equation 34:

ID¼ log2½A=ðH � hÞ=2�: ð44Þ

Rearranging for H,

H¼hþ
2A

2ðIDÞ
: ð45Þ

Substituting the given data into Equation 45, results in
H1¼ 0:041 M and H2¼ 0:016 M.

3.3.1.3. Solution 10.4(b). Solve for the perception-ac-
tion time (ta) as follows. First, solve for the TD for Oper-
ator A and Operation B by substituting the given data into
Equation 33.

The result is that TDðAÞ¼ 0:75 s and TDðBÞ¼ 1:20 s.
Second, solve for the human operator informatic model

time response by appropriate substitution into Equation
42:

y0ðA1Þ¼ 0:5½1� e�4:5ðt�0:75Þ� ð46Þ

y0ðA2Þ¼ 0:1½1� e�10ðt�0:75Þ� ð47Þ

y0ðB1Þ¼ 0:5½1� e�4:5ðt�1:2Þ� ð48Þ

y0ðB2Þ¼ 0:1½1� e�10ðt�1:2Þ�: ð49Þ

Third, solve for the y0 that defines the perception-action

H

A A

H − h

h W

W
2

H − h
2

2
W
2
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time, ta (i.e., the y0 at which the push-button is engaged).
Referring to the push-button switch diagram, which will
occur when:

y0¼A�W=2: ð50Þ

For State 1, substituting into Equation 43 results in
W¼ 0:031 M.

Recalling that A1¼ 0:5 M, and substituting into Equa-
tion 50 results in

y0ðA1Þ¼ y0ðB1Þ¼ 0:485 M: ð51Þ

For State 2, substituting into Equation 43 results in
W¼ 0:006 M.

Recalling that A2¼ 0:1 M, and substituting into Equa-
tion 50 results in

y0ðA2Þ¼ y0ðB2Þ¼ 0:097 M: ð52Þ

Fourth, solve for the specific perception-action times
(tas) by substituting the results of Equations 51 and 52
into Equations 46–49, so that

taðA; 1Þ¼ 1:53 s; taðA; 2Þ¼ 1:10 s; taðB; 1Þ¼ 1:98 s;

and taðB; 2Þ¼ 1:55 s:

For two-switch configurations states, each of an equal
index of difficulty, when the information content of the
stimulus (Hs) is 5 bits, the second switch configuration
improves operator action time by an average of 25%, and
the less experienced operator (using the second switch
configuration) has an action time comparable to the more
experienced operator (using the first switch configura-
tion). This demonstrates a trade-off between the choice
reaction time baud rate (b) and the movement rate con-
stant (aM).

4. HUMAN FACTORS ENGINEERING (HFE): CONCLUSION

So what will the twenty-first century do for HFE? The
growing division between the psychologists/ergonomists
and the professional engineers (see the first section for a
brief history) will very likely be resolved in a manner
analogous to that of biophysics in the 1940s (36). At that
time, biophysics experienced a widening division with re-
spect to definition and practice. The life scientists viewed
biophysics as 90% biology and 10% physics. However, the
engineers viewed biophysics as 90% physics and 10% bi-
ology. The division was resolved as the life scientist-bio-
physicists joined the physiologists and formed the
departments of physiology and biophysics that are in
most of our medical schools today. These scientists study
basic science questions at the ultra-structural cellular/mo-
lecular level. The engineer-biophysicists became the orig-
inal bioengineers and subsequently founded the discipline
and profession of biomedical engineering.

A much more important issue (but a related one) is who
will be these HFE’s of the twenty-first century? The an-

swer (as demonstrated in this chapter) involves both ed-
ucation and perspective. This chapter clearly indicates
that to be a human factors engineer, you must first be a
good engineer. You must be able to apply fundamental en-
gineering science (e.g., biomechanics, bioelectronics, bio-
thermodynamic, and control system theory) in order to
mathematically describe and model the human being,
which is the role of engineering education (particularly
the education of a biomedical engineer).

A good HFE must also be interested and adept in de-
scribing and modeling the human operator as part of an
interacting system, which involves the element of per-
spective, and this chapter has given you an insight into
such a perspective. Perspective is how you, as a graduate
biomedical engineer, view a human being. Is the human
being to be analyzed, imaged, or interacted with inwardly
to the micro- or nano-level (if necessary) to achieve a bio-
medical engineering objective? Alternatively, is the hu-
man being to be analyzed outwardly as one element, the
‘‘human element,’’ interacting in the context of other ex-
ternal elements so that the whole is an interacting sys-
tem? Your answer expresses your perspective.

So who will be the HFE’s of the twenty-first century? It
will be those individuals with a good engineering educa-
tion and a human-system perspective.
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1. INTRODUCTION

The analysis of human motion is a central topic of interest
for a number of disciplines, ranging from biomechanics to
human movement science. It includes technological issues
(sensors and measuring systems), signal processing issues
(filtering, calibration, synchronization, etc.), and modeling
issues (coordination of multiple joints, redundancy, orga-
nization of the motor control system, etc.), with a focus on
specific motor functions (standing posture, gait, arm
movements, and manipulation) or application areas (sim-
ple movements in healthy subjects, sport gestures, patho-
logical motor patterns in orthopedic or neurological
patients). Even simple experiments may involve the ac-
quisition of large amounts of data (kinematic, dynamic,
and electromyographic). In most applications so far, the
analysis was performed offline, with the goal of extracting
precise descriptors from the recorded patterns, which may
be useful as diagnostic tools or tools for evaluating motor
performance. However, a growing sector exists in which
the emphasis is on closing the loop around the subject in
real-time, according to some kind of virtual environment
or reinforcement scheme that may be useful for rehabili-
tation or skill learning.

2. BIOMECHANICS

The human body is usually approximated as a system of
rigid bodies that contain a number of kinematic chains,
which neglects the continuum mechanics that character-
ize the soft tissue around the bones and the boneless mo-
tor subsystems (like the tongue) in which classic
biomechanics does not apply. The kinematic chains can
either be open or closed according to the task. For exam-
ple, in a simple arm-reaching or leg-kicking movement,
the kinematic chain is open, whereas when holding a
baseball bat with two hands, the two arms plus the bat
form a closed kinematic chain. In an open kinematic
chain, the total number of degrees of freedom (DOF) is
the sum of the DOF of the individual joints. In a closed
kinematic chain, this number is reduced by the nature of
the external constraint. In the following, we focus on the
biomechanics of open kinematic chains.

2.1. Trajectory Formation

The end-effector of a kinematic chain (e.g., the hand in the
case of the arm) is the segment of the chain that has the
leading functional importance for a given task. Trajectory
formation is a process of analysis of human movements
that focuses on the spatio-temporal characteristics of the
trajectories of the end-effector. The experimental study of
movements in humans has shown that voluntary move-

ments obey two important psychophysical principles, from
the point of view of trajectory formation, in addition to the
logarithmic dependence of choice reaction time on the
number of choices (a.k.a., Hick–Hyman law) (1) and of
movement time on relative accuracy (a.k.a., Fitts law (2):

1. The principle of motor equivalence (3,4): spatio-tem-
poral features of a planned movement are indepen-
dent of the selected end-effector and thus of the
specific muscles involved;

2. The principle of kinematic invariance in the task
space: hand movements to a target are approxi-
mately straight with bell-shaped speed profiles (5),
independent of the movement direction and ampli-
tude. Applied to more complex trajectories, as in
handwriting, the same principle predicts a correla-
tion between speed and curvature (6,7), which is
consistent with the overlapped composition of sub-
sequent primitive motor patterns similar to the
reaching movements. Such invariant spatio-tempo-
ral features of normal movements can be explained
by a variety of criteria of maximum smoothness,
such as the minimum jerk criterion (the jerk-index
is computed as the logarithm of the normalized time
integral of the squared norm of the third time de-
rivative of the hand trajectory) (8) or the minimum
torque-change criterion (9). Kinematic invariance
and smoothness are already present in the cortical
patterns that precede movements (10) and thus are
not a mere consequence of the ‘‘filtering action’’ of
the peripheral motor apparatus.

2.2. Kinematics

2.2.1. The Denavit–Hartenberg Notation. This is a stan-
dardized manner for identifying the DOF in a kinematic
chain, defined as a sequence of links and joints (11). Let us
define Yi as the Cartesian frame of link i:

* zi is directed along the axis of joint iþ 1
* xi lies along the common normal from zi� 1 to zi
* yi completes the right-handed coordinate frame.

The relative position of two adjacent joints is character-
ized by four Denavit–Hartenberg parameters:

* ai distance between the origins of Yi� 1 and Yi, mea-
sured along xi

* si distance between xi� 1 and xi measured along zi� 1

* ai angle between zi� 1 and zi, measured in a right-
hand sense about xi

* Wi angle between xi� 1 and xi measured in a right-
hand sense about zi�1

Joints are classified as rotational or prismatic. In a rota-
tional joint, Wi is the DOF; ai, si, and ai are fixed param-
eters. In a prismatic joint, si is the DOF; ai, si, and Wi are
fixed parameters.

2.2.2. Direct and Inverse Kinematics. The transforma-
tion between Yi�1 and Yi can be expressed by a 4 � 4
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transformation matrix:

Ai¼

cosWi � sin Wi cos ai sinWi sin ai ai cosWi

sinWi cosWi cos ai � cosWi sin ai ai sinWi

0 sin ai cos ai si

0 0 0 1

2

6

6

6

6

6

4

3

7

7

7

7

7

5

:

The transformation matrices in a kinematic chain can be
cascaded, thus yielding the total transformation from the
base link to the end-effector link:

Atotal¼AnAn�1 . . .A1:

According to the convention above, each transformation
matrix is a function of one DOF qi, and the overall trans-
formation matrix Atotal can be logically decomposed into
four vectors (n, s, a, p)

HðtÞ¼

nðtÞ sðtÞ aðtÞ pðtÞ

0 0 0 1

2

4

3

5

¼AnðqnðtÞÞAn�1ðqn�1ðtÞÞ . . .A1ðq1ðtÞÞ;

where p identifies the 3-D position of the end-effector with
respect to the base and the triple (n, s, a) identifies the
unit-vectors of the Cartesian frame associated with the
end-effector. By extracting three independent orientation
angles, from this frame such as the Eular angles (a, b, g), it
is possible to define a six-dimensional end-effector vector
h¼ ½xhand; yhand; zhand; a; b; g�T 2 R6 that corresponds to the
joint vector q¼ ½q1; q2; . . . qn� 2 Rn. Therefore, it is possible
to rewrite the equation above as a nonlinear transforma-
tion between the vectors q and h, which expresses the ‘‘di-
rect kinematic transformation’’ of the kinematic chain:

h¼ f ðqÞ:

If n¼ 6, the kinematic chain is ‘‘regular’’, if n46, the chain
is ‘‘redundant’’ and n� 6 is the degree of redundancy of the
transformation (or the dimensionality of the ‘‘null-space’’).

Inverse kinematic transformation: it corresponds to the
following inverse transformation

q¼ f�1ðhÞ;

which is an ill-posed problem: it can admit no solution (if
the desired target is a kinematic singularity); multiple so-
lutions (also, in regular kinematic chains, the solution
may not be unique); infinite solutions (typically in the case
of redundant chains).

Incremental kinematics: if we derive over time both
members of the direct kinematic equation above, we get
the following relationship between velocity vectors:

.
h¼JðqÞ

.
q;

where J(q) is the Jacobian matrix of the kinematic trans-
formation. If this matrix is square (i.e., the kinematic

chain is regular) and invertible (i.e., q is not a singular
point), then the following inverse incremental kinematic
equation can be written:

.
q¼JðqÞ�1

.
h:

If the kinematic chain is redundant, a generalized pseudo-
inverse solution can be found

.
q¼JTðJJTÞ

�1
.
h;

which corresponds of a minimization of the norm of the
.
q

vector. However, this solution is not numerically robust,
near the singularities of the kinematic transformation,
and is ‘‘non-integrable’’ in the sense that, if we command a
robot arm by means of this algorithm in relation with a
desired closed trajectory in task space repeated several
times (as in crank turning), we get a trajectory in joint
space that is not closed and tends to drift toward the joint
limits of the kinematic chain. A more stable and integr-
able solution is provided by the ‘‘passive motion paradigm’’
(12): It consists of the relaxation of (an internal model of)
the overall kinematic chain to the virtual pull of a force
applied to the end-effector, in the direction of the intended
movement. In a sense, it is the neuromotor analog of the
mechanism of coordinating the motion of a wooden mar-
ionette with jointed limbs by means of attached strings.
The computational merit of the model is its robustness
because it achieves kinematic inversion without an ex-
plicit ill-posed inversion process, but operates with the aid
of a well-posed direct computation: the passive relaxation
to the virtual pull.

2.3. Dynamics

The dynamic equations of a kinematic chain can be com-
puted following the classic Lagrangian approach. The gen-
eral form of the equation is as follows:

tactuatorðtÞ¼ IðqÞq̈þCðq;
.
qÞ

.
qþGðqÞþJTðqÞFext;

where tðtÞ is the vector of actuator torques, q(t) is the law
of motion or trajectory in the joint space, and Fext is the
generalized force vector transmitted to the end-effector by
the environmental interactions (e.g., the manipulation
forces in the case of the arm or the ground reaction force
in the case of the leg). IðqÞq̈ identifies the inertial forces
proportional to the acceleration, Cðq;

.
qÞ

.
q the Coriolis

forces quadratically dependent on speed, and G(q) the
gravitational forces independent of time. Together these
forces represent self-generated disturbances of ‘‘interac-
tion forces’’ that tend to deviate the end-effector from its
intended path. The compensation of interaction forces is a
major task in motor control. In particular, the inertial
term is predominant during the initiation and termination
of the movements, whereas the Coriolis term is more im-
portant in the intermediate, high-speed parts of the move-
ments. Anthropometric parameters influence the I, C, G,
and J matrices, which can be computed on the basis of
appropriate anthropometric models. The dynamic equa-
tion above can be used with the purpose of motion analysis
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or for modeling motor control. In the former case, we can
assume that in an experimental session we have recorded
the kinematic variables q(t) and the external force Fext(t):
The equation allows us to compute, for each joint, the time
course of the joint torque and, by multiplication with the
joint speed, the corresponding joint power. When modeling
motor control, we consider the q(t) patterns as the desired
paths planned by the trajectory formation module, and the
equation above is an anticipatory feedforward mechanism
for generating the motor commands that might implement
the desired plan.

3. MEASUREMENTS

3.1. Kinematic Measurements

Different kinds of kinematic measurements can be con-
ceived with a very wide range of complexity (and cost). No
one kind is best in absolute terms, and the choice depends
on the application. For all of them, a common source of
inaccuracy is the unaccounted shift between the sensors
and the body, which severely limits the working resolution
of the systems, although the employed technology may be
much more precise. It is estimated that the frequency
bandwidth of the measuring chains must be at least 10Hz
because the underlying kinematics of the human motion is
usually contained in that frequency limit. The DC compo-
nent of the recorded data may or may not be relevant ac-
cording to the specific measuring paradigm. The sampling
frequency usually adopted is between 100Hz and 200Hz,
which is largely in excess of the Nyquist constraint, but it
is necessary for two reasons: (1) the need for filtering noise
components that may easily exceed 10Hz and (2) the need
for estimating time derivatives from the recorded signals.

3.1.1. Relative Angular Rotation of a Joint. For a joint
with single DOF, the measurement of the angle rotation
can be carried out by an electrogoniometer (typically a
precision potentiomer) and a rather simple mechanical
appendage, which is connected to the body by means of
straps. For joints with two or more DOF or for a cascade of
joints (e.g., the arm), the mechanical part becomes very
complicated. In the end, it can take the form of an exo-
skeleton, initimately coupled with the bodily kinematic
chain, or a manipulandum (in the case of the arm), which
mirrors the arm and moves in tandem. The latter solution
is better in the sense that it reduces the constraints to the
arm. In both cases, the measuring system is well suited to
carry out a robotic function, in the sense of generating
force patterns that can serve for the purpose of rehabili-
tation or for the estimate of muscle stiffness.

3.1.2. Absolute Angular Orientation of a Body Seg-
ment. In some cases, what is of interest is the orientation
of a body part with respect to an external reference, such
as the vertical line, which is the case, for example, in the
analysis of the motion of the head or the motion of the
trunk in sit-to-stand movements. Electrogoniometers are
not appropriate in this case and, although an optical so-
lution is possible, a more direct approach adopts gyro-
scopes or inclinometers that directly provide the required

information with high precision, high speed, and without
the vexing problem of most optical systems (i.e., the dis-
appearing marker problem).

3.1.3. Acceleration of Body Points (Accelerometry). An
accelerometer is a sensor that, exploiting Newton’s law,
provides a signal proportional to the acceleration compo-
nent in a given direction. With triaxial accelerometers it is
possible to represent the whole acceleration vector of a
given point. In order to reconstruct the 3-D trajectory of
that point, it is necessary to integrate twice the sensor
signals, having a preliminary knowledge of the starting
point (the initial condition of the integration process). For
complex movements that involve many DOF, it is neces-
sary to attach many triaxial accelerometers to the body.

3.1.3.1. Where to Put the Sensors?. This is not a trivial
problem, and it is essentially the same problem that is
faced by optical systems that use visual markers (see
down below). In the simplest solution, one attaches the
sensors as close as possible to the joints of interest (e.g.,
ankle, knee, hip): After tracking the 3-D motion of each
sensor, it is possible to evaluate the joint rotations and
other kinematic variables. The alternative solution, which
is more precise but requires many more sensors, uses rigid
3-D fixtures that hold at least three sensors and are firmly
attached to the body segments (e.g., foot, shank, thigh): In
this way, it is possible to reconstruct the full 6-D motion of
each body segment (3-D translation þ 3-D rotation). In
general, a distinction is made between ‘‘anatomical’’
frames of reference (defined on the basis of anatomical
reference points, such as the lateral malleolus) and ‘‘tech-
nical’’ frames of reference (defined by the rigid 3-D fixtures
already mentioned). A calibration is needed for relating
the former to the latter.

In general, the advantage of accelerometric measure-
ments is that they are accurate and very quick and, as in
the case of the gyroscopic systems outlined above, do not
have problems of marker visibility. The best field of appli-
cation is in the study of rapid motion transients.

3.1.4. Position of Body Points.
3.1.4.1. Optical Systems. Video-based optical systems

are available in a large number of versions. A basic dis-
tinction is between marker-based systems and marker-
less systems.

– Marker-less systems: In this case, the approach is to
extract global iconic descriptors of the whole body
from the images, such, as SMIs (silhouette motion
images) and derive different kinematic parameters
from them (13–15). In this approach, it is also possi-
ble to restrict the system to a single camera (the un-
certainty deriving from the third dimension, depth,
can be resolved by a suitable normalization of the
silhouette area) and, exploiting the global nature of
the transduction mechanism, it is feasible to evaluate
global qualitative descriptors of the movement pat-
terns, such as ‘‘motor fluency,’’ which may be useful
from the point of view of rehabilitation.
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– Marker-based systems: Markers are small material
points with an area on the order of cm2 that are at-
tached to the body. A basic distinction can be made
between systems that use passive or active markers.
In the former case, the markers are omnidirectional
reflective objects and are illuminated with (usually
infrared) light sources, coaxial with the optical axes
of the video cameras. Special video processors sepa-
rate the image of the markers from the background
and estimate the camera coordinates of the markers.
In the case of active markers, power LEDs are usu-
ally adopted, which are activated one at a time by a
special control unit. After detection of the camera co-
ordinates of the markers, the following processing is
the same in both cases. With marker-based systems,
the third dimension can only be resolved by means of
stereophotogrammetry (i.e., by a mathematical ma-
nipulation of the camera coordinates from two or
more cameras), which yields the 3-D coordinates of
each marker (DLT). In order to overcome the basic
problem of all marker-based photogrammetric sys-
tems (i.e., the fact that some markers may become
invisible in some video frames), many commercial
systems employ a redundant set of video cameras (up
to 12). The question ‘‘where to put the markers’’ is
common to all the systems, which attempt to recon-
struct the motion of the human body by tracking the
motion of sensors attached more or less firmly to the
body, and was addressed above.

– The DLT (Direct Linear Transform) method: Record-
ing images with a camera is equivalent to mapping
an object point O in the object space (coordinates x, y,
z) to an image point O0 in the camera plane (coordi-
nates u, v). Two or more cameras are necessary for
reconstructing the x, y, z coordinates of a marker
from the corresponding u, v coordinates. The math-
ematical complexity comes from the fact that this is
an ill-posed inverse problem and its solution depends
on parameters such as the relative position/orienta-
tion of the different cameras and their optical param-
eters, which are usually known with a good deal of
uncertainty. The DLT method is based on using a
control object ofm points whose x, y, z coordinates are
known with high accuracy (16,17). The theory shows
that, for each video camera, the following linear re-
lationships holds

X � L¼Y ;

where L is a vector containing the parameters of the
camera (it is 16-dimensional: 11 parameters code the
geometry of the camera and 5 parameters the optical
distortions), X is a matrix containing x, y, z coordi-
nates of the control points, and Y is a vector contain-
ing the corresponding u, v coordinates. At least eight
noncollinear control points are necessary, and the
camera parameters are estimated by means of least
squares method. After calibration of all cameras, the
x, y, z coordinates of a marker can be evaluated by
rewriting the previous equation in the following

terms

a � x¼ l;

where x is the unknown x, y, z vector, a is a matrix
containing the L-parameters of the different cam-
eras, and l is a vector containing the u, v coordinates.
Again, the unknown x vector is computed by means
of the least squares method.

3.1.4.1.1. Skin Motion Artifacts. A great challenge to the
accuracy of stereophotogrammetric systems in movement
analysis is the presence of artifacts because the markers
are attached to the skin and during movement an unac-
counted motion exists between the skin and the bones.
This problem has been the subject of a number of studies
and no clear solution exists. A ‘‘solidification’’ method has
been proposed by Chèze et al. (18), which allows one to
identify and discard photograms in which marker clusters
are particularly distorted; special calibration techniques
have been proposed, such as a multiple calibration tech-
nique (19) or a dynamic technique (20); global optimiza-
tion techniques have been investigated (21); a point
cluster technique has been proposed (22).

3.1.4.1.2. Computation of Velocity and Acceleration. In
optical systems, which yield positional information of
markers, velocity and acceleration can only be estimated
by means of numerical derivation. Usually, the prelimi-
nary operation is digital filtering of the original kinematic
signal, which is followed by a polynomial approximation in
a suitable time window: The derivatives of the signal (typ-
ically the first two) are computed by analytical derivation
of a polynomial approximation (23). In accelerometric sys-
tems, on the contrary, acceleration is the primary infor-
mation; speed is obtained by integration and position by
double integration.

3.1.4.2. Magnetic Systems. In magnetic systems, the
sensor is a coil and the measurement is the electrical volt-
age induced by external fields. This approach is usually
suited for limited regions of measurements or movements
of small amplitude, such as movements or hand move-
ments.

3.2. Force Measurements

The dynamic analysis of human movements requires mea-
surement of the forces exchanged between the body and
the environment. Different types of sensors are appropri-
ate for movements of the upper limb vs. the lower limb.

3.2.1. Force Measurement with the Upper Limb. The
most common situation is manipulation and the variables
of interest are the forces transmitted between the hand
and the manipulated object. This kind of measurement
can be carried out by means of some kind of instrumented
handle, which is quite similar to the sensorized wrist used
in robotics. This kind of sensor is based on strain gauges
and can resolve three forces (the components of the force
vector along three Cartesian axes of the wrist sensor) and
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three moments (the components of the torque vector
around the same axes). In most cases of human motion
studies, only two or three components can be relevant, and
thus the design of the sensor can be simplified signifi-
cantly.

3.2.2. Force Measurement with the Lower Limb. During
posture or locomotion, the feet and the support surface
interact through a dense set of ground reaction forces. The
measurement of these forces can be carried out in one of
two ways:

1. Array of piezoresistive or piezocapacitive sensors.
The array is mounted on top of the support surface.
The output is a sort of image that yields, for each
‘‘taxel’’ (tactile element), the perpendicular compo-
nent of the local ground reaction. By means of a
weighted sum of the output of the sensors, it is pos-
sible to evaluate the size of the perpendicular com-
ponent of the resultant force vector and its point of
the application (CoP, Center of Pressure).

2. Force platforms. The sensors can either be strain
gauges or piezoelectric elements and are located in
the support elements that link the support surface
(very rigid, in order to avoid low-frequency reso-
nance) to the ground. A Cartesian frame is associ-
ated with the support surface: usually, x identifies
the Antero/Posterior direction, y the Medio/Lateral
direction, and z the vertical direction. A calibration
matrix allows one to map the sensor readings into
the three components of the resultant ground reac-
tion (Fx, Fy, Fz) and the corresponding three mo-
ments (Mx, My, Mz). Available force platforms can
either resolve the whole set of components (six-com-
ponent platforms) or the subset Fz, Mx, My (three-
component platforms). Three-component platforms
are usually preferred in posturographic analysis be-
cause the other three force/moment components are
neglectable in quiet standing, and such devices are
simpler and far less expensive than the other plat-
forms. In many applications, it is convenient to de-
rive (from the Fz, Mx, My estimates) the coordinates,
on the support surface, of the point of application of
the resultant ground reaction force, what is known
as Center of Pressure (CoP).

In selecting one or another type of device, the user
should take into account that (1) piezoelectric sensors can-
not transduce the DC component (this poses a lower bound
on the frequency bandwidth, usually unacceptable for
posturographic analysis), (2) the arrays of piezoresistive
sensors are usually characterized by a higher bound in the
frequency bandwidth of the order of 1–2Hz, which is too
low for resolving the transients either in posturographic
or gait analysis.

3.3. Electromyographic Measurements

In many cases, it is of interest to record the electrical ac-
tivity of skeletal muscles, in synchrony with kinematic or
dynamic measurement, which can be performed by means

of surface electrodes, thin-wire electrodes, or implanted
electrodes. In any case, the recorded signals have a much
higher frequency band than the kinematic measurements.
Usually, a sampling frequency of 2000Hz is deemed ap-
propriate. The raw EMG signals are usually rectified and
integrated yielding a signal with a lower frequency band,
comparable with that of the kinematic variables. This
kind of signal carries information about muscle force
and the intervention timing of motor commands.

3.4. Muscle Stiffness

The measurement of muscle stiffness or joint stiffness or
end-effector stiffness is important in order to evaluate the
extent that the intrinsic properties of muscles can provide
a compensatory action in relation with disturbances, ei-
ther external or self-generated. In the simplest scheme,
starting from an equilibrium position, one either gener-
ates a perturbing force df and measures the resulting dis-
placement dx or, vice versa, imposes a perturbing
displacement dx and measures the restoring force df. Dis-
placements can be either linear or rotational and will cor-
respond to forces and torques. Displacements and
generalized forces can be scalar or vectorial, according to
the experimental conditions. In any case, one can approx-
imate in a linear way the relationship between df and dx:

df ¼ IdẍþBd .xþKdx;

and estimate by means of the least squares method the
parameters of the mechanical impedance (scalar or mat-
ricial according to the number of DOF): the inertia I, the
viscous coefficient B, and the stiffness K. The last is the
most significant because it is under neutral control. If the
number of DOF is greater then 1, K is a matrix and it is
important to estimate its eigenvectors and eigenvalues. If
the latter are not equal, it means that stiffness is not iso-
tropic but is characterized by preferred directions (the
eigenvectors) with the eigenvalues representing the cor-
responding external stiffness values. The method de-
scribed above is still applicable if the initial position is
not in equilibrium, but the system is characterized by per-
manent oscillatory patterns (e.g., the postural sway in
quiet standing), provided that the oscillatory patterns and
the imposed disturbances are statistically independent: It
is sufficient to apply stimulus-locked averaging of the re-
sponse patterns, a technique largely applied for the com-
putation of evoked potentials. In spite of the well-known
nonlinearities of the muscles, the linearized model above
for the estimate of muscle stiffness is still acceptable pro-
vided that the amplitude and the frequency bandwidth of
the disturbance are similar to the natural disturbances
that the motor control system is supposed to compensate.

4. MOTOR CONTROL

4.1. The Viscous-Elastic Properties of the Human Muscles

Perhaps the most marked difference between the robotic
and the biological perspective in the field of motor control
is that, in contrast with the typical robotic actuators
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(torque motors), which are force-controlled and unidirec-
tional (in torque motors, the output torque only depends
on the applied current, independent of the load reaction),
the biological actuators (striated muscles) are position-
controlled and bidirectional: The actual force delivered by
the muscle to the load is a function of the descending mo-
tor command and of the reaction of the load. The bidirec-
tional relationship is characterized by two main
components:

– A length-dependent component, which is equivalent
to an energy-storage elastic characteristic of the
muscle (24,25);

– A velocity-dependent Hill-type component, which
captures the dissipative, viscous characteristic of
the muscle (26).

What is important, from the motor control point of view, is
that the length-tension curves of the muscles cannot be
approximated in a linear way, but have a characteristic
exponential course related to the progressive recruitment
of motor units, which means that muscle stiffness is not
constant but is a function of the particular equilibrium
point. In fact, the descending motor commands determine
the point of intersection l of the exponential curves with
the horizontal axis (l-model) (25). In this model, l is the
controllable parameter, or l-command, that sets the acti-
vation threshold of the monosynaptic stretch reflex and
thus determines the ‘‘rest-length’’ of the muscle-spring. In
this sense, muscles are position-controlled, and by exploit-
ing the fact that each joint is activated by antagonistic
groups of muscles, the brain can determine independently
the overall equilibrium point (via a pattern or reciprocal l-
commands to antagonistic muscles) and the overall stiff-
ness (via a pattern of coactivation l-commands to syner-
gistic muscles).

Such bidirectional characteristics of the muscles in a
kinematic chain, such as the arm, are combined together
determining an elastic interaction between the end-effect-
or and the load, which has markedly anisotropic features
(as mentioned above, the eigenvalues of the stiffness ma-
trix are usually quite different). In the case of planar, two
DOF movement, the stiffness matrix can be represented
graphically by means of an ellipse. This ellipse can be
computed experimentally by generating small distur-
bances in different directions and measuring the restor-
ing force vector. As found experimentally, the orientation
of the stiffness ellipses appear to be characterized by a
polar pattern, with the long axis (where the hand appears
to be stiffer) aligned along the shoulder-hand direction.
The size of such ellipses is easily under voluntary control
by modulation of the overall coactivation of arm muscles.
On the contrary, the orientation of the ellipses does not
appear to be under immediate voluntary control, with the
exception of highly learned movements (27).

The bidirectional characteristics of the human muscles
make them much more flexible than typical robotic actu-
ators, and the implications for the theory of motor control,
only acknowledged in the later 1970s, are still somehow
controversial. No doubt exists that muscle stiffness can be
seen as a kind of implicit (and thus instantaneous) feed-

back mechanism that tends to overcome the action of ex-
ternal and internal disturbances and loads, such as the
action of gravity and the intrinsic dynamics of the body
masses. The crucial question is concerned with the quan-
titative and functional relevance of this effect. For some
researchers, muscle stiffness is all that is needed, without
any kind of internal dynamic models to compensate for
internal and external disturbances. In this view, the brain
is only supposed to generate smooth equilibrium-point
trajectories (the reciprocal commands) while setting up
an appropriate level of coactivation. A very important fea-
ture of this model is that it assigns a computational role to
the muscles, in addition to its obvious executive action. In
spite of its elegance and appealing ‘‘ecological’’ nature, this
extreme form of equilibrium-point control model would
only be plausible if the empirical values of muscle stiff-
ness, at equilibrium as well as during movement, were
strong enough in relation with the usual dynamics of body
motion. The problem is that this is a difficult type of mea-
surement and the available experimental data in dynamic
conditions are quite limited (28). Yet a growing consensus
exists that, although stiffness is certainly relevant as a
cofactor in load compensation, it is not sufficient by itself,
particularly in more demanding dynamic tasks. For ex-
ample, its relative importance is likely to be much greater
in miniature movements, as in the case of handwriting,
which involve relatively small masses, than in the case of
large sport gestures, which may involve large masses,
high speed, and a high level of required accuracy.

4.2. Dynamics Compensation: Anticipatory Feedforward and
Feedback Control

The alternative solution to a pure ‘‘stiffness compensation’’
of internal and external disturbances is some combination
of ‘‘anticipatory feedforward and feedback control,’’ in ad-
dition to the implicit feedback provided by muscle stiffness
and the reflexive feedback provided by segmental mecha-
nisms.

In general, a feedforward control model is based on the
preprogrammed (and thus anticipatory) computation of
the disturbances that will be encountered by a system
when it attempts to carry out a desired plan of motion and,
thus, it is, in a very general sense, an inverse model of the
controlled plant. This computation is complex and re-
quires learning; a good example is given the ‘‘feedback er-
ror learning’’ model (29) where the ‘‘feedforward
controller’’ is trained according to the residual errors of
an underlying feedback controller. In particular, the feed-
back error (the discrepancy between the desired and real
trajectories) is used as the learning signal of the trainable
feedforward model, which gradually takes over the re-
sponsibility of counterbalancing the dynamic distur-
bances, thus acquiring an ‘‘internal inverse model’’ of
body dynamics. On the other hand, such a learning/con-
trol scheme does not work with unstable plants/loads, like
in the stabilization of the standing posture, because it
cannot provide a point-attractor to a system that does not
have it in the first place.

Anticipatory feedback control is responsible for the cor-
rection of the outgoing motor commands on the basis of
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sensory (typically visual and proprioceptive) information;
in contrast with feedforward control, it requires an ‘‘in-
ternal forward model’’ of the body dynamics, which com-
bines a copy of the efferent command patterns with the
delayed reafferent signals and, thus, can reconstruct, in a
similar way to a Kalman filter, the actual state of the plant
(30). Also, this internal model requires a process of learn-
ing, but it is conceptually simpler and computationally
less critical than learning the internal inverse model. In-
deed, the two control modalities seem to coexist in the
motor system (31). Experimental evidence suggests that
both components may use some form of internal model of
body dynamics (32,33). The view of the cerebellum as a
computing machinery that has competence in regard to
the physics of the body (29,34–37) suggests that the cer-
ebellar circuitry is likely to play an important role in car-
rying out these tasks and hints at cerebellar syndromes as
crucial pathological conditions for understanding the role
of the cerebellum in motor coordination.

4.3. Locomotion

Human bipedal locomotion is characterized by two para-
digms: walking and running. In walking, the gait cycle is
defined as the period from heel contact of one foot (for ex-
ample, the left foot) to the next heel contact of the same
foot. This cycle is broken into two parts, stance phase and
swing phase. On the average, the gait cycle is about one
second in duration with 60% in stance and 40% in swing.
The stance phase is further divided into an initial double
stance, followed by a period of single stance, and then a
final period of double stance. Double stance indicates that
both feet are in contact with the ground; single stance is
the period when only one foot is in contact with the
ground. When walking, there must be a period of double
stance, and when running, this period is replaced by a
flight phase during which neither foot is in contact with
the ground. During the early part of stance phase, the heel
is in contact with the ground, progressing to foot-flat dur-
ing single stance, and then to the forefoot contact during
the final double-stance phase ending with toe-off, which
would be the normal contact areas of the plantar surface of
the foot with the ground but may vary greatly with patho-
logical gait. For example, equinus gait is characterized by
the forefoot striking the ground first and then the contact
area, progressing to the posterior in some cases, whereas
in others, the heel never contacts the ground. During dou-
ble stance, the weight is transferred from one foot to the
other. During single stance, the center of mass of the body
passes over the foot in preparation for shifting to the other
limb. Walking has been described as a series of falls from
one limb to the other, and it is obvious that the greatest
danger of an actual fall is during this period of transfer-
ring weight. When the foot is in contact with the ground, it
applies a force to the ground and a ground reaction force
(GRF) is developed that is equal and opposite to the force
the foot applies on the ground. We are interested in this
GRF because it is an external force acting on the body
while walking. The other relevant external force acting on
the body is gravitational attraction if wind resistance or
drag is neglected. The force the foot applies to the ground

is measured by a force plate or a dynamometer that is
mounted securely in the floor.

The GRF can be decomposed into two main compo-
nents: vertical (GRFV) and antero-posterior (GRFAP);
GRFV is the largest and accounts for the acceleration of
the body’s center of mass in the vertical direction during
walking. A typical plot of this force is sometimes called ‘‘M
curve’’ because it resembles that letter: GRFV goes to a
maximum (about 120% of body weight) near the end of the
double-stance phase; it reaches a minimum (about 80% of
body weight) about in the middle of the single-stance
phase; it reaches a second peak (similar to the previous
one) near the end of the single-stance phase.GRFAP is first
a braking force to mid-stance, followed by propulsion, and
usually represents a sine curve with an amplitude of about
25% of body weight; this force is braking for approxi-
mately 50% of stance phase followed by propulsion.

During the gait cycle, the different muscles involved
absorb or deliver mechanical power, which is defined as
the product of the muscle force and the contraction veloc-
ity: If the velocity is negative (i.e., the muscle shortens),
the contraction is called concentric and the power is pos-
itive; if the velocity is positive (i.e., the muscle lengthens),
the contraction is called eccentric and the power is nega-
tive. For example, let us consider the main ankle muscles:
tibialis anterior (a dorsal flexor of the ankle) and gas-
trocnemius (a dorsal flexor). During the initial period of
stance, the tibialis anterior is active as the foot is plan-
tarflexing to foot-flat. During the rest of stance phase, the
gastrocnemius is active controlling the center of mass of
the body as it passes over the foot and then providing the
power to push off the body and transfer the weight to the
opposite foot. If we consider the total power delivered by
the two muscles, the initial value is negative as the tibialis
anterior muscles break the foot during foot-ball and the
power is again negative as the ankle plantar flexors con-
trol the dorsiflexion of the foot. The final power is positive
as the plantar flexors go into concentric contraction to
power the body up and forward.

The minimization of energy expenditure appears to be
a common objective of the different terrestrial mecha-
nisms of locomotion (38–40) and, in fact, the different
types of gait can be effectively classified according to the
strategies for preserving the overall mechanical energy, a
process in which it is more important to assure the effi-
cient transformation of energy from one form to another
than to focus on the minimization of dissipated energy per
se. In general, it is possible to distinguish a metabolic
power Wmet and a mechanical power Wmech that is char-
acterized by a kinetic and a potential component. The ap-
parent efficiency (the ratio between the mechanical and
the metabolic power) is less than 40% for gait and the ef-
ficiency vs. speed curve is bell-shaped with an optimal
value of speed at which the efficiency is maximum; the ef-
ficiency is higher in running (45–50%) and is close to 100%
in galloping horses.

A useful indicator, which has been defined by a naval
engineer of the nineteenth century (William Froude) for
the design of ship models and has been applied to locomo-
tion by Alexander (38), is the adimensional ‘‘Froude num-
ber’’: Fr¼ ðv2/gLÞ, where v is the velocity of the body, L is
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its length or ‘‘size’’, and g is the acceleration of gravity. The
theory says that two organisms with similar geometric
structure but different size will move with a similar geo-
metric regime if their Froude numbers are equal. In par-
ticular, it turns out that, with good approximation, the
optimal walking speed (from the energetic point of view) is
characterized by Fr¼ 0:25, the upper velocity of walking
(before the transition to running) is characterized by
Fr¼ 1, and the preferred velocity for the transition to
running is characterized by Fr¼ 0:5. The theory also al-
lows one to predict the effect of modifications of the value
of g in relation with the terrestrial value (9.81m/s2):
v2¼ v1

ffiffiffiffiffiffiffiffiffiffiffi

g2/g1
p

. The latter equation means, for example,
that if v1 is the preferred walking speed on earth of an
individual, the corresponding walking speed v2 on the
moon (whose gravitational field in one-sixth of the earth
field) will be 40% of v1.
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1. INTRODUCTION: THE TONGUE AS WINDOW ON THE
WORLD

As the process of sensory substitution becomes better
understood, advancing technology to compensate for sen-
sory loss has become increasingly effective (1). The com-
pensation works by coupling data via a human-machine
interface (HMI) to the brain from sensing hardware such
as a charged-coupled device (CCD) array, or a set of
accelerometers. The brain substitutes this information
for the information normally originating from an intact
sense organ. Electrotactile stimulation has proven to be
the most effective mechanism for implementing the HMI.
The technology incidentally provides a means for under-
standing brain plasticity and has yielded new insights into
the operation of cognitive function.

Sensory substitution is possible because of the brain’s
enormous plasticity, both structural and functional. Multi-
ple mechanisms exist for information transmission, both
synaptic and nonsynaptic (2), as well as complex brain
network organizations (3). For example, visual experi-
ences obtained by blind persons through a tactile tongue
display unit (TDU) are predicated on the fact that they
have not necessarily lost the capacity to see, because we do
not see with the eyes, but with the brain (4). In normal
sight, the optical image does not get beyond the retina.
From the retina to the central perceptual structures, the
image, now transformed into nerve pulses, is carried over
nerve fibers. It is in the central nervous system that pulse-
coded information is interpreted resulting in a subjective
visual experience. Although synaptic mechanisms are
critical for these functions, volume transmission mechan-
isms play a role in the sensory information relays such as
in the thalamus (5,6) and probably in the interpretative
functions [elsewhere we have explored the possibility that
the higher human functions that appear to be related to
the large human prefrontal cortex may be largely volume
transmission-mediated (7)].

The interaction of synaptic and volume transmission
leads to brain plasticity (5), which has a significant
practical effect. If the visual cortex loses the signal nor-
mally originating in the retina because of tissue damage,
it will connect itself to data streams originating elsewhere
in the nervous system, but having properties similar to
that generated by the retina.

One result is tactile visual sensory substitution (TVSS),
and it is the key to the development of a prosthetic
technology to enable the blind to see. Using TVSS, the
subject experiences tactile information as if it were sight.

With training, perceptual judgments normally used for
vision such as depth judgment can be applied to these
tactile images (4,5,8,9). TVSS transducers can be used to
deliver image information to the brain via an array of
stimulators in contact with the skin of one of several parts
of the body, for example, the abdomen, the back, the thigh,
or the fingertip. Points of the image are mapped to
individual stimulators in an array. The stimulators can
couple tactile information to the subject via several me-
chanisms, including mechanical or magnetic effects.

The development of a practical TDU has shown that
electrotactile coupling appears to be the most robust and
reliable noninvasive human-machine coupling mechanism
and that the tongue appears to be a privileged HMI site.
Previous TVSS systems have been limited in practical
applications. Mechanical vibrotactor systems in which the
stimulators vibrate are bulky and require considerable
energy. Electrotactile systems interfacing to most skin
areas (i.e., the fingertip) require relatively high voltage,
because protective layers of skin exist between the skin
surface and the skin’s sensory receptors. Furthermore,
TVSS systems that use the fingertips as a reception site
limit the use of the hands for other tasks, whereas systems
using a site such as the abdomen require larger arrays,
are less convenient, require a conductive gel for proper
operation, and have the same high-voltage requirements
as on the fingertips.

It turns out that the most practical site for electrotac-
tile coupling turns out to be the dorsum of the tongue. As
the tongue contains a large number of nerve endings
concentrated in a small area, it is able to effectively
respond to a device that includes an array with a high
number of stimulators concentrated in a small interface.
Users tend to adapt or accommodate electrical stimulation
over time when that current is applied to the fingertip
requiring the electrical stimulation to be increased. Our
initial experience suggests that sensory adaptation on the
tongue may be somewhat less than on other locations. The
presence of an electrolytic solution (saliva) assures good
electrical contact. Perception with electrical stimulation of
the tongue is less difficult than with fingertip electrotactile
stimulation. The tongue requires only about 5% of the
voltage required by the fingertip.

2. ENABLING TECHNOLOGY

The technology that enables this process is the TDU
shown in Fig. 1. It displays a tactile pattern on the tongue
via a 12 � 12 array of tiny electrical stimulators on a
flexible printed circuit substrate that is held in the mouth.
The tongue array can be fitted into a moldable dental
retainer for placement in the mouth as shown in Fig. 2. A
custom fit is therefore possible for each user, but it may
not be necessary. The TDU is a portable, battery-powered
device that in a stand-alone mode can display a static
tactile pattern. When it is computer-controlled, the TDU
can create a real-time dynamic tactile pattern on the
tongue. It has recently received a U.S. Patent (10) issued
to the University of Wisconsin’s Wisconsin Alumni Re-
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search Foundation (WARF) and exclusively assigned to
Wicab, Inc.

Stimulator electrode size is a critical design feature in
electrotactile coupling. An inherent tradeoff exists affect-
ing electrode size. If the electrodes are too large, the
resolution of coupled sensory data is too low for practical
sensory substitution. If the electrodes are too small, the
subject experiences the stimulation as pain rather than
touch. Nevertheless, some flexibility exists in choosing
electrode size to suit a particular application. The electro-
des shown in Fig. 2 have a diameter of 2.13 mm. However,
recent research has shown that electrodes as small as
1.55 mm in diameter produce a sensation with an accep-
table perceived stimulation quality; 0.6-mm electrodes are
too small for a comfortable sensation.

In the course of developing this technology, it was found
that the threshold of sensation, as a function of location on
the tongue, is less homogeneous than previously antici-

pated. Specifically, the front and medial portions of the
tongue have a relatively low threshold of sensation,
whereas the more rear and lateral regions of the stimula-
tion area are as much as 32% higher (midway from tip to
base). It was also found that the useful range of sensitivity
to electrotactile stimulation also varies as a function of
location in a pattern similar to that for threshold, but the
magnitudes vary only by a constant. To compensate for
this sensory inhomogeneity, the TDU host computer uses
an algorithm (based on a linear regression model of the
experimental data) that allows the user to individually
adjust both the mean stimulus level and the range of
available intensity (as a function of tactor location) on the
tongue.

Figure 2 shows a typical 144-pixel array. The array
electrodes are arranged on a 2.34-mm centers grid to form
an array approximately 3 cm square. In the implementa-
tion shown in Figs. 1 and 2, the electrodes are arranged in
parallel rows and columns. Regular spacing of the electro-
des is not required and an irregular spacing may be used
for special situations, for example, to provide higher
spatial resolution for certain portions of the tongue. In
this regard, several peripheral electrodes may even be
placed at the edges of the substrate to contact the sides of
the tongue (11).

In the implementation shown in Fig. 2, the electrodes
are fabricated as disk-shaped pads on the lower surface of
a flexible printed circuit board fabricated by standard
lithographic techniques. The electrodes may be etched
copper that is then gold plated for biocompatibility pur-
poses on the surface of the insulating substrate, and
connected to photographically etched connector leads on
the other side of the substrate by means of plate-through
holes. The flexible printed circuit substrate may include
an upper insulating layer, and then be embedded in the
material of a mounting device such as a dental retainer. A
ground plane was considered but rejected based on experi-
ments showing that it was better to eliminate the ground
plane and use the available space to use larger electrodes
for superior tactile sensation (12).

The flexibility of the printed circuit substrate allows
increased flexibility of the retainer structure and the
promise of improved comfort. The substrate material is
preferably a polyester to maintain biocompatibility and
provide for minimal water absorption in the oral environ-
ment. The electrodes may be stainless steel, titanium,
platinum, gold, or an other biocompatible conductor.

In the present configuration, individual leads connect
the electrodes to a switch array. The switch array holds a
series of solid-state switches activated by lines from a
multiplexer. Each solid-state switch has a throw con-
nected to one electrode and two poles allowing the throw
to be connected to either a pulse source or a ground
depending on the state of a multiplexer line.

The multiplexer controlling the multiplexer lines and
the pulse source receive data from a receiver comprising
location information and intensity or multidimensional
stimulation information. When the data originate from an
image, the location information is the location of a pixel
value within the image and the intensity information is

Figure 1. Tongue device unit.

Figure 2. Placement in the mouth.
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the intensity of the pixel (when the image is monochrome)
or the full or partial color value of the pixel.

In operation, the location information is passed to the
multiplexer typically based on an implicit ordering of the
data points received by the receiver. The multiplexer
drives selected multiplexer lines to scan through the
electrodes activating one electrode at a time by connecting
it through the solid-state switch to the pulse source and
connecting the surrounding electrodes or all other electro-
des to ground or other return via their solid-state
switches. The particular electrode being activated is suc-
cessively changed according to the location information so
that all electrodes are activated in sequence over a period
of a scan. Typically, the electrodes are scanned in a raster
pattern moving across each row and then returning to the
first row at the next column until all electrodes have been
scanned. Alternatively, the electrodes may be scanned to
follow the outline of the object as determined by standard
edge-detecting morphometric techniques.

The level of activation of a given electrode is correlated
to the intensity information in the image. In the simplest
implementation, the intensity information is binary and
each electrode receives either a monophasic (zero net DC)
pulse or no pulse so that simple shapes may be detected.
For continuous perception of a ‘‘tingle’’ or ‘‘vibration,’’ the
electrode is pulsed for 25–50 ms at a rate of 10–400 pulses
per second. The pulses may be either current controlled
(0.4–4.0 mA) or voltage controlled (5–25 V). Current con-
trol means the value of the current is defined and the
voltage adjusted to produce that current at the tongue,
whereas voltage control means the voltage is defined and
the current adjusted to produce that voltage at the tongue.

Three successive electrodes receive a pulse at different
times according to their order within the array. Each pulse
is composed of subpulses that allow simple control of the
frequency content and energy of the pulse. When a given
electrode is being activated with a pulse, the other elec-
trodes are in the ground state providing a return path for
the electrical current. The pulses can have different
spectra and pulse widths. To the extent that a trained
user may simultaneously distinguish between many of
these characteristics of amplitude, width, and frequency,
the pulse may convey multidimensional information in
much the same way that the eye perceives color from the
independent stimulation of different color receptors.

Although, typically, each pulse is completed prior to the
next electrode being selected by the multiplexer, it is not
absolutely necessary. Subpulses of the pulses to one
electrode may be interleaved with the subpulses of pulses
to other electrodes, enabling faster scanning and lower
frequency content pulses. Thus, for example, each sub-
pulse may be on the order of 25 ms but separated by five ms
from the next with the scanning period for an electrode
array being less than 5 ms so that the first subpulses for
all electrodes may occur before the second subpulse to any
electrode.

At present, only voltage control on the tongue is used; it
works about as well as current control on the tongue.
When an electrode is selected by the multiplexer, multi-
dimensional intensity information is provided to the pulse
source that produces a pulse that may vary in any one of

six parameters: pulse height (current, voltage or power),
pulse width, interval between pulses, number of pulses in
a burst, interval between bursts, and frame rate (i.e., the
time between successive scans of the array), as a function
of intensity information. These latter five parameters
define generally the spectral characteristics of the pulses.
All six parameters in the waveforms can, in principle, be
varied independently within certain ranges, and may
elicit potentially distinct responses. A pulse source provid-
ing suitable pulses (but sized so as to be usable only
outside of the mouth) was commercially available from
Unitech Research Inc., under the trade name VideoTact.
(Note: The VideoTact is now owned by ForeThought
Development, LLC, Madison WI, http://my.execpc.com/
Bdwysocki/.)

Other techniques for activating the electrodes may be
used, including those that consider not only the intensity
information of individual data points but the intensity
information of adjacent data points to provide edge en-
hancement. The mapping of location information data
points to particular electrodes may be changed so as to
provide for zooming effect in which the image is ‘‘enlarged’’
on the array. The amount of zoom could be controlled by an
external controller or by sensing electrodes in the mouth
itself. Particularly with regard to zooming, the peripheral
electrodes may be used to provide an indication of compo-
site intensity information of groups of data points outside
of the array, which could be used to mimic peripheral
vision in which a presence of an object off-center may be
detected though not fully resolved.

The sensor data are processed by a host personal
computer and transmitted to the TDU as serial data via
the RS-232 port. The TDU electrotactile stimulation
pulses are controlled by a 144-channel, microcontroller-
based, voltage-controlled (0–40 V) waveform generator.
Electrical stimulus is controlled by a custom driver that
generates the spatial patterns of pulses. The driver will,
according to the particular pattern of stimulation, deliver
bursts of positive, functionally-monophasic (zero net dc)
current pulses to the electrode array on the tongue, each
electrode having the same waveform. The nominal stimu-
lation current is 0.4–4.0 mA for all active or ‘‘on-pattern’’
electrodes in the array. Inactive or ‘‘off-pattern’’ electrodes
are not actively or effectively grounded, but do serve as a
passive current return path, which improves localization
of the percept. Intensity and pulse timing parameters can
be controlled individually for each of the electrodes by a
simple command scripting language.

3. CLINICAL PROSTHETIC RESTORATION OF NORMAL
SENSES

Tactile stimulation has been used to restore a number of
senses. For example, it has been used to produce auditory
experience (13). In an early experiment, the touch sensory
information via a glove containing artificial contact sen-
sors was coupled to skin sensory receptors on the forehead
of a person who had lost peripheral sensation from leprosy.
After becoming accustomed to the device, the patient
experienced the data generated in the glove as if they
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were originating in the fingertips, ignoring the sensations
in the forehead (5). The technology is straightforwardly
extendable to transduce touch and shear-force sensors
data to provide information for spinal cord injured persons
(14). The most widely known results have been in the
restoration of visual function to the blind. However,
probably the most dramatic results have been in tactile
vestibular substitution (15).

3.1. Prosthesis for Blindness

A simple example of TVSS system is a blind person
navigating with a long cane, who perceives a step, a
curb, a foot and a puddle of water, but during those
perceptual tasks is unaware of any sensation in the
hand (in which the biological sensors are located), or of
moving the arm and hand holding the cane. Rather, he
perceives elements in his environment as mental images
derived from tactile information originating from the tip of
the cane. The integration of tactile information into the
cognitive experience of blind subjects is dramatically
demonstrated in a case study by Sacks [(16):108–152].

Similarities exist between the retina and the skin as
sensory surfaces: ‘‘.... in its capacity to mediate informa-
tion. ...the receptor surface of the skin and the retina are
capable of mediating displays in two dimensions as well as
having the potential for temporal integration. Thus, there
is no need for complex topographical transformation or for
temporal coding for the direct presentation of pictorial
information onto..... the skin. Certain types of sensory
inhibition, including the Mach-band phenomenon and
other examples of lateral inhibition originally demon-
strated for vision, have been shown to be equally demon-
strable on the skin. The skin... becomes part of an
exploratory organ when self-induced camera movement
is incorporated into the tactile vision substitution system’’
[(4):11–12]. This fact allows the operator of a tactile TDU
to appreciate trends the data stream and, thus, maintain
and update a contextual mental model of the dynamics of
the represented process.

Although electrotactile stimulation of the tongue was
ultimately found to be the most effective of several possible
interfacing techniques, TVSS devices were developed to
deliver visual information to the brain via arrays of
stimulators in contact with the skin of one of several parts
of the body (abdomen, back, thigh). Optical images picked
up by a TV camera were converted into several forms of
energy (vibratory and direct electrical stimulation) that
could be mediated by the skin receptors. Irrespective of
the body part being stimulated, or of the mechanism of
tactile stimulation, after sufficient training with TVSS,
the subjects reported experiencing the image in space,
instead of on the skin. They learned to make perceptual
judgments using visual means of analysis, such as per-
spective, parallax, looming and zooming, and depth judg-
ments (4,5,8,11,14,17–22).

Although TVSS interfaces have only had between 100-
and 1032-point arrays, this seemingly low resolution has
been sufficient to perform complex perception and ‘‘eye’’-
hand coordination tasks. These have included facial re-
cognition, accurate judgment of speed and direction of a

rolling ball with over 95% accuracy in batting a ball as it
rolls over a table edge, and complex inspection-assembly
tasks. The latter were performed on an electronics com-
pany assembly line with a 100-point vibrotactile array
clipped to the workbench against which the blind worker
pressed the skin of his abdomen, and through which
information from a TV camera substituting for the ocular
piece of a dissection microscope was delivered to the
interface [(5):185–193].

The vision substitution system has been discussed here
in the context of a humanistic intelligence system. In some
ways, the use of such systems differs from the use of
natural sensory systems. For example, it was found that
although experienced blind TVSS subjects could perceive
faces and printed images, they were very disappointed
when perception was not accompanied by the expected
qualia: A Playboy centerfold carried no emotional mes-
sage, and the face of a girlfriend or a wife created an
unpleasant response because it did not convey an affective
message. This result appears to be comparable with the
lack of emotional contact of a curse-word in a language
that has been learned as an adult. It is expected that the
qualia may develop over a long period of usage. For
example, a blind infant using a vision substitution system
smiles when he recognizes a toy and reaches for it, and a
blind 10-year-old child perceiving a flickering candle flame
by means of a TVSS is enchanted. These issues of qualia
have been explored elsewhere (23).

It does appear that the same subjective experience that
is produced by a visual image on the retina is produced by
an optical image captured by an artificial eye (a CCD
camera), when a way is found to deliver the image from
the camera to a sensory system that can carry it to the
brain. The visual information reaches the perceptual
levels for analysis and interpretation via somatosensory
pathways and structures. Heil (24) and Morgan (25)
consider that because blind subjects are receiving similar
information as that which causes sighted to see and are
capable of giving similar responses, one is left with little
alternative but to admit that they are seeing (and not
merely ‘‘seeing’’). More specifically, visual illusions that
have been tested (e.g., waterfall effect) are also obtained
with the TDU (4,26).

In the TVSS studies cited above, the stimulus arrays
presented only monochrome information, with no gray
scale. However, the tongue electrotactile system does
present gray-scaled pattern information, and multimodal
and multidimensional stimulation is possible. Simulta-
neously, the electrotactile stimulation parameter space
has been modeled to determine how tactile ‘‘colors’’ might
be elicited. Aiello (27,28) has identified six stimulus para-
meters: the current level, the pulse width, the interval
between pulses, the number of pulses in a burst, the burst
interval, and the frame rate. All six parameters in the
waveforms can, in principle, be varied independently
within certain ranges, and may elicit potentially distinct
responses. For example, in a study of electrical stimulation
of the skin of the abdomen, Aiello (27) suggested that the
best way to encode intensity information independent of
other percept qualities with a multidimensional stimulus
waveform was through modulation of the energy delivered
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by the stimulus. In that case, the energy was varied in
such a way that the displacement in the parameter space,
corresponding to a given transition between energy levels,
was minimal (gradient mode of stimulation). Although the
gradient mode of stimulation requires a real-time fulfill-
ment of mathematical constraints among all the para-
meters, its implementation could be implemented on a
digital signal processing chip.

Many of these experiments, those conducted before
1999, were done with TVSS precursors to the TDU, based
on the same principles, but with less mature technology.
The electrotactile tongue display was first tested in 1998,
and the TDU (i.e., the electronics package and associated
electrodes that constitute the ‘‘enabling technology’’ de-
scribed in the previous section) came into being in 1999.

3.2. Bilateral Vestibular Failure

One other area in which the TDU has provided dramatic
results has been in the restoration of vestibular system
function. We developed a vestibular substitution system
using a head-mounted accelerometer and an Electrotactile
Vestibular Substitution System (EVSS). The acceler-
ometer output provides accurate balance information; it
is delivered to the brain via an electrotactile array of
stimulators on the tongue. The use of the EVSS produces a
strong stabilization effect on head-body coordination in
subjects with bilateral vestibular damage. Under these
conditions, we identified three characteristic and unique
head motion features (drift, sway, long-period perturba-
tions) that consistently appear in the posturograms de-
scribing the head-postural behavior of subjects with
bilateral vestibular damage, but are greatly reduced or
eliminated with the EVSS (15). We postulated that in the
absence of the integrated inputs to a normally closed-loop
multisensory control process, an intrinsically unstable
system becomes vulnerable to noise (from both internal
and external sources). The posturograms show the dra-
matic effects of the open-loop control system, which is
evidently with the substitute vestibular input.

Unlike trials involving blind subjects, where the clin-
ical assessment of effectiveness depends on the reported
subjective experience of the patient, the effects of the TDU
in the case of vestibular dysfunction are readily obvious to
external observers. The condition is manifested in the
subject’s utter failure to maintain physical balance. In
the words of Cheryl Schiltz, ‘‘my body is like a noodle from
the waist up.’’ Using an array of accelerometers in a
headgear, and coupling the data through the TDU, within
a matter of seconds, she is able to stand stock still.
Remarkably, the process has a residual effect. For some
time after she integrates the accelerometer data from the
TDU, she is able to retain proper balance, as seen in Fig. 3.

In her own description of the experience, ‘‘I just feel
lighter, more bouncy, colors are more defined and more
vivid. My head-inside-felt ‘smarter’ and more alert, like
being totally in the ‘zone.’

Three hours after a 20 minute session with the vestib-
ular substitution, the disability returned: At 6:20 pm my
head began to feel heavy and feelings of disorientation
started in. My whole body started feeling heavy and I was

absolutely exhausted. It’s hard to explain Mitch—When
under the influence of the TDU, I really do feel lighter, my
head feels clear and I don’t have that ‘swimming/floating’
and ‘noisy’ feeling. When it starts coming back, I feel like I
am carrying a thousand pound weight around. My whole
body feels heavy right down to my toes.

What’s strange here is that when I am using the TDU
for the 20 minutes, I do not have any feelings of transition
into the ‘normal’ phase. However, when it wears off, I most
certainly feel it coming. Not much time elapses before it is
back full blown. There is a sad kind of feeling mixed
slightly with a feeling of panic when it comes back. I
just don’t want it back but there is nothing I can do about
it. It was especially scary for me due to the fact that I was
in the Mall when it came back. I felt like the little girl who
got separated from mommy and didn’t know where she
was... even with having Kris and Kevin with me... I just
wanted to get out of there and back to my ‘safe place’-
home. However, as I now know that this is just part of the
transition back, I am okay with it and have come to be able
to adjust and understand it. (Doesn’t mean I have to like
it...)’’ (29).

Vestibular substitution subjects demonstrate residual
benefits, with the ability to maintain balance even in a
totally dark room even after the substitution system has
been disconnected (15). It is difficult to explain how two
20-minute vestibular substitution sessions a day could
lead to a therapeutic effect, with recovery persisting many
months after discontinuing use of the substitution system.

But how can this residual effect occur? One possibility
is suggested by Wall’s studies; unmasking (30) may play a

Figure 3. Cheryl Schiltz demonstrating ‘‘residual’’ effects of TDU
data.
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role in the reorganization. His experiments revealed path-
ways that exist in the normal state, but do not appear to
function until ‘‘unmasked’’ by injury or temporary conduc-
tion block. Comparably, the existence of weak nonvisual
inputs to cells of the cat primary visual cortex had
previously been demonstrated; the responses to light
were tightly grouped around a mean of 33 milliseconds
in latency whereas those to sound and pinprick were
spread out around means of 63 (sound) and 70 (pinprick)
milliseconds (4). Further, these responses to sound and
pinprick were less synaptically secure, being less resistant
to barbiturate narcosis than the visual responses. Studies
in adult congenitally blind persons reveal that the non-
visual inputs to the visual cortex become prominent (31).
These more tenuous pathways may be the type of masked
pathways that are unmasked following neural lesion,
provided that an appropriate rehabilitation or substitu-
tion program exists, and that the functional demand and
the motivation to obtain the increased function exists.

4. IS SENSORY EXPERIENCE ACTUALLY BEING
SUBSTITUTED?

We see with the brain; the eye is primarily the transducer.
Once this is appreciated, it is not that great a conceptual
stretch to suppose that in the absence of the eye, some
other transducer would also allow the brain to see. This
fact is evident in the clinical cases already discussed, and
it is more directly apparent from experimental observa-
tions of brain activity.

In one experiment, both sighted and blind users were
given six hours training to use the TDU to detect the
orientation of the letter T. Before training, both the blind
and sighted groups could recognize the orientation with a
reliability no better than random guessing. After training,
both groups could recognize the orientation with high
reliability, but with the blind subjects being slightly
more reliable than the sighted subjects, and three times
as fast. Positron emission tomography (PET) scan studies
were conducted before and after the training. Before the
training, the PET study showed little or no visual cortex
activity during the orientation task by either group. After
the training, the PET study showed no regional cerebral
blood flow (rCBF) change during the orientation task by
the sighted group. In blind subjects, significant rCBF
increases were observed in several areas of the visual
system in the blind after training, including the cuneus,
fusiform gyrus, inferior medial, and superior occipital
gyrus (32).

In other words, the experiment shows that in blind (but
not in sighted) subjects, trained with the TDU, the visual
cortex captures the tactile data. The PET study results are
not a great surprise as the same phenomenon is observed
in blind subjects reading Braille through the fingertips
(33). The visual cortex response to visual information
captured by another sensory system (the Braille reader’s
finger) or an artificial receptor (a TV camera) and dis-
played through a HMI to just about any skin region, is
augmented with training in the recognition of visual
information content. It should be noted here that the

normal visual cortex has inputs from the ear and skin
(34), and that when the eye is not sending information to
the visual cortex of the blind subject, the visual cortex
response to other sensory data is augmented.

In the case of bilateral vestibular dysfunction (BVD)
patients, we do not have internal studies of brain activity.
However, the effectiveness of EVSS has been extensively
studied by measuring the patients’ head motions. For a
normal adult sitting upright without back support, head
motions have a mean amplitude of 71.41 in the medial-
lateral direction and 71.81 in the anterior-posterior direc-
tion; the center of head motion shows no tendency to drift.
For unaided subjects with BVD, head motions have a
mean amplitude of 73.01 in the medial-lateral direction
and 77.61 in the anterior-posterior direction; the center of
head position drifts and has a periodic perturbation on the
order of 23 seconds. For subjects with BVD using EVSS,
head motions are restored to near normal, having a mean
amplitude of 71.41 in the medial-lateral direction and
73.11 in the anterior-posterior direction; the center of
head motion shows no observable tendency to drift (15).
The data indicate that EVSS is real; accelerometer data
coupled via the tongue provides a substantial restoration
of vestibular function.

5. A PECULIAR BUT HARDLY APPRECIATED
PHENOMENON

A rather odd phenomenon is associated with sensory
substitution based on tactile stimulation. Tactile-tactile
substitution enables victims of leprosy to experience fin-
gertip contact sensor data fed through the interface as if
they were actually feeling with the fingertips (4). Audio
from a microphone is transduced via electrotactile stimu-
lation is experienced as restored hearing (13). As dis-
cussed above, camera data coupled via electrotactile
stimulation of the tongue are shown by PET scan studies
to be captured by the visual cortex. Perhaps most drama-
tically, accelerometer data coupled via electrotactile sti-
mulation of the tongue both visibly and measurably
restore a near-normal balance function to the victims of
BVD. What is remarkable about these observations is that
irrespective of the electronic device generating the data,
and irrespective of the fact that they are all coupled into
the nervous system via the same interface, an array of
tactile stimulators, the nervous system makes proper
sense of the data.

In other words, the blind experience camera data as
vision, and accelerometer data restores the balance of
BVD victims, despite the fact that these totally dissimilar
data streams are coupled into the nervous system by
exactly the same HMI transducer using voltage wave-
forms that are essentially identical. This fact raises a
serious question, how is it possible for the nervous system
to make proper sense of such different data streams
coming through the same interface?

5.1. Cognitive Processing

A hint as to how this process operates was first uncovered
about 30 years ago. When pong games that could be
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connected to home television sets first appeared, that
device was modified to enable the development of what
would today be called ‘‘virtual reality.’’ One of the joysticks
that controlled the pong paddle was disconnected, and in
its place was connected a device used for rehabilitation the
upper extremities of persons who were partially paralyzed
from a stroke. Arm movement was necessary to control the
pong paddle on the television screen. Patients soon be-
came immersed in the game, and forgot that they were
making arm movements. It became a very motivating
activity instead of a tedious, boring task (35). Video and
other enabling technologies have provided access to some
human-machine interactions leading to unconscious im-
mersion in, and conjoining with, the machine.

What these studies showed was that for proper inte-
gration of sensory data to occur, it is necessary for the user
to have control of the movements and orientation of the
sensor. In the absence of the sensory-motor loop, it is
observed that the sensory stimulation through a tactile
stimulus array is perceived as a purely tactile experience
localized to the body part in contact with the stimulus
array. If the patient cannot manipulate the effects gen-
erating the data stream through motor control, then the
subjective experience of the data stream never progresses
past the sensation of tactile patterns on the skin.

When the patient does have motor control, the integra-
tion of the data stream into cognition as sensory experi-
ence occurs rapidly. Integration occurs in a matter of
hours for blind subjects and in a matter of seconds for
BVD patients (5,6,8). Furthermore, the patient is not
focused on any conscious effort to ‘‘integrate.’’ Rather,
the patients’ attention is focused on motor activities that
are dependent on the sensory data stream for successful
completion. The patient has no conscious awareness of the
integration process. In fact, the experience has some of the
key attributes of what psychologists call unconscious
integration.

To paraphrase what has been discussed elsewhere in
some detail by Reber and his associates (36–38), uncon-
scious integration or ‘‘implicit learning’’ is a process of
acquiring knowledge that operates essentially outside of
the learner’s awareness of both the knowledge ultimately
acquired and the process by which the acquisition occurs.
It must be appreciated that unconscious cognition (not to
be confused with the Freudian notion of a ‘‘subconscious’’)
is a broader concept in modern cognitive science. For
example, it includes motor or procedural learning, where
the details necessary to produce effective action have
become automatic (a capacity indispensable to musicians
and athletes). It includes implicit memory, where informa-
tion is retained and can affect behavior although the
individual cannot recall or recognize it. It also includes
bizarre, but widely recognized effects such as blindsight,
where sensory information affects the subjects’ behavior
but the subject has no awareness of the sensation. In all
these instances, the distinguishing feature is that the
processes are not explicit. They are not typically available
to introspection by the subject, and the user is unaware of
their operation (37,38).

This information is important because unconscious
integration leads to anticipatory behavior. Experiments

comparing the conscious decision to move a hand and
electrophysiological preparations to do so show that the
readiness-evoked potential was usually present before the
decision to move (39). Experiments have verified the
‘‘hypothesis that anticipatory event-related desynchroni-
zation reflects anticipatory attention, whereas the stimu-
lus-preceding negativity mainly depends on the affective-
motivational properties of the anticipated stimulus’’ (40).
Another experiment shows that ‘‘when confronted with a
human action, observers anticipate the future posture of
the actor and that this anticipation facilitates later iden-
tification of the posture’’ (41). Shim (42) found that expert
tennis players were more accurate and faster in anticipa-
tion than novice players. In practical effect, unconscious
anticipation primes the subject to respond practically
instantaneously, whereas conscious responses are ob-
served to occur no faster than 0.5 seconds (43,44). Results
of unconscious cognition are consequently much quicker
than consciously pondering sensory cues.

What is particularly salient about unconscious integra-
tion is that individuals engaged in a task are focused on
functional features of the task and not on the underlying
structural characteristics of the material. Consider the
process by which an infant develops proficiency in his/her
natural language. The infant focus is on functional (get-
ting what he/she needs, etc.) and not on the details or
structure of language. Nevertheless, despite a sparse set
of imperfect exemplars, the child comes to speak in the
manner necessary for successful interaction in social
settings. More significantly, the child does so without
awareness of either the rules that govern their behavior
or of the ongoing processes of rule acquisition. This
process of acquisition of knowledge of the nature of com-
plex environments while attention is focused on seemingly
superficial details in that environment is the same in all
domains where unconscious integration operates. Uncon-
scious integration is documented in some detail in Stadler
and Frensch (45).

The aspect of unconscious integration of particular
relevance to the integration of TDU data is motor, or
‘‘procedural,’’ learning. In the same manner as individuals
acquire more perceptual and cognitive implicit knowledge,
they learn to carry out complex motor activities in an
effective manner with virtually no awareness of the actual
pattern of actions engaged in (46). In fact, one way to
disrupt the performance of a skilled athlete is to ask him
or her to consciously recite the steps by which they execute
a particular function, such as aiming a ball. One of the
indispensable requirements of motor learning is that the
subject must have some internal means of testing (and
rejecting when necessary) internally generated hypoth-
eses about the environment in order acquire the ability to
effectively execute a procedure.

The effectiveness with which persons with lost senses
use the TDU data in their place suggests that the subjects
respond to the meaning of the data stream rather than the
data themselves, which is seen in the anticipatory beha-
vior that the TDU subjects exhibit. Although some argue
that implicit learning is nothing but induction based on
encoding patterns of covariation among events in the
environment, suggesting that a syntactic description of
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the process might be adequate, this argument ignores key
aspects of the process. That key aspect is the functional
role that seems to emerge from the details. That seemingly
emergent functional role is an effect of the same semantic
processes that cause implicit learning, and is completely
ignored by syntactic models, which is demonstrated by
work in Damasio’s laboratory (47,48) and in Reber’s (49–
51).

In clinical use of the TDU, a similar process occurs.
Subjects are engaged in what looks like a task involving a
sensory-motor skill such as catching a ball. As the ball
behaves according to its initial conditions, how the ball is
launched is as relevant to the subject as the actual
trajectory of the ball. A careful look at a video recording
of the interaction between the therapist and the subject in
the ball rolling game shows that the subject is preposition-
ing her hand in response to the hand movements of the
therapist before the ball is released. In other words, the
blind subject is exhibiting anticipatory behavior based on
subtle cues in the scene, just as a sighted person would do.
The key point is that from the perspective of the subject,
the task is to catch the ball, rather than integrating the
CCD camera data from the TDU.

The key process in sensory substitution, whether it is
used to restore lost senses or, as will be discussed later, to
perhaps extend human senses, is the nervous system’s
ability to use the data provided by the TDU (or any other
source of sensory data) to abstract semantic cues (the
meaning of the data stream, or in psychological parlance,
analog information, rather than the data values them-
selves, or in psychological parlance, digital information)
that describe the process being sensed. In so doing, sensa-
tion is experienced and integrated into the user’s aware-
ness by means of cognitive processes that themselves
operate outside the users’ awareness.

To summarize, the process by which TDU data are
integrated into the subjects’ cognitive processes have
many of the attributes of unconscious integration or
implicit learning. It is much faster than conscious reflec-
tion. It exhibits anticipatory behavior. It is an iterative
process that improves with feedback. Most crucially, it is
not the individual data points that are integrated, but
rather the semantics or meaning of the data stream.
Perhaps the brain/mind’s most fundamental and remark-
able function is its ability to coalesce electromagnetic,
chemical, and other forms of data it receives into meaning
that can then be used coherently for survival.

5.2. Can Human Senses be Extended?

All the sensory substitution experiments tried thus far
with tactile sensory substitution have shown that, irre-
spective of the electronic sensor type (camera, acceler-
ometer, etc.), the data from the sensor are properly used
by the subject (experienced as sight, balance, etc.) despite
the fact that the data are nothing more than bit streams
coupled through the same interface. Although it is not
valid to claim that ‘‘good for some things implies good for
all things,’’ these successful results, and their consistency
with the phenomenon of unconscious integration, suggest
that the nervous system might be able to make sense of

virtually any sort of data coupled into it through the TDU.
The capacity of the nervous system to make sense of
electronically generated data has a dramatic implication.
Instead of merely restoring lost senses or enhancing
present senses, the TDU is an enabling technology for
adding new senses to human experience.

The more obvious possibilities are a straightforward
extension of the application of the TDU as a medical
prosthetic device. For example, consider the prior experi-
ence in restoring the experience of ‘‘touch’’ in the case of
leprosy, and plans to extend that prosthetic technology.
Gloves for leprosy patients with insensate hands or insoles
for diabetic patients with insensate feet can be used with
the TDU where the tactile data is conveyed to the mouth.
The TDU may accept tactile data from a penile sheath for
spinal cord injured patients who have lost sexual sensa-
tion.

From improved prostheses, it is a small step to create
new senses for normally sensed subjects. Touch sensors
are commonly used in robotics may provide tactile data,
and may be used by astronauts or divers who must wear
protective suits (often leading to loss of orientation as well
as loss of touch) or operators of remote manipulators. As
the experiment with leprosy shows, coupling touch sensor
data to the users’ nervous system via the TDU would
create the effect of ‘‘feeling’’ at the fingertips of the device.

A variety of enhancements to normal senses is feasible.
When a camera is the input sensor to the TDU, it need not
be limited to a visible light range but may be a night vision
camera or infrared vision camera (for example, for pilots
or race car drivers) where bypassing the retina in favor of
the tongue eliminates retinal delay. Image or nonimage
data may be used to augment visual information received
by sighted individuals, for example, in infrared regions,
ultrasonic or radar images for avionics, and the like.

One reason to expect this to be a useful enhancement is
that the somatosensory system couples information into
the mind more quickly that the visual system. ‘‘...the
tuning curves of the rapidly-adapting receptors....are cap-
able of detecting vibratory stimuli over the frequency
range from 5 to 300 Hz’’ [(4):13]. ‘‘The ability to detect a
break in a steady stimulation has been calculated by
Geldard for several senses. The minimal perceptible break
was on the order of 3 ms for the ear, 10 ms for the skin, and
more than 30 ms for the eye...the reaction time for touch is
faster than that for vision. Also, the skin can mediate a
higher fusion frequency than the retina—over 400 Hz
compared with 100 Hz for the eye’’ [(4):16]. The fast
information transmission capabilities of the sensory-mo-
tor system, in comparison with the visual system, may
allow innovative information presentation techniques for
large data streams. As the human response to tactile data
is faster than the response to visual data, the TDU could
be used to enhance the performance of the user in situa-
tions in which speed of response is of the essence, for
example, in the case of fighter pilots or race car drivers.

However, it is expected that the creation of new senses
can go far beyond such simple extensions to existing
senses. As already noted, for every type of sensory-tactile
sensory substitution tried thus far, it has been found that
the nervous system can quickly make proper sense of the
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data, provided the subject has motor control over the
process generating the data stream. Also, as already
noted, this information is fully consistent with the phe-
nomenon of unconscious integration. As the brain/mind
appears capable of properly integrating (provided it has
motor control over the process affecting the stream) prac-
tically any new data stream into the nervous system, it is
reasonable to expect that it can also do so with phenomena
outside the normal range of subjective sensory experi-
ences.

5.2.1. Example: How this Might Work in Industrial Pro-
cess Monitoring. This fact could lead to revolutionary new
technologies in areas such as industrial process monitor-
ing. Consider an example in steelmaking: In order to be
properly formed into a finished piece, a billet (the long
narrow cylinder from which the piece is made) must have
a nearly uniform temperature profile. If the operator is
presented with a list of temperature readings, he/she must
consciously interpret the values and make a decision
whether the piece is in or out of range. The process is
either error prone or ignores most of the information
implied by the temperature profile (such as taking an
average value). If the temperature data are coupled to the
operator through the TDU, he/she might experience them
as a direct sensation of ‘‘too hot’’ if the profile is above the
acceptable range or ‘‘too cold’’ if it is below the range. Also,
if the profile is nonuniform, the operator might experience
a ripple of alternating hot and cold. A piece that meets the
profile would convey a satisfying feeling of being ‘‘just
right’’ (52).

Continuing with the steelmaking example, in the pro-
duction of precision steel tubing, a laser ultrasonic thick-
ness gauge in a tube-piercing mill produces a thickness
profile consisting of approximately 3000 numbers per tube
in about 30 seconds. Interpreting the numbers to tell
whether the tube is acceptable is difficult and tedious
with present analog and digital technology and is unfea-
sible in real-time. Incorporating humans-in-the-loop, the
operator would experience the tube passing through the
gauge in much the same way as one experiences the
feeling of sliding the finger over a surface. The experience
might feel smooth, rough, or somewhere in between. The
well-trained operator could distinguish directly from ex-
periencing the perception whether the tube is smooth
enough to meet the requirements, and thus make the
decision to accept or reject the tube. Unlike conventional
controls, the operator would be able to anticipate problems
from ‘‘precursor’’ events, basing judgments of interpreta-
tion of ambiguous cues hidden in the data, a level of
understanding and control that is utterly unavailable in
either electromechanical or algorithmic control systems.
By design, such systems necessarily ignore ambiguity
(53).

Instead of a tube, imagine (for ease of visualization) a
plate with the thumb and the forefinger on the opposite
surfaces, and the plate running lengthwise between them
such that the thickness is felt moving through the finger-
tips. The quality of the product, if it were experienced by
direct sense perception, would be perceived as a feeling of
ripple in the thickness as the product slides through the

fingertips. In a defective product, the feel of the ripple
would be pronounced; in a good product, it would be slight.

In addition to the overall quality, subtle differences in
the feel of the ripple pattern would be an indication of the
state of the piercing machine. A smooth periodic ripple
might indicate that everything is adjusted properly. A
periodicity that is regular, but asymmetrical within the
period, might indicate that the roll pressures are out of
balance. If the fine ripple pattern is modulated with a long
slow ripple pattern, it might indicate a problem with worn
rolls. If the feel is rough rather than rippling, it may
indicate that the piercing head is defective. In addition,
several of these phenomena may occur simultaneously,
and the patterns may be overlaid.

Such patterns are readily apparent in the output data
stream of a laser-ultrasonic thickness gauge. It might be
asked if a computer could not extract the same qualitative
information from the data, and the answer is no. Sophis-
ticated but extremely slow pattern-recognition algorithms
can extract some syntactic features, but they completely
miss the semantic content readily apparent to the human-
in-the-loop. In contrast, if the laser-ultrasonic thickness
gauge were directly coupled to an experienced operator
through the TDU, he/she would be able to identify defects
immediately by feel and anticipate problems in the pro-
cess.

It might also be asked why the laser-ultrasonic gauge
and TDU might be needed for such inspections. If the
‘‘fingertip method’’ is so effective, why doesn’t the steel
industry do inspections that way now? Three reasons
exist. First, the wall being inspected is not a plate; it is a
tube about 20 feet long, 6 inches in diameter, and with a
wall a half-inch thick. It is geometrically impossible to
pass the entire length of the wall through the fingertips of
a real hand. Second, the ripples are on a scale from
submillimeter to microscopic; without amplification, the
wall feels smooth to human sensibilities. Third, and most
compelling, the online measurement must be made when
the tube emerges from the mill, when it is orange-hot, and
just below the melting point of steel. A human cannot
touch it directly. Nevertheless, using the laser-ultrasonic
thickness gauge and the TDU, the human can have the
same experience, as if the wall could pass through the
fingertips.

5.2.2. Does this Application Require an Impractical
Amount of Training?. The rapidity with which subjects
integrate TDU data to restore lost sensory function and
the unconscious cognitive process by which that integra-
tion occurs suggest that these kinds of sensory extension
applications can be accomplished with minimal training
on the part of the user and are valuable in their own right
(36,54). However, the potential of the TDU is much
greater, which suggests that a process operator could
rapidly become highly proficient in extracting complex
information from the tactile input on the tongue. Initially,
the operator would have control of the camera and simple
forms would be experienced, then forms in three-dimen-
sions. Then, without direct control of the camera, a learn-
ing process would allow the information to be experienced
in three-dimensional space with the visual motion (e.g.,
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observing the tube emerging from a piercing machine)
presented in novel ways.

For example, the high-resolution image of a face could
be divided into a 3 � 3 matrix, and presented sequentially
to the entire TDU stimulus array, starting from the top
left 1/9 of the image, followed by the middle segment of the
top row, and so on completing a left-right sweep from the
top to the bottom rows. With experience, this process could
be presented much faster (given the characteristics of the
skin mentioned above) than could be perceived visually.
Thus, a complex object, such as of the outer and inner
surfaces of a molded engine block, could be inspected
rapidly (55).

With considerable experience, it may even be possible
to eliminate the visual perception of the movement; it may
be sufficient to predict the moment of the beginning of the
extrusion, based on experience and a clue such as a sound
from the machine. In this case, the mere imagining of the
movement may be sufficient for the sensory-‘‘motor’’ cou-
pling. Bohm [(56):ix] has stated: ‘‘....thought itself is an
actual process of movement. That is to say, one can feel a
sense of flow in the stream of consciousness not dissimilar
to the sense of flow in the movement of matter in general.’’
This fact may provide the ‘‘motor’’ component of the
sensory-motor coupling, with relevance to perception in
space and the performance of tasks such as those dis-
cussed here. In a very different application, mental prac-
tice has been shown to be effective in improving music and
athletic performance as well as motor recovery from
stroke (57). In those cases, it appears that the mental
activity is providing the motor and the sensory equiva-
lents.

In a process monitoring task, sensory-‘‘motor’’ coupling
would occur in a subtle way. In addition to being able to
directly experience the process via the TDU, the operator
would be able to exert a variety of control actions on the
process, and then be able to directly experience the effect
of the control action. Through repetitions of this interac-
tion, operating mostly at an unconscious level of learning,
the operator would develop sensory-‘‘motor’’ coupling. The
experience would be akin to that of simultaneously being
affected by and affecting, through the fingers, the quality
of the unfired clay in the wall of the pot on a potter’s
wheel.

The key to human-machine interactions leading to
unconscious immersion in the machine is the ability to
capture the cues that reveal the state of the process, and to
couple them to the operator’s mind. As clinical experience
using the TDU to restore lost senses indicates, TDU data
are incorporated into the mind through unconscious in-
tegration. The process has the potential of being substan-
tially more effective than reading and interpreting data by
conscious cognition.

6. THE HUMAN-IN-THE LOOP

6.1. Machine-to-Human Coupling

Conventional human-machine interfaces waste most of
the processing power of the nervous system, present
irrelevant information, and ignore the way the nervous

system actually operates. The result is a profusion of
operator errors and bad decisions. At present, visual dis-
plays are the principal human-machine interfaces. Other
devices interface to the auditory system. In some circum-
stances, haptic interfaces are used. In a haptic display,
tactile information is one component, the other being
kinesthetic (vector force and position). In virtually all
these situations, the data must be read, interpreted, and
acted on consciously.

Sensory integration does not usually overload. The
autonomic nervous system is able to select only the
information needed to deal with the situation afforded by
the particular context in which it finds itself. In 1970, we
stated: ‘‘Many efforts at creating sensory aids set out to
provide a set of maximally discriminable sensations. With
this approach, one almost immediately encounters the
problem of overload-a sharp limitation in the rate at which
the person can cope with the incoming information. It is
the difference between landing an aircraft on the basis of a
number of dials and pointers that provide readings on
such things as airspeed, pitch, yaw, and roll, and landing a
plane with a contact analog display. Visual perception
thrives when it is flooded with information, when there
is a whole page of prose before the eye, or a whole image of
the environment; it falters when the input is diminished,
when it is forced to read one word at a time, or when it
must look at the world through a mailing tube. It would be
rash to predict that the skin will be able to see all the
things the eye can behold, but we would never have been
able to say that it was possible to determine the identity
and layout in three dimensions of a group of familiar
objects if this system had been designed to deliver 400
maximally discriminable sensations to the skin.

The perceptual systems of living organisms are the
most remarkable information distilling processes known.
They are not seriously embarrassed in situations where
an enormous proportion of the input must be filtered out
or ignored, but they are invariably handicapped when the
input is drastically curtailed or artificially encoded. Some
of the controversy about the necessity of preprocessing
sensory information stems from disappointment in the
rates at which human beings can cope with discrete
sensory events. It is possible that such evidence of over-
load reflects more an inappropriate display than a limita-
tion of the perceiver. Certainly the limitations of this
system are as yet more attributable to the poverty of the
display than to taxing the information handling capacities
of the epidermis’’ (22).

As an enabling technology, the TDU has the potential
to allow the human operator to literally become ‘‘one with
the machine,’’ as if the machine were another appendage
of the body. As this mode of coupling to the nervous system
is based on unconscious integration, it enables anticipa-
tory behavior derived from the meaning of a data stream,
rather than a reactive response to individual data. It
provides a means to integrate anticipatory function into
manmade processes. Furthermore, unlike the ‘‘embedded
electrode’’ HMI strategies being investigated by many
others (58), it is totally noninvasive.
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6.2. Human-to-Machine Coupling

For all its advantages, the TDU enables only one path in
the human-in-the loop paradigm, the coupling of informa-
tion from the machine to the human. The other path is just
as necessary; for a human-in-the loop, it is necessary to
couple from the human to the machine. Although our work
has been strictly in the direction of machine-to-nervous-
system coupling, extensive work has been done by others
addressing the complementary problem. Perhaps the most
widely known is the rather dramatic demonstration of a
monkey in North Carolina using ‘‘thought’’ to manipulate
a robot arm in Massachusetts via the Internet (59). As
with most brain-to-machine technologies, the technique
used in this case is highly invasive; electrodes were
surgically implanted through the skull into the brain.
This approach, although dramatic, is completely unsuita-
ble for commercial or industrial (and most military)
applications.

A less widely heralded, but more feasible nervous-
system-to-machine strategy has also been demonstrated
at the NASA Ames Research Center. These are noninva-
sive ‘‘Neuro-electric virtual devices’’ (60). These devices
are based on electromyogram (EMG) technology. Electro-
magnetic fields normally emanate from the vocal cords
when a human intends to perform a physical act with the
muscles. EMG sensors noninvasively detect the electro-
magnetic field and convert it into data that can be used to
actuate electronic and mechanical devices. There appears
to be no fundamental technical barrier to the integration
of this existing technology with the existing TDU to
implement an integrated two-way HMI.

6.3. Why is an Integrated HMI Necessary?

One reason that a practical noninvasive integrated hu-
man-in-the-loop technology is significant is that it may
provide a strategy for answering one of the grand chal-
lenges facing the information technology (IT) industry: the
monitoring and control of ever more complex computer
networks. As industrial applications are becoming in-
creasingly automated, any improvements in IT necessa-
rily translate to improvements in industrial processing.
The quoted material that follows is taken from a manifesto
titled Autonomic Computing: IBM’s Perspective on the
State of Information Technology by Paul Horn, Senior Vice
President IBM Research (61). Despite the fact that the
manifesto was articulated by an IBM executive, the in-
dustry-wide participation in IBM’s 2002 Almaden Insti-
tute on autonomic computing shows that it is widely
recognized as a concise statement of the emerging needs
of the industry.

‘‘Our bodies have a somewhat similar hierarchy of self-
governance: from single cells to organs and organ systems
(one such system being the autonomic nervous system).
Each level maintains a measure of independence while
contributing to a higher level of organization, culminating
in the organism—us. We remain thankfully unaware, for
the most part, of the daily management of it all, because
these systems take care of themselves and only ‘‘escalate’’
to a higher level function when they need help.’’

The manifesto’s first attribute of ‘‘autonomic comput-
ing’’ is uncannily similar to the process of unconscious
integration. It is also impractical for a human operator to
look up individual data readings and figure out the
condition of the system from numerical values of indivi-
dual events. Too much data exist to do so. However, an
operator experiencing the data by direct sense perception
would quickly develop a feel for the condition of the system
while being unaware of individual data values.

‘‘Given possible permutations in complex systems, con-
figuration can be difficult and time-consuming—some
servers alone present hundreds of configuration alterna-
tives. Human system administrators will never be able to
perform dynamic reconfiguration as there are too many
variables to monitor and adjust—multiply hundreds of
alternatives by thousands of servers and other system
devices—in too short a period of time—often minutes, if
not seconds.’’

The second attribute is that the system must ‘‘know’’
what to do next, almost instantaneously. Imagine that the
operator knows the conditions faced by the system by
direct sense perception, and that he/she can mentally
sweep through a range of possible configurations, judging
what area of the range feels most complementary to the
present condition of the system, then zoom in on the
configurations that feels better, until the one the one
that feels best is selected.

‘‘But to be able to optimize itself, a system will need
advanced feedback control mechanisms to monitor its
metrics and take appropriate action. Although feedback
control is an old technique, we’ll need new approaches to
apply it to computing. We’ll need to answer questions such
as how often a system takes control actions, how much
delay it can accept between an action and its effect, and
how all this affects overall system stability.’’

The third attribute is a new approach to feedback. The
‘‘feedback’’ used in human cognition is a hierarchical
closed loop; such a structure leads to deadlock in algo-
rithmic computation (62). Thus, wiring-in human cogni-
tion provides much more than a new approach to a
feedback mechanism. It can provide a practical means to
harness hierarchical closed-loop processes on which hu-
man cognition thrives (63) but that are deadlocked in
traditional computation.

‘‘But the growing complexity of today’s IT environment
makes it more and more difficult to locate the actual cause
of a breakdown, even in relatively simple environments.
We see this even with personal computers—how many
times is the ‘solution’ to a problem ‘shut down, reboot and
see if it helps’? In more complex systems, identifying the
causes of failures calls for root-cause analysis (an attempt
to systematically examine what did what to whom and to
home in on the origin of the problem). But since restoring
service to the customer and minimizing interruptions is
the primary concern, an action-oriented approach (deter-
mining what immediate actions need to be taken given
current information available) will need to take prece-
dence in an autonomic solution. Initially, ‘healing’ re-
sponses taken by an autonomic system will follow rules
generated by human experts.’’
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The fourth attribute is its ability to sense rapidly that
something is wrong. Conventional troubleshooting is be-
coming impractical because it is unfeasible to tell what is
wrong by assessing the millions of numerical values
associated IT system malfunctions. The alternative that
the integrated human-in-the-loop strategy offers is that, if
something is wrong, it feels bad. The operator can identify
what is wrong by recognizing how the process feels bad
and select immediate corrective actions by moving the
process in a direction that makes it feel better.

‘‘By mimicking the human immune system, a ‘digital
immune system’—an approach that exists today—can
detect suspicious code, automatically send it to a central
analysis center, and distribute a cure to the computer
system. The whole process takes place without the user
being aware such protection is in process. To deal with
malicious attacks by hackers, intrusion systems must
automatically detect and alert system administrators to
the attacks. Currently, computer security experts must
then examine the problem, analyze it and repair the
system. As the scale of computer networks and systems
keeps expanding and the likelihood of hacker attacks
increases, we will need to automate the process even
further. There won’t be enough experts to handle each
incident.’’

The fifth attribute is its ability to act for its own self-
determined good, which is an action driven by downward
causation. This action is one of the behaviors that the
brain/mind does routinely, but algorithms do not do at all
(53).

‘‘This is almost self-optimization turned outward: an
autonomic system will find and generate rules for how
best to interact with neighboring systems. It will tap
available resources, even negotiate the use by other
systems of its underutilized elements, changing both itself
and its environment in the process—in a word, adapting.
This context-sensitivity includes improving service based
on knowledge about the context of a transaction.’’

The sixth attribute is finding and generating rules for
interacting with neighboring systems. This attribute is
strikingly similar to the processes of volume and synaptic
transmission updating each others’ dynamical laws (62),
which is more than adapting; it is abduction of novelty.
This action is another behavior that the brain/mind does
routinely, but algorithms do not do at all [(64):43–51].

‘‘Advances in autonomic computing systems will need a
foundation of such open standards. Standard ways of
system identification, communication and negotiation—
perhaps even new classes of system-neutral intermedi-
aries or ‘‘agents’’ specifically assigned the role of cyber-
diplomats to regulate conflicting resource demands—need
to be invented and agreed on.’’

The seventh attribute is a meta-level means of regulat-
ing the processes that occur in the sixth attribute. Horn
identifies yet a higher level in the hierarchical closed-loop
processes that are indispensable to the creation of auto-
nomic behavior, which further compounds the incomput-
ability of the task that he has identified, and clearly
illustrates the need to find a practical means to integrate
genuine cognition into the process.

‘‘When faced with a potentially dangerous or urgent
situation, our autonomic nervous system anticipates the
potential danger before we become aware of it. It then
‘‘optimizes’’ our bodies for a selection of appropriate re-
sponses—specifically, the autonomic nervous system trig-
gers our adrenal glands to flood the body with adrenaline,
a hormone that supercharges the ability of our muscles to
contract, increases our heart rate and breathing, and
generally constricts blood vessels to increase our blood
pressure (while dilating those that feed key areas such as
the skeletal muscles). The net result: our body is superbly
prepped for action, but our conscious mind remains una-
ware of anything but the key pieces of information re-
quired to decide whether to stay and act (the ‘‘fight’’
response) or run for the hills.

An autonomic system will allow for that kind of antici-
pation and support. It will deliver essential information
with a system optimized and ready to implement the
decisions users make and not needlessly entangle them
in coaxing results from the system.’’

The manifesto incidentally shows the hierarchical
closed-loop nature of the ‘‘autonomic computing’’ in that
the eighth attribute is uncannily similar to the first
attribute, but operating at a different level. Thus, both
attributes are quite similar to unconscious integration.
Practically all the action, particularly the anticipatory
action, would occur at an unconscious level, influencing
how the operator feels, but without his/her awareness of
specific data. The physiological effects of the data stream
on the operator can be expected to affect subsequent
thoughts and behaviors. The unconscious anticipation of
the operator as human-in-the-loop would lead to a system
that operates far more smoothly than anything available
today.

‘‘Still another problem to solve: how to design an
architecture for autonomic systems that provides consis-
tent interfaces and points of control while allowing for a
heterogeneous environment. We could go on, as the list of
problems is actually quite long, but it is not so daunting as
to render autonomic computing another dream of science
fiction.’’

Throughout the manifesto, Horn sees the need to
develop an IT system that has properties that are virtually
identical to the well-documented properties of unconscious
integration. Rather than attempt to reinvent the behavior
in manmade hardware, a more promising strategy is to
wire a human-in-the-loop to take advantage of the exist-
ing unconscious integration process. If this were not based
on existing technologies, it would indeed seem like science
fiction.

‘‘Realistically, such systems will be very difficult to
build and will require significant exploration of new
technologies and innovations.’’ The manifesto concludes,
‘‘but this innovation needs to be taken to an entirely new
level.’’ We have shown a realistic strategy to implement a
process that might be impossible to implement otherwise.
As a feasible alternative to algorithmic computation, this
strategy surely qualifies as ‘‘entirely new.’’

In the present practice of process monitoring and
control, the human operator is treated as a ‘‘wet machine,’’
whose job is to read numbers and push buttons. It is
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notoriously dehumanizing, ignoring what the human is
good at doing, and forcing the human to act just like a
machine, resulting in low efficiency and high stress and
fatigue. In contrast, a strategy for integrating the human-
in-the-loop with the TDU as the machine-to-human link in
an integrated scheme that couples human unconscious
integration into a machine would enable the human and
the mechanism to be complementary elements in the
process. The purely mechanical part of the task would be
relegated to the machine. The operator’s cognitive power
has the potential to solve virtually all the problems
enumerated in Horn’s manifesto as the grand challenge
faced by the IT industry. That power could be harnessed to
do those things that the machine is incapable of doing,
incidentally humanizing the task. The strategy discussed
here would enable the human and the mechanism to be
complementary elements in the process (36,54).

7. CONCLUSIONS

The TDU has been demonstrated to be a practical non-
invasive interface for coupling machine-generated data
into the human nervous system. Its success at coupling
sensory data into the nervous system has been confirmed
by a number of investigators. The successful integration of
machine-generated data into human cognitive function
depends critically on unconscious cognitive processes. The
character of unconscious integration suggests that the
nervous system can properly integrate virtually and
kind of data that are coupled in via the TDU.

The effectiveness of unconscious integration to enable
the brain/mind to make proper sense of whatever data are
coupled into the nervous system via the TDU suggests
that, in addition to restoring or enhancing normal human
senses, it should be possible to create new senses. Through
the TDU, a human user experiences what a machine
encounters by direct sense perception. Using this inter-
face, the human literally becomes ‘‘one with the machine,’’
as if the machine were another appendage of the body.
TDU-based human-machine synergism enables anticipa-
tory behavior derived from the meaning of a data stream,
rather than a reactive response to individual data, and
provides a means to integrate anticipatory function into
manmade processes.

Used in concert with a noninvasive human-to-machine
interface, the TDU opens up a world of possibilities. First,
it can lead to a new type of relationship between human
and machine; the human experiences what the machine
experiences. Second, it enables a level of process monitor-
ing that is unavailable through any other existing tech-
nology, enabling dramatic improvements in the quality,
safety, and reliability of practically any industrial or
commercial process. Third, it provides a way, using avail-
able technology, to couple biological cognitive processing
into computational processes.
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Hypercapnia or the increase in arterial carbon dioxide
tension (PaCO2) above normal values (4–6.5 kPa, 30–
48 Torr) is often observed in patients with pulmonary dis-
ease, patients with a drug-induced reduction of the venti-
latory drive (for example, because of administration of
opioid-like drugs or anesthetics), or is artificially induced
to study the ventilatory control system (for example, by
increasing inspired CO2 to study the effects of drugs on
this control system). In this short review, we will focus on
the latter, i.e., the mathematical description of the venti-
latory controller and some techniques to measure the ven-
tilatory drive. Note that the model(s) we will discuss can
be applied to ‘‘chemical control of breathing’’ only. Chem-
ical control of breathing is control dependent on arterial
blood gasses (e.g., PaCO2, PaO2, and pH), and it is active
during states of mental relaxation, such as non-REM
sleep, anesthesia, and possibly physical relaxation. The
models do not apply to the respiratory effects of exercise or
behavioral/emotional activities such as eating, speaking,
and playing a musical instrument.

An increase in arterial PCO2 will stimulate two distinct
ventilatory-related chemo-receptor systems, the central
chemoreceptors located somewhere within the brain
stem (ventral medulla) and the peripheral chemorecep-
tors located in the carotid bodies (1). The carotid bodies
are strategically located at the bifurcation of the common
carotid artery and contain two cell types: type I cells (or
chief cells) that have O2- and CO2-sensing capacities and
type II cells that are supportive glia-like cells. Although
the central chemoreceptors are sensitive to carbon diox-
ide, the peripheral chemoreceptors respond to both hype-
rcapnia and hypoxia. The interaction of these two
chemical stimuli is multiplicative because of their effect
on the carotid bodies (1). Removal of the carotid bodies will
cause the loss of the ventilatory response to hypoxia, a
30% to 50% reduction of the ventilatory response to CO2,
and an increase in resting arterial PCO2 by at least
1.5 kPa (410 Torr) (2). Data obtained from healthy volun-
teers indicate that the peripheral and central chemore-
ceptors interact in an additive fashion (i.e., the output of
the ventilatory control system is the sum of the outputs of
the peripheral and central chemoreflex loops) (3). How-
ever, data from carotid body resected patients suggest
some peripheral–central interaction with a reduction of
the central CO2 chemosensitivity upon the removal of the
carotid bodies (vide infra) (2).

1. STEADY-STATE MODEL OF THE VENTILATORY
CONTROLLER

The ventilatory response to changes in PaCO2 at a con-
stant arterial oxygen tension (PaO2) in humans is linear,

at least up to ventilations of about 70 L/min. The Oxford
group introduced in the late 1950s the following descrip-
tion of the steady-state ventilatory response to CO2 (4):

VI¼SðPaCO2 � BÞ; ð1Þ

where VI is inspired minute ventilation, S is the slope of
the response curve or the ventilatory CO2 sensitivity, and
B is a threshold or the extrapolated PaCO2 at which apnea
occurs. Note that information below resting ventilation
and resting PaCO2 on combinations of VI and PaCO2 (i.e.,
data obtained on the left and below the metabolic hyper-
bola; see Fig. 1) cannot easily be obtained. In alert and
awake humans, ventilation tends to be sustained at
PaCO2 levels below resting because of the ‘‘wakefulness
drive to breathe’’ giving the VI-CO2 response curve its
characteristic ‘‘dog-leg’’ or ‘‘hockey-stick’’ shape (Fig. 1).
Loss of the wakefulness drive (because of sleep or anes-
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Figure 1. Influence of arterial PCO2 (PaCO2) on ventilation. The
ventilatory controller represents the steady-state relationship be-
tween arterial PCO2 and ventilation at increasing levels of oxygen
going from 2 (moderate hypoxia) to 3 (mild hypoxia) to 4 (norm-
oxia). Note the flat shape of the controller at ventilation levels
below resting giving the response curve its ‘‘hockey-stick’’ or ‘‘dog-
leg’’ shape. The flat part represents the wakefulness-drive to
breathe and will become apparent during voluntary hyperventi-
lation. At 5, we find the extrapolated PCO2 at which breathing
ceases (apneic threshold or apnea point). Note that the reponse
curves pivot around the apnea point (the ‘‘Oxford’’ fan). The met-
abolic hyperbola (1) is the metabolism-dependent relationship be-
tween ventilation and PaCO2 (when ventilation increases, PaCO2

decreases and vice versa). Under resting conditions, ventilation is
at the intersection of the controller and the metabolic hyperbola.
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thesia) will cause apnea upon the induction of hypocapnea
(5,6).

Using the artificial brain stem perfusion (ABP) tech-
nique in anesthetized, tracheostomized cats, which allows
the functional separation of the peripheral chemorecep-
tors at the carotid bodies from the central chemoreceptors
at the ventrolateral medulla, Berkenbosch varied the cen-
tral and peripheral CO2 drives and measured the output
of the central integrative processes in terms of ventilation
(Fig. 2) (7). Central PaCO2 (PaCCO2) or the arterial carbon
dioxide tension within the brain stem and peripheral
PaCO2 (PaPCO2) or the arterial carbon dioxide tension at
the carotid bodies could be manipulated independently
from very low to very high levels (with or without the ma-
nipulation of PaCCO2 and PaPCO2). This was possible by
changing the arterial gas tensions in the blood through
the extra-corporeal circuit (which perfused the brain stem
and hence the central chemoreceptors) and/or the inhaled

PaCO2 (which determined systemic and carotid body
PaCO2). The ventilatory response to changes in PaCCO2

and PaPCO2 at constant PaCCO2 and PaPCO2 can be de-
scribed as follows (7):

VI¼Sp � PaPCO2þSc � PaCCO2 �K; ð2Þ

where Sp and Sc are the CO2 sensitivities of the periph-
eral and central systems, respectively. For intact animal
preparation (in which ABP is not employed), PaCCO2¼

PaPCO2¼PaCO2 and PaCO2¼PaPO2¼PaO2, so that
Equation 2 reduces to Equation 1 with S¼SpþSc and B
¼K/S. Equation 2 assumes an additive interaction be-
tween the central and the peripheral CO2 drives without
any central–peripheral CO2 interaction. Although this as-
sumption may be true for anesthetized cats, there are
some indications for central–peripheral interaction in
awake humans (vide infra).

Keeping central conditions constant, i.e., PaCCO2 and
PaCO2, in both humans and animals, there is a positive
interaction between oxygen and carbon dioxide at the pe-
ripheral chemoreceptors of the carotid bodies. The slope of
the ventilatory changes to PaPCO2 (SP) increases at de-
creasing levels of PaPO2. This process being the only sig-
nificant interaction in the ventilatory control system, SP

in Equation 2 may be written as

SP¼S0
PþZPðPaPO2Þ; ð3Þ

in which SP
0 is the hyperoxic CO2 sensitivity. Note that in

humans, SP
0 approaches zero in most but not all people. We

also write

K¼K0
þKCðPaCO2ÞþKPðPaPO2Þ; ð4Þ

where K0 is the value of K at overall hyperoxia. By defi-
nition, KC and KP are zero at hyperoxia. Although KC rep-
resents the central depressant effect of hypoxia (hypoxic
ventilatory decline or HVD), KP is a CO2-independent ef-
fect of peripheral hypoxia. Note that KP is close to zero and
for all practical purposes is set to zero here.

Keeping PaCCO2 and PaPCO2 constant, we may de-
scribe the peripheral and central responses in hypoxia
with an exponential function:

VC
I ¼ �HC � exp½�DC � PaCO2� þCC; ð5Þ

VP
I ¼HP � PaPCO2 � exp½�DP � PaPO2� þCP; ð6Þ

where HC and HP are the hypoxic ventilatory sensitivities
(units are liters/minute) and DC and DP are the shape pa-
rameters. The physiological meaning of the shape param-
eter D is not clear, but it has been suggested that it might
be related to the shape of the O2 hemoglobin saturation
curve (8,9). Ventilation at hyperoxia is given by CCþCP.
Note that common models of the ventilatory response to
hypoxia are linear in oxygen saturation. However, there is
no differences in (goodness of) fit of either of these models.

Because it is generally accepted that DP¼DC (¼
0.22 kPa�1 in cats;¼ 0.29 kPa� 1 in humans, which is ob-
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Figure 2. The ABP preparation of Aad Berkenbosch (Aad Be-
rkenbosch Preparation) that allows the selective perfusion of the
central chemoreceptors located in the brain stem of the cat. The
gas composition of the blood perfusing the brain stem is set via an
extracorporeal circuit. Blood is taken from the femoral artery (a)
and then guided via roller pumps (A and B) through a gas mixing
chamber and gas exchanger that allow blood with a specific gas
composition to reach the brain stem at the canulated vertebral
artery (a.v.). The measurement of the gas composition is done be-
fore (for example, the oxygen and carbon dioxide tensions of the
blood from the femoral artery or PaPO2 and PaPCO2) and after
changes in its compostion have been made (for example, the ox-
ygen and carbon dioxide tensions of blood before its infusion in the
brain stem or PaPO2 and PaCCO2). The gas composition of the
blood perfusing the peripheral chemoreceptors is set via the in-
spired gas. v. is the femoral vein.
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tained from fitting an exponential through the function
(100�S), where S is the oxygen saturation calculated
from the Hill model of the oxygen-dissociation curve:

S¼ 100 . [PO2/P50]N . [1þ (PO2/P50)N]� 1, where P50¼

50 Torr and N¼ 2.9) (8,9), we write

ZPðPaPO2Þ¼HP � exp½�D � PaPO2�; ð7Þ

KCðPaCO2Þ¼HC � exp½�D � PaCO2�: ð8Þ

After substituting Equations 3, 4, 7, and 8 into Equation 2,
we get

VI¼ ðS
0
PþHP � exp½�D � PaPO2�Þ � PaPCO2

þSC � PaCCO2 �K0
�HC � expð�D � PaCO2Þ:

ð9Þ

It follows from Equation 9 that the ventilatory response to
hypercapnia at different levels of hypoxia intersects in a
single point (the so-called Oxford-fan; see Fig. 1). The
PaCO2 and the ventilation of this pivot point are

PaCO2ðpivotÞ¼HC=HP; ð10Þ

VIðpivotÞ¼ ðS0
PþSCÞ �HC=HP �K0: ð11Þ

2. DYNAMIC MODEL OF THE VENTILATORY
CONTROLLER

Because it is generally assumed that the ventilatory re-
sponse to carbon dioxide originates from two sources, a
two-compartment model describes the dynamics of the
central and peripheral chemoreflex loops (2,3,8,10–12):

tC d=dt VCðtÞ þVCðtÞ¼GC½PaCO2ðt� TCÞ � B�; ð12Þ

tP d=dt VPðtÞþVPðtÞ¼GP½PaCO2ðt� TPÞ � B�: ð13Þ

VC(t) and VP(t) are the outputs of the central and periph-
eral loops; PaCO2(t—TC) is the stimulus to the central
chemoreflex loop delayed by the central delay time (which
contains both transport and dynamic properties); and
PaCO2(t—TP) is the stimulus to the peripheral loop de-
layed by the peripheral delay time. The parameter GC and
tC are the CO2 sensitivity and time constant of the central
chemoreflex loop. The corresponding parameters of the
peripheral loop are denoted GP and tP. B is the apneic
threshold or extrapolated PaCO2 of the steady-state VI-
PaCO2 response at zero ventilation that is assumed to be
equal for both reflex loops. Because it is often observed
that the central time constant of the ON- (PaCO2 high) and
OFF-responses (PaCO2 returned to a normocapnic level)
are of different magnitude, tC is rewritten as follows (3):

tC¼ tON � xþ ð1� xÞ � tOFF; ð14Þ

in which x¼ 1 when PaCO2 is high and x¼ 0 when CO2 is
low. Upon the induction of hypercapnia, a very slow trend

(C � t) is sometimes observed. The total dynamic ventila-
tory response to hypercapnia is then:

VIðtÞ ¼VCðtÞþVPðtÞþC � t: ð15Þ

Because under experimental conditions it is impossible to
obtain frequent arterial blood samples, the measurement
of end-tidal gas tensions is chosen; ergo PaCO2 is replaced
by PETCO2 in Equations 12 and 13. In healthy volunteers
and in the steady state, the PETCO2 is a fair approxima-
tion of PaCO2.

Estimation of the model parameters (Equations 12–15)
is of limited value if the estimates are not associated with
some measure of their accuracy. To obtain a satisfactory
measure of accuracy of estimated parameters in dynamic
models, advanced statistical techniques employing Kal-
man filtering are required. As statistical methods of esti-
mating variances do assume white residuals, the
appropriate modeling of the noise corrupting the ventila-
tory data is required. Three ways of modeling the noise
have been proposed by Ward et al. (Fig. 3) (13): as mea-
surement white noise on the output (W) (model 1), as
measurement white noise on the output and process noise
on the input of both chemoreflex loops (model 2), and as
measurement white noise on the output and independent
first-order noise on the output (N) (model 3). Taking into
account the estimates of the deterministic parameters, the
autocorrelation function of the residuals, the cross-corre-
lation between input and the residuals, the standard de-
viation of individual parameters, and their estimation
error in actual and simulation studies, we observed that
in contrast to model 1, models 2 and 3 provide white re-
siduals, with model 3 giving the most reliable standard
deviations and estimation errors of the individual param-
eters (8,14). Furthermore, model 3 is to be preferred be-
cause of its more physiologically realistic properties. The
external noise pathway (N) of model 3 is modeled as fol-
lows (3,8,14):

tN d=dt VNðtÞþVNðtÞ¼NðtÞ: ð16Þ

The total dynamic ventilatory response to a hypercapnic
challenge then becomes

VIðtÞ¼VCðtÞ þVPðtÞþVNðtÞþC � tþWðtÞ: ð17Þ

Using a square-wave PETCO2 input in human volunteers,
we found the following parameter values in normoxia,
hyperoxia, and hypoxia in intact and bilateral carotid
body denervated subjects (see Table 1).

The data of Table 1 indicate that

1. The leftward shift of the apneic threshold in hype-
roxia (related to the reduction of brain blood flow,
reduction of the Haldane effect, and central stimu-
latory effects of high oxygen) (3)

2. Time constants and time delays are independent of
the oxygen state (3)

3. The evident multiplicative effect of hypoxia on GP (3)
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4. The reduction but not abolishment of GP during ex-
posure to hyperoxia (3)

5. The reduction of GP after bilateral carotid body den-
ervation (a one-compartment model now adequately
describes the response) (2)

6. The suggestion of central–peripheral interaction
(i.e., the reduction of GC after bilateral carotid
body denervation and during the exposure to hype-
roxia) (2,3).

To examine item 6 even more, we analyzed the normoxic
dataset obtained in intact volunteers with an extended
two-compartment model of the form (3):

VIðtÞ¼VCðtÞþVPðtÞþVNðtÞþC � tþWðtÞ

þGINT � VPðtÞ � VCðtÞ;
ð18Þ

in which GINT is an interaction parameter and
GINT �GP �GC is a true indication of central–peripheral
interaction. Because the latter term was not different from
zero, we concluded that the central–peripheral interaction
was not a significant component of the ventilatory control
system in subjects with intact carotid bodies. However,
more recent data in bilateral carotid body resected sub-

jects do suggest some form of central–peripheral interac-
tion that possibly only becomes apparent after resection of
the carotid bodies (Table 1) (2).

3. MEASURING THE VENTILATORY RESPONSE TO CO2

WITH READ’S REBREATHING TECHNIQUE

Various methods measure the ventilatory response to
hypercapnia; the most popular is ‘‘Read’s rebreathing
technique’’ (15). Although the technique is simple (exper-
iment duration about 4 to 5 min), interpretation of the re-
sults is far from simple. The subjects rebreathe a gas
mixture (7% CO2 in oxygen) from a 4-L to 6-L bag. Because
under these conditions rebreathing is initiated at a CO2

tension close to that of mixed venous blood, Read assumed
that a rapid equilibrium is established among the CO2

tension in mixed venous blood, arterial blood and gas in
the lung, and rebreathing bag causing a linear relation-
ship between the changes in PaCO2 and brain tissue PCO2

with a slope close to one (15,16). Assuming that ventila-
tion is an instantaneous function of brain tissue PCO2,
this consequently leads to a ventilatory CO2 response
curve with the same slope as the steady-state response
curve. (The steady-state response is obtained by inhaling
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Figure 3. Diagram of the respiratory control
system (see text for abbreviations) and the
three postulated noise sources: measurement
noise, process noise, and the parallel noise
model. The dashed lines indicate the possibil-
ity of central–peripheral interaction.

Table 1. Parameter Values of the Dynamic Ventilatory Response to Hypercapnia Obtained in Healthy Volunteers With the
Two-Compartment Model (Equation 17) in Subjects With (Intact) and Without Both Carotid Bodies (Bilateral Carotid Body
Denervated)

n B GC GP WON WOFF WP TC TP C

- - - -INTACT SUBJECTS- - - -
Normoxia 9 4.4 10.0 4.4 140 140 10 12 9 34
Hyperoxia 9 3.7 8.5 1.3 100 120 6 12 11 133
Hypoxia 9 4.4 9.9 7.1 120 120 9 12 7 45

- - - - BILATERAL CAROTID BODY DENERVATED - - - -
Normoxia 7 4.5 7.5 1.4 120 120 11 13 9 84
Hypoxia 7 4.7 7.5 1.4 125 125 13 12 9 56

From References 2 and 3.

Note: n is the number of subjects; B in kPa, GP and GC in L min� 1 kPa�1, time constants and delay times in s, and trend term C in mL min� 2. Bilateral carotid

body resection was performed because of carotid body tumor formation in otherwise healthy subjects.
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constant inspired or end-tidal (ET) gas concentrations at
three to five levels of CO2; e.g., inspired concentration¼
1%, 3%, 5%, and 7% or ET%¼ 6%, 7%, 8% and 9%) (3).
This procedure is time-consuming, taking at least 30 min
per inspired CO2 level or 8 min per ET CO2 level). Exper-
imental work in both animals and humans has led to sig-
nificant insight into this rebreathing technique (17–20). In
anesthetized cats, it was theoretically demonstrated (if we
assume that ventilation is given by Equation 12 and the
peripheral loop is silenced by hyperoxia) and experimen-
tally verified that only if we choose A=R¼ tC (where A is
the initial step size in ET PCO2 caused by the 7% CO2 in
the rebreathing bag; R is the rate of rise of CO2 over time
and tC is the time constant of the central chemoreflex loop;
Fig. 4), the ventilation after any step-ramp change in ET
PCO2 is parallel to the steady-state response curve but
shifted to the right along the ET PCO2 axis (17). This in-
dicates that by changing the values of A and R (when R is
not matched by A=tC), deviations from the steady-state
slope occur. For example, after induction of metabolic ac-
idosis, the slope of the ventilatory response to hypercapnia
is shifted to the left over the ET PCO2 axis without any
change in slope of the response curve when the hype-
rcapnic VI response is tested with a steady-state technique
(17). Using the rebreathing technique, the slope of the VI-
CO2 response will increase because of an increase in A
(acidosis stimulates breathing, which causes a hype-
rventilatory response that will reduce resting PCO2 lev-
els). As a consequence, the step size A increases because

the CO2 concentration in the bag remains fixed). The re-
verse is true for alkalosis or after infusion of respiratory
depressants such as morphine (18).

In humans, the following observations regarding the
rebreathing technique were made (19,20):

1. The slope of the hypercapnic ventilatory response
curve is at least 75% greater when obtained with
Read’s rebreathing technique compared with the
steady-state technique. This result is related to the
increase in brain blood flow caused by the increase
in arterial PCO2 causing a reduction in the arterial-
brain tissue PCO2 gradient.

2. The conditions A=R¼ tC do not apply to awake hu-
mans, which may possibly be related to the existence
of central neuronal dynamics in the awake state
causing an additional ventilatory drive that is abol-
ished in the anesthetized preparation.

3. Clinical studies have demonstrated that the gradi-
ent among lung, arterial, brain, and mixed venous
PCO2 is not reduced to zero by applying the Read
conditions (i.e., 7% CO2 is a 4-L to 6-L bag).

4. The effect of drugs that change initial experimental
conditions (e.g., resting PCO2 levels, metabolism,
brain blood flow, brain blood flow reactivity to CO2)
on the hypercapnic ventilatory response will depend
on the test procedure (steady-state or rebreathing).
Results that are less vulnerable to interpretation
and possibly more reliable are obtained with a
steady-state technique. We prefer the dynamic ET
forcing (DEF) technique to that end (2,3,7–14). This
computer-driven technique developed by Swanson
and Bellville steers the ET gas concentrations by
manipulation of the inspired gas concentrations and
gives steady-state values of the VI-CO2 response
within 6 to 8 min. Furthermore, using square-wave
ET CO2 challenges, the DEF technique provides in-
formation on the steady-state CO2 sensitivities of
the peripheral and central chemoreflex loops as well
as on their dynamics. Robbins recently developed a
multifrequency binary (ET PCO2) sequence to opti-
mize the estimation of peripheral and central
chemoreflex loop gains (sensitivities) in humans
(12).

BIBLIOGRAPHY

1. D. J. C. Cunningham, P. A. Robbins, and C. B. Wolff, Integra-
tion of respiratory responses to changes in alveolar pressures
of CO2 and O2 and in arterial pH. In: A. P. Fishman, N. S.
Cherniack, J. G. Widdicomb, and S. R. Geiger, eds., Handbook

of Physiology: The Respiratory System, vol 2: Control of
Breathing. Bathesda, MD: American Physiological Society,
1986.

2. M. Fatemian et al., The respiratory response to carbon dioxide
in humans with unilateral and bilateral resections of the car-
otid bodies. J. Physiol. (Lond.) 2003; 549:965–973.

3. A. Dahan et al., The influence of oxygen on the ventilatory
response to carbon dioxide in man. J. Physiol. (Lond.) 1990;
428:485–499.

4

5

6

7

8

9

10

* Time

A * R−1 = τC

E
nd

-t
id

al
 P

C
O

2

A

R

Figure 4. ET PCO2 changes during a Read’s rebreathing exper-
iment. A¼ the step increase in ET PCO2 caused by the CO2 in the
rebreathing bag; R¼ the increase in ET PCO2 over time caused by
the rebreathing of CO2. At the time marked with an aeterix, re-
breathing is initiated and a fast increase in the ET PCO2 is ob-
served from resting values (5 kPa) to 7 kPa. In the case of
hypercapnia (caused by a respiratory depressant such as mor-
phine), step size A will be reduced, which causes a reduction in the
slope of the rebreathing response. Animal experiments indicate
that only when the Read conditions are met (A=R¼WC), the slope
of the rebreathing response is similar to that of the steady-state
response. Hence after administration of a respiratory depressant,
the concentration CO2 in the rebreathing bag needs to be adjusted
(increased) to obtain a response slope that is comparable with the
steady-state response slope.

HYPERCAPNIA 5



4. B. B. Lloyd, M. G. M. Jukes, and D. J. C. Cunningham, The
relation between alveolar oxygen pressure and the respira-
tory response to carbon dioxide in man. Quart. J. Exp.

Physiol. 1958; 43:214–227.

5. D. S. Ward and A. Dahan, Respiratory pharmacology. In: T. E.
J. Healy and P. R. Knight, eds., Wylie and Churchill-David-
son’s A Practice of Anaesthesia, 7th ed. London: Arnold Pub-
lishers Ltd., 2004.

6. A. B. Lumb, A. Dahan, and D. S. Ward, Regulation of lung
function. In: A. Evers and M. Maze, eds., Anesthetic Pharma-
cology: Physiologic Principles and Clinical Practice. St. Louis,
MO: Harcourt Health Sciences, 2004.

7. A. Berkenbosch, Chemical control of breathing: contributions
of central and peripheral chemoreceptors, PhD thesis, Leiden
University, Leiden, the Netherlands, 1987.

8. A. Dahan, The ventilatory response to CO2 and O2 in man:
methods and implications, PhD thesis, Leiden University,
Leiden, the Netherlands, 1990.

9. D. S. Ward, A. Dahan, and C. B. Mann, Modelling the dynamic
ventilatory response to hypoxia in humans. Ann. Biomed.

Eng. 1992; 20:181–194.

10. G. D. Swanson, Dynamic forcing in the study of the human
respiratory system, PhD thesis, Stanford University, Stan-
ford, CA, 1972.

11. G. D. Swanson and J. W. Bellville, Step changes in end-tidal
CO2: methods and implications. J. Appl. Physiol. 1975;
39:377–385.

12. M. E. Pedersen et al., Identification of fast and slow ventila-
tory responses to carbon dioxide under hypoxic and hyperoxic
conditions in humans. J. Physiol. (Lond.) 1999; 521:273–287.

13. D. S. Ward, J. DeGoede, A. Berkenbosch, and J. W. Bellville,
Analysis of the ventilatory noise model in man and cat. In: B.
J. Whipp and D. M. Wiberg, eds., Modelling and Control of
Breathing. Amsterdam: Elsevier Science Publishing Co.,
1983.

14. A. Dahan et al., Modeling the dynamic ventilatory response to
carbon dioxide in healthy human subjects during normoxia.
In: G. D. Swanson, F. S. Grodins, and R. L. Hughson, eds.,
Respiratory Control. New York: Plenum Publishing Co., 1989.

15. D. J. C. Read, A clinical method for assessing the ventilatory
response to carbon dioxide. Aus. Ann. Med. 1976; 16:20–32.

16. D. J. C. Read and J. Leigh, Blood-brain tissue PCO2 relation-
ships and ventilation during rebreathing. J. Appl. Physiol.
1967; 23:53–70.

17. A. Berkenbosch et al., A pseudo-rebreathing technique to for
assessing the ventilatory response to carbon dioxide in cats. J.
Physiol. (Lond.) 1986; 381:483–495.

18. D. L. Bourke and A. Warley, The steady-state and rebreathing
methods compared during morphine administration in hu-
mans. J. Physiol. (Lond.) 1989; 419:509–571.

19. A. Berkenbosch et al., The ventilatory CO2 sensitivities from
Read’s rebreathing method and the steady-state method are
not equal in man. J. Physiol. (Lond.) 1989; 411:367–377.

20. A. Dahan et al., On a pseudo-rebreathing technique to assess
the ventilatory response to carbon dioxide in man. J. Physiol.
(Lond.) 1990; 423:615–629.

6 HYPERCAPNIA



HYPERTENSION: TIME-FREQUENCY ANALYSIS
FOR EARLY DIAGNOSIS

LINDA DAVRATH

ITZIK PINHAS

ERAN TOLEDO

SOLANGE AKSELROD

Tel Aviv University
Tel Aviv, Israel

1. INTRODUCTION

Hypertension (Htn) is the most common disease in indus-
trialized nations. It increases morbidity and mortality
from coronary heart disease, stroke, congestive heart fail-
ure, and end-stage renal disease. A strong, continuous,
graded, consistent, independent, and predictive relation-
ship between blood pressure and cardiovascular risk ex-
ists (see Fig. 1) (1,2).

Clinical trials have shown that reductions in blood
pressure reduce the incidence of stroke and myocardial
infarction. Given what is now known about damage to the
vasculature caused by increased blood pressure levels, the
early detection of a developing hypertensive state and
successful intervention have the potential to preclude el-
evations in blood pressure and, thus, to vastly reduce
damage to the cardiovascular system (3). Prevention strat-
egies applied early in life provide the greatest potential for
preventing elevated blood pressure levels and for reducing
the overall burden of blood pressure-related complications
in the community (1).

2. RISK AND EARLY IDENTIFICATION OF HYPERTENSION

Essential Hypertension (hypertension with no identifiable
cause) is one of the leading yet modifiable risk factors for
cardiovascular disease, stroke, etc. Currently, a great deal
of research and clinical attention is focused on what are
the truly desirable levels of blood pressure (4). The uni-
versal finding is that lowering arterial pressure can re-
markably reduce cardiovascular morbidity and mortality
rates. Prospective observational studies suggest that the
risk of cardiovascular death doubles in a near linear fash-
ion for each 20/10mm Hg increment in blood pressure
levels above 115/75mm Hg (5). Given this continuum of
risk with increasing blood pressure levels, it is reasonable
to assume that a continuum of damage to the cardiovas-
cular system exists in parallel to the rise in blood pres-
sure. As the development of the disease is slow and
gradual, by the time blood pressure becomes elevated,
the initiating factors in essential hypertension may be
difficult to detect, only the resulting increase in blood
pressure remains.

Despite the immense costs associated with hyperten-
sion and its complications, no methods are currently avail-
able to identify individuals with a tendency to
hypertension before any noticeable change in blood pres-
sure is observed. By the time that blood pressure reaches
hypertensive levels, a cascade of damage is well on its way.

3. SYMPATHETIC ACTIVATION WITH ESSENTIAL
HYPERTENSION – INVASIVE EVIDENCE

Clear evidence exists that essential hypertension is ac-
companied by sympathetic activation. Studies (6–8) have
shown that muscle sympathetic nervous activity (MSNA)
recordings, a direct measurement of sympathetic activity
to muscle vasculature, showed a progressive and signifi-
cant increase from normotension to moderate and more
severe essential hypertension, paralleling the progressive
increase in blood pressure values. Such sympathetic
hyperactivation directly promotes cardiac and vascular
alterations that lead to hypertension-related morbidity
and mortality, independently of the blood pressure eleva-
tion (6), which can occur via several different mechanisms,
including left ventricular hypertrophy, arteriolar wall hy-
pertrophy or remodeling, and arterial wall stiffening. Ad-
ditionally, the baroreceptor modulation of heart rate is
impaired in animals and patients with high blood pressure
(6).

4. TIME-FREQUENCY ANALYSIS OF CARDIOVASCULAR
SIGNALS: NONINVASIVE EVIDENCE

A growing body of evidence indicates that a promising tool
for the early detection and evaluation of a developing hy-
pertensive state is time-frequency analysis of the fluctu-
ation of continuous cardiovascular signals: heart rate
(HR) and blood pressure (BP) (Fig. 2). HR and BP vari-
ability depend on the continuous interplay between spon-
taneous nervous input to the SA node, sympathetic and
vagal efferent nerve activity, and the humoral milieu
(9,10).

The instantaneous cardiovascular fluctuations are ex-
pressed in two main frequency regions: a high-frequency
peak (HF) centered around the respiratory frequency (typ-
ically 0.15–0.4Hz at rest), and a low-frequency (LF) peak
centered around 0.1Hz. HF of HR (HFHR) primarily re-
flects vagal activity (11), whereas LF of HR (LFHR) esti-
mates combined vagal and beta sympathetic activity. In
addition to indirect neural modulation via HR, HF fluctu-
ations of BP (HFBP) strongly reflect mechanical activity of
respiration, and hence are not used to estimate autonomic
control. The LF fluctuations in blood pressure (LFBP) are
an index of a sympathetic tone to the vasculature (12).
Figure 2 displays the HR and BP responses to active
change of posture in a normal subject and their time-fre-
quency components. Calculation of the a-index (typically
LFHR/ LFBP) is based on the idea that each spontaneous
oscillation in BP elicits an oscillation of similar frequency
in the RR interval. The a-index is proposed as an indicator
of the arterial baroreflex (13). Another combined param-
eter that is frequently used in the analysis of HRV is the
ratio between the LF and the HF of heart rate (LFHR/
HFHR), an indicator of sympatho-vagal balance (10).

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



30

25

20

15

10

0

5

<1
10

11
0−

11
9

12
0−

12
9

13
0−

13
9

14
0−

14
9

15
0−

15
9

16
0+

10
0+

%
 o

f m
en

1

3

2

0

4

5

A
djusted relative risk

30

25

20

15

10

0

5

<7
0

70
−7

4
75

−7
9

80
−8

4
85

−8
9

90
−9

4
95

−9
9

%
 o

f m
en

1

0.5

0

2.5

2

1.5

3

A
djusted relative risk

SBP (mmHg) DBP (mmHg)

Figure 1. Left, Percentage distribution of sys-
tolic blood pressure (SBP) for men screened for
the Multiple Risk Factor Intervention Trial who
were aged 35 to 57 years and had no history of
myocardial infarction (n¼347,978) (bars) and
corresponding 12-year rates of cardiovascular
mortality (line) by SBP level adjusted for age,
race, total serum cholesterol level, cigarettes
smoked per day, reported use of medication for
diabetes mellitus, and imputed household in-
come (using census tract of residence). Right,
Same as at left for diastolic blood pressure
(DBP) (n¼356,222) (2).
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Figure 2. This figure displays the HR (left) and BP (right) responses to active change of posture in
a normal subject and their time-frequency components. Transition to stand is marked by vertical
line. Left: Panel a – Instantaneous Heart Rate, Panel b - the time-dependent Continuous Wavelet
Transform (CWT) of HR, Panel c – time-dependent power in the LF region, Panel d - time-depen-
dent power in the HF region, Panel e – the sympatho-vagal balance. Note the increase in LF power
and the reduction in HF power upon transition to stand. The change in sympatho-vagal balance
toward a more ‘‘sympathetically’’ dominated state upon standing is clear in the LF/HF. Right: Panel
f –beat-to-beat BP, Panel g – the CWTof BP, Panel h – the LF power of BP. Note the increase in LF of
BP upon transition to stand.
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5. AUTONOMIC DYSFUNCTION WITH ESTABLISHED
ESSENTIAL HYPERTENSION

Pagani and Lucini (13) elegantly summarized results of
studies employing noninvasive spectral analysis in un-
complicated essential hypertensive patients, and these
findings correlate well with known physiologic changes
accompanying hypertension. They indicate that patients
show progressive increases in the LFand reductions in the
HF relative power of HRV at rest with increasing severity
of the disease (14,15). In addition, these patients demon-
strate a reduced responsiveness to standing and a reduced
24-hour RR variability. Together, these changes infer that,
in essential hypertension, a shift in autonomic drive exists
in favor of sympathetic excitatory mechanisms (9,10). A
corresponding impressively reduced responsiveness in
LFBP during transition to standing was observed in mild
hypertensives (16), as well as in hypertensives (17) despite
their elevated baseline levels.

6. AUTONOMIC CONTROL IN SPONTANEOUSLY
HYPERTENSIVE RATS AND IN EARLY STAGES OF
DEVELOPMENT OF MILD HYPERTENSION

Our group has focused on developing time-frequency anal-
ysis tools, which will allow us to detect a developing hy-
pertensive state, even before the onset of elevation in BP.
We began our work in this field by examining hemody-
namic regulation in young, spontaneously hypertensive
rats (SHR) (18), where we observed autonomic malfunc-
tion well before the development of hypertension. Our ex-
perience has shown that in order to detect autonomic
dysfunction in a ‘‘pre-hypertensive’’ state, autonomic chal-
lenges must be applied (18,19). In response to placing in-
creased demand on the cardiovascular system, autonomic
control is further recruited and differences, which are not
obvious at rest, are exposed during the challenge.

In order to appropriately deal with the nonstationari-
ties induced by autonomic challenges, we developed math-
ematical tools based on our early work (11), which allow
the examination of real-life nonstationary physiological
signals (20). The Selective Discrete Fourier Transform Al-
gorithm (SDA) uses a time window of changing width de-
pending on the frequency of interest, in order to provide a
time-dependent frequency decomposition of the signals,
which allows us to deal appropriately with the nonsta-
tionarities of transient phenomena. Recently, based on the
principle of the SDA, we have developed a modified con-
tinuous wavelet transform (21) for optimal time-frequency
analysis.

7. CONTINUOUS WAVELET TRANSFORM VS. SHORT-
TIME FOURIER TRANSFORM

Time-frequency analysis can be achieved by Short-Time
Fourier Transform (22), Wigner–Ville transformation (23),
the SDA (20) and the Wavelet transform (21). The CWT
provides a time-frequency decomposition of a continuous
signal while tracking time-dependent changes in ampli-
tudes of the signal frequency components. Note that the

STFT uses a constant time window width for all frequen-
cies, thus limiting the frequency resolution in the low-fre-
quency range and the time resolution for high frequencies.
In contrast to the STFT that applies a constant time win-
dow width for all frequencies, the CWT allows varying
window duration, with long windows for low-frequency
information and short windows for high-frequency com-
ponents. This property of the CWT allows for improved
time resolution for higher frequencies and improved fre-
quency resolution for lower frequencies. The time-fre-
quency lattice of the STFT and the CWT are shown in
Fig. 3. Further details of various time-frequency decom-
positions may be found in the chapter by S. Akselrod in the
Wiley Biomedical Engineering Encyclopedia.

Figure 4 shows an example of a simulated signal, which
was generated using two sine waves with amplitude¼ 2
for the first 500 seconds. Then, the amplitude of the lower
frequency decreases to one, whereas the amplitude of the
higher frequency increases to four (note that the values of
the power integrals are Amp2). The second panel shows
time-frequency decomposition by STFT (left) and CWT
(right) and their respective HFand LF integrals. The fixed
window length for the STFT was 1001 samples, equal to
the window length for the low frequency in the CWT. Both
the STFT and the CWT display two main peaks associated
with f1 and f2. Note that the change in amplitude of these
peaks, which occurs at t¼ 500 seconds, is much faster for
the HF in the CWT on the right (sharper transition) than
the STFT on the left, which indicates improved time res-
olution for higher frequencies with the CWT. The fre-
quency resolution displays opposite behavior: The HF
component is smeared over a wider frequency band in
the CWT compared with STFT, and additionally, although
the LF and HF components share the same amplitude for
to500, the color-bar signals a much higher LF peak at
this interval, indicating that the frequency resolution is
improved for LF components in the CWT.

In earlier work (16), based on the assumption that es-
sential hypertension is accompanied, or even triggered, by
autonomic dysfunction, we investigated the time-depen-
dent response to standing in mild hypertensive subjects
(systolic pressure Z140mm Hg or diastolic pressure
Z90mm Hg) (unmedicated), and compared them with
age-matched normotensive controls. Mild hypertensives
had significantly greater LFBP during supine rest, and
then, they displayed a markedly reduced (by a factor of
three) response to an active change in posture, eliminat-
ing the baseline difference between groups (see Fig. 5). In
mild hypertensives, this increased a-sympathetic tone at
rest could be one of the reasons for elevated blood pressure
levels. Reduced responsiveness to standing may also be a
compensatory mechanism to account for the high baseline
a-sympathetic tone, so that overshoot in pressure in re-
sponse to standing is purposely limited. It could also be
because sympathetic activity is quite high at baseline and
thus cannot increase much further.
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8. RECENT FINDINGS

Based on the above results, we have recently taken a fur-
ther step in the early identification of hypertension using
time-frequency analysis, moving from examination of mild
hypertension to identifying a pre-hypertensive condition.

A unique population for the study of a developing hyper-
tensive state is composed of the normotensive offspring
(KHTþ ) of one essential hypertensive parent. These in-
dividuals are at increased genetic risk for developing hy-
pertension and tend to have similar environmental
characteristics as their hypertensive parents.
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Figure 3. The time-frequency lattice of the
Short-Time Fourier Transform (STFT) in com-
parison with the modified Continuous Wavelet
Transform (CWT). Note that the STFT uses a
constant time window width for all frequencies,
thus limiting the frequency resolution in the
low-frequency range and the time resolution for
high frequencies. In the CWT, the width of the
time window is a function of the specific fre-
quency. This variation in the time window du-
ration allows long windows for low-frequency
information and short windows for high-fre-
quency components, which leads to improved
time resolution for higher frequencies and im-
proved frequency resolution for lower frequen-
cies.
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9. INVASIVE EVIDENCE OF AUTONOMIC MALFUNCTION
IN ‘‘PRE-HYPERTENSIVE’’ STATE

Several invasive studies have shown that differences in
autonomic function can already be detected in norm-
otensive offspring of hypertensive parents (24,25). How-
ever, the techniques used in these studies; direct
measurement of muscle sympathetic nervous activity
(MSNA) and radio-labeled neurotransmitter tracer tech-
niques, are technically difficult to perform and are not
good candidates for widespread use in general medical
practice because of their invasiveness, cost, and time-con-
suming nature.

10. NONINVASIVE EVIDENCE OF AUTONOMIC
MALFUNCTION IN ‘‘PRE-HYPERTENSIVES’’

Using the continuous wavelet transform (21) to assess dy-
namic fluctuations in cardiac autonomic control, we have
recently (19) discovered that we are able to detect signif-
icant differences in LFHR in response to active change in
posture between KHT (n¼ 12) and young normals (YN, n
¼ 14), even when BP levels in each group are entirely
normal (Fig. 6). In this study, two groups of age, sex, and
body mass index (BMI)-matched individuals rested supine
for 30 minutes, then performed a series of autonomic chal-
lenges in order to create non-steady-state conditions. No
differences existed in any parameters at rest between the
groups, and autonomic perturbations, which engage the
cardiovascular control mechanisms, were necessary to
tease out the differences between groups.

Upon active change in posture, KHT responded with a
significantly greater increase in LFHR than did YN (Fig.
6). As HFHR decreased similarly upon standing in both
groups (indicating similar vagal reduction), we concluded
that KHT requires greater sympathetic modulation in or-
der to achieve an equivalent increase in HR as that ob-
tained in YN.

11. NEW MARKER FOR IDENTIFYING ‘‘PRE-
HYPERTENSIVES’’

Examination of the magnitude of the increase in the LFHR

(see Fig. 6) upon active change in posture between the
KHT and YN shows a significant difference between
groups. In the YN, the average increase in LFHR from
rest to the first 15 seconds of standing was by a factor of
five, whereas the average increase in KHTwas by a factor
of 11.8. An unpaired t-test indicates a significant differ-
ence between groups with pr0.036.

Hence, we believe that the magnitude of the increase in
the LFHR (Fig. 6) upon active change in posture may be
used as a marker for a developing hypertensive state.

Perhaps even more informative is that in the YN group,
only two out of 13 individuals had an increase in the LFHR

greater than 5-fold upon standing. In the KHT, seven out
of 12 individuals had increases in the LFHR greater than
5-fold with only five displaying increases in the LFHR

within the ‘‘normal’’ range. These percentages (in KHT)
are roughly similar to the percentage of offspring we

0.25

0.20

0.15

0.10

0.05

0.00
A B C DE FG H I

N

H

LF
 A

B
P

12

11

10

9

8

7

6

5

4

3

2

1

0
A B C DE FG H I

N
H

LF
 A

B
P

 / 
B

as
el

in
e

Figure 5. Comparison between normal (N) and mild-hyperten-
sive (H) subjects: The symbols indicate statistical significance
(po0.05) between N and H. (Top panel) LF content of arterial BP
fluctuations, the H subjects display significantly increased base-
line LFBP fluctuations. (Bottom panel) LFBP integral, normalized
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baseline. (B) At the onset of the first discernible change in ABP.
(C) Just before the strong increase in HR. (D) At the minimal ABP
level. (E) At the maximal value of the HR. (F) At the minimal HR
value after the overshoot of the HR. (G) Just after return to steady
values of HR and ABP. (H) Exactly 1min after onset of CP, aver-
age on 1min. (I) Average during 2min of standing steady state.
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would expect to become hypertensive based on genetics
(26). It is important to emphasize that, at this stage, no
differences existed in BP levels between groups at rest or
during any of the challenges. LFBP was not different be-
tween the groups, indicating that in this still norm-
otensive stage, a-sympathetic activity is not different in
KHT than in YN. It appears that in the earliest stages of
pre-hypertension when an at-risk individual is still norm-
otensive, an exaggerated response of LFHR can be detected
even when LFBP seems normal. Once an individual has
progressed to a stage where the hypertension expresses
itself as an elevation in BP (SBP4140 or DBP490), LFHR

appears to have become less sensitive whereas differences
in LFBP become clearly detectable.

Pending results from longitudinal follow-up, we do not
know which individuals in either group will go on to de-
velop hypertension. However, this group’s results indicate
that more than 50% of KHT show signs of sympathetic
hyper-reactivity, whereas only 15% of the YN group show
such great changes in LFHR upon standing. In the future,
quantification of the magnitude of change in the LFHR

during active standing may be used as an indicator to dis-
tinguish between a normal versus hypertensive response
to active change in posture.

12. SUMMARY

Examination of the results from these studies in pre-hy-
pertensive and mild-hypertensive individuals
(16,19,24,25) reinforces the conventional wisdom that hy-
pertension is a progressive disease, characterized by
evolving pathologies in the various branches of the car-
diovascular system. In still normotensive offspring (KHT)
of one hypertensive parent, a-sympathetic activity to the
peripheral vasculature is absolutely normal, both at base-
line and in response to challenge. However, in mild hy-
pertension, a-sympathetic activity is already enhanced at
rest and is less responsive to challenge. On the other hand,
it is important to note that LF fluctuations in HR are in-
creased in response to challenge in the still normotensive
KHT, yet appear normal in mild hypertensives, hence em-
phasizing the need for a more thorough understanding of
the autonomic alterations concomitant with each stage in
the progression of hypertension.

Progress in the early identification of individuals with
a pre-hypertensive profile has been made using specially
designed time-frequency analysis tools (SDA and the mod-
ified continuous wavelet transform) for the analysis of
cardiovascular fluctuations. Based on the time-dependent
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spectral analysis of these cardiovascular fluctuations
while in steady state and during autonomic challenges,
these tools have allowed the characterization of the re-
sponse of individuals to active change in posture into a
‘‘normal’’ response, versus a ‘‘hypersympathetic’’ response.
Quantification of this ‘‘hypersympathetic’’ response may
be a new marker for early identification of a pre-hyper-
tensive state.

Once we are able to reliably identify individuals with
autonomic profiles indicating a pre-hypertensive state,
these individuals can be counseled toward lifestyle mod-
ification. Interventions with documented efficacy such as
weight loss, reduced intake of dietary sodium, moderation
in alcohol consumption, and increased physical activity
will reduce their risk for progression to full-blown hyper-
tension.
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1. INTRODUCTION

All vertebrates depend on oxidative metabolism of nutri-
ents for the energy required by life-sustaining cellular
processes. At rest, most of this energy is spent maintain-
ing the ionic gradients (particularly in neurons and other
excitable cells) over the cell membranes and for protein
synthesis. As oxygen is being consumed to generate ATP
(the intracellular currency of energy), carbon dioxide is
produced. Oxygen is taken up from, and carbon dioxide is
excreted into, the environment, which is either air or wa-
ter. In multicellular organisms where the diffusion path
between the environment and the interior of the cells is
too long for relying on diffusion for proper exchange of the
respiratory gases between cell interiors and the environ-
ment, some form of cardiorespiratory system must be
present to provide for proper gas exchange.

As relative (hypoxia) or absolute (anoxia) lack of oxygen
will diminish cell function and ultimately lead to cell
death, and as carbon dioxide is a major determinant of
the interior milieu of the organism and its cells because of
its effect on pH, the cardiorespiratory system must be
closely regulated according to the current metabolic levels
or needs of the organism. The system must also be closely
regulated to compensate for changes in the environment,
primarily in the availability of oxygen, which varies with
the ambient pressure, and in the concentration of oxygen.
Not only have vertebrates adapted to live at high altitudes
(low atmospheric pressure and sea level concentration of
oxygen), or at great depths under water (low oxygen con-
centration and extremely high ambient pressure), but air-
breathing animals may also travel to high altitudes or dive
to great depths. As examples, fish live at all depths of the
ocean, birds migrate at high altitudes, and humans and
other mammals can either sojourn or live at high eleva-
tions or dive into the oceans.

Whereas hypoxia is defined as a decrease in the tension
of oxygen in the environment, hypoxemia denotes a de-
crease from the normal oxygen tension of the arterial
blood, PaO2. In humans, PaO2 is normally about 100mm
Hg.

A great many cellular and physiological effects of hy-
poxia exist (Fig. 1) and a great difference exists in the hy-
poxic tolerance among species. For example, both the
crucian carp (related to the goldfish) and some freshwa-
ter turtles can tolerate anoxia for extended periods of time
(2), and they have evolved different mechanisms for this
tolerance. Getting oxygen from the environment into the
cells requires multiple coordinated steps of both diffusion
and convection. The step of getting oxygen into the blood
is, in many ways, quantitatively the most important. This
chapter will concentrate on the changes in pulmonary

ventilation that result from hypoxic exposure, and the de-
velopment of quantitative models to describe this re-
sponse.

2. PHYSIOLOGY OF THE VENTILATORY RESPONSE TO
HYPOXIA

The ventilatory response to acute hypoxia is a hyperbolic
function of the alveolar PAO2 (or arterial PaO2) oxygen
tension (see Fig. 2). Thus, expired pulmonary ventilation.
VE, or alveolar ventilation

.
VA, barely increases until PaO2

has reached 70mm Hg. When the oxygen tension is about
55mm Hg,

.
VE will have roughly doubled, the level at

which the increase in ventilation is subjectively percepti-
ble.

This relationship is, however, not the result of changes
in the oxygen tension alone, but the result of the combi-
nation of the opposite effects on ventilation of hypoxia and
hypocapnia. As the hypoxic stimulus drives breathing, the
tension of carbon dioxide [PACO2 (alveolar), PaCO2 (arte-
rial)] will decrease below the normal value of about 40mm
Hg because of increased CO2 elimination. To estimate the
true magnitude of the hypoxic stimulus, it is therefore
necessary to compensate for the increased CO2 elimina-
tion by adding CO2 to the inspired gas in such a way as to
keep PaCO2 constant, which results in a family of hyper-
bolas as also demonstrated in Fig. 2. It appears from the
figure that the carbon dioxide tension affects the param-
eters of the parabola, and thus there is interaction be-
tween the two stimuli.

Although ventilation is a hyperbolic function of PaCO2

(Fig. 3, top panel), a plot of ventilation against the oxygen
content (or hemoglobin saturation) in the blood results in
a linear response (Fig. 3, bottom panel). This linear re-
sponse allows the hypoxic sensitivity to be expressed as a
readily understandable parameter (increase in ventilation
for every 1% decrease in saturation) and simplifies the
development of dynamic models.

Another way to depict the interaction between the two
ventilatory stimuli is to vary PaCO2 while PaO2 is being
maintained constant at different levels (see entry on
Hypercapnia). With progressively lower PaO2, the slope
of the linear

.
VE - PaCO2 relationship increases, as first

described by Nielsen and Smith (3), as respiratory stimuli,
hypercapnia, and hypoxia exhibit multiplicative interac-
tion. Therefore, when evaluating any ventilatory response
to hypoxia, it is important to consider whether PACO2 was
controlled and at which level.

The cells sensitive to changes in the chemical compo-
sition of their surroundings (such as the tensions of carbon
dioxide and oxygen, and pH) are known as chemorecep-
tors; chemoreceptors located in the aortic body at the aor-
tic arch are mainly involved in cardiovascular regulation.

Two important sets of chemoreceptors exist in ventila-
tory control. The peripheral chemoreceptors (also known
as arterial chemoreceptors) in humans are located in the
carotid bodies (CBs). These are tiny organs located at the
bifurcation of the carotid arteries, and they are character-
ized by having the largest blood flow per gram of tissue in
the body; thus, they are exposed only to arterial blood.
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Their afferent signals travel through the carotid sinus
nerve. They are sensitive to oxygen and carbon dioxide
tensions and are effectively silenced by breathing pure ox-
ygen. The oxygen-carbon dioxide interaction that is ob-
served in ventilation occurs in the CBs because this
interaction is also seen in the carotid sinus nerve firing
rate. Multiple transmitters have been identified in the CB,
dopamine being one of them; intravenous dopamine de-
presses and dopamine antagonists increase the hypoxic
sensitivity (4).

The central chemoreceptors are located in the brain-
stem [in the nucleus tractus solitarius (NTS) in the me-
dulla oblongata], behind the blood-brain barrier; and thus
the signal they are presented with is smoothed out by the
buffering of the cerebrospinal fluid (CSF). They are sensi-
tive only to changes in carbon dioxide tension (and pH).

It is also clear that when the time courses of changes in
ventilatory variables are considered, rather than the
steady-state responses described above, the picture of
the ventilatory effects of hypoxia becomes more complex
(5). Therefore, upon the presentation of an acute hypoxic
stimulus at the CB, ventilation increases abruptly within
the same breath. This increase together with a slower in-
crease toward a peak (over one to two minutes) comprise
the acute hypoxic response (AHR). Following the peak, the
response starts to decline over approximately the next
20min, even if isocapnia is maintained. This decline is
called hypoxic ventilatory depression (HVD).

The mechanism of HVD is still being debated, and its
mechanism may differ among species and among experi-
ments done in awake as opposed to anesthetized animal
preparations (6). As direct measurement of the carotid si-
nus nerve firing rate in animal preparations does not show
adaptation during a hypoxic interval (7), HVD appears to
have a central origin. Both changes in central neuromod-
ulators and a washout of central CO2 from the increase in
cerebral blood flow from hypoxia have been proposed as
mechanisms for the HVD. Although the increases in cere-
bral blood flow may have a prominent role in animals, in
humans, the modulation of the CB drive by central ne-
uromodulators seems to be more important; but a purely
carotid body effect cannot be eliminated in humans (6,8).
As HVD occurs at oxygen tensions well above the mini-
mum level needed for normal neuronal metabolism, it is
thought not to reflect the depressant effect of hypoxia on
all neurons in the brain.

If the hypoxic stimulus is removed after the HVD has
fully developed (minutes to hours), an abrupt decrease in
ventilation is observed, followed by a slower decline to-
ward the baseline. This response, however, is qualitatively
but not quantitatively similar to the response at the be-
ginning of hypoxia; thus, short-term adaptation occurs in
the regulatory system, which is further manifested by the
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observation that a repetition of the hypoxic stimulus,
within an hour after HVD has developed, will elicit a
smaller ventilatory response when compared with that
elicited by the initial hypoxic stimulus.

If instead of discontinuing the hypoxia after the devel-
opment of HVD, the hypoxia is allowed to continue for
days, weeks, or months, a gradual increase in ventilation
is observed; this longer-term adaptation is called ventila-
tory acclimatization. During acclimatization to altitude
(taking place over two to three days), PaCO2 will continue
to decrease. The cause of this decrease is not yet com-
pletely understood, but it involves adaptations of the CB
and in the central nervous system, which includes pro-
cessing the CB and perhaps the central chemoreceptor
signals. The result is a further increase in ventilation over
the first week at altitude despite the falling PaCO2. Thus,
the

.
VE - PaCO2 relationship shifts to the left (toward lower

PaCO2). At the same time, the ventilatory response to hy-
poxia increases.

This acclimatization is abolished in both humans and
animals that have had their CBs denervated, and there-
fore, this adaptation takes place in the peripheral chemo-
receptors. Finally, lifelong residents of high altitudes show
severe blunting or absence of the ventilatory response to
hypoxia. For a recent review of acclimatization and other
topics related to high-altitude physiology, see (9).

Once acclimatization has developed, ventilation does
not return to prehypoxic levels on termination of the hy-
poxia; this increase over baseline ventilation is called ven-
tilatory deacclimatization to hypoxia. Deacclimatization
will eventually disappear with a time constant similar to
the one with which it appeared.

3. CELLULAR EFFECTS OF HYPOXIA

3.1. Sensing and Surviving Hypoxia

Although all cells require oxygen for survival, a wide
range of coping strategies exists for individual cells. The
realization that all cells have mechanisms for sensing hy-
poxia is important; however, although the sensing mech-
anisms may differ among cells, even if the sensor is the
same, the physiological responses will vary (10,11).

The two basic mechanisms of oxygen sensing are
through oxygen-sensitive ion channels and through
changes in genomic expression. The immediate effects of
hypoxia on excitable cells are often mediated through
changes in ion channel conductivity, with calcium and po-
tassium channels likely candidates. In the CBs, hypoxia
increases intracellular Caþ þ by opening Caþ þ channels
in the cell membrane and allowing the influx of Caþ þ , in
turn mediating the release of neurotransmitters. The
opening of the Caþ þ channel can be either a direct effect
of the hypoxia or secondary to membrane potential depo-
larization by the closing of hypoxia-sensitive Kþ channels.
The molecular mechanism of oxygen sensing is currently
an active research area (12).

Secondly, hypoxic cells very quickly change their ge-
netic expression, resulting in an increased expression of a
variety of proteins that mediate the adaptation to hypoxia.
The classic example is the increase in the expression of
erythropoietin in hypoxic kidney cells. Erythropoietin
then stimulates the bone marrow to produce more ery-
throcytes (red blood cells) to increase oxygen transport.
The oxygen-sensitive transcription activator is HIF-1 (hy-
poxia-inducible factor 1). HIF-1 is a dimer of two subunits.
HIF-1a is being produced continuously, but in the pres-
ence of oxygen, hydroxlyase enzymes catalyze rapid de-
gradation. However, in low oxygen these hydroxylases are
inhibited, and HIF-1a combines with the b subunit; HIF-1
then translocates to the nucleus where it controls the
transcription of certain genes. As a result of the continu-
ous production of HIF-1a, this system can respond rapidly
to changes in oxygen tension and can provide quick adap-
tations to changing conditions. Multiple genes, including
some involved in tumor growth, have been identified as
being regulated by HIF-1.

Some cells will decrease their metabolic rates in re-
sponse to hypoxia and thus use a minimum of energy and
conserve what oxygen they have available (10,11). Oxygen
is used in excitable cells, in particular, to maintain ion
gradients (e.g., high potassium inside the cell and high
sodium outside); by reducing excitability, less ATP will be
needed (and thus replenished) to pump ions against their
concentration gradients. Protein synthesis is a second cel-
lular function that requires ATP and therefore oxygen. By
reducing protein synthesis to a low level, cells can con-
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serve oxygen. Eventually, the cell may not be able to sur-
vive the hypoxic episode, and for these cells, a system of
programmed cell death (apoptosis) will ultimately be ac-
tivated in a way so that the death of one cell does not cause
a release of factors that may adversely affect neighboring
cells.

The reduction in oxygen consumption to minimal levels
may help some cells to survive hypoxia, but it is important
for other cells to increase their metabolic activity in an
attempt to improve the overall delivery of oxygen within
the organism. This response can be a simple cellular re-
sponse (e.g., a type 1 cell in the CB releasing a neuro-
transmitter in response to hypoxia) or a complex whole-
animal behavioral response (e.g., a fish swimming out of
an area of water with low dissolved oxygen). Other longer-
term adaptations to hypoxia exist that improve oxygen
delivery, such as those of altitude acclimatization, or the
adaptation may be in specific tissues with a compromised
blood supply (e.g., the myocardium with arteriosclerotic
heart disease). These adaptations generally require the
expression of new proteins.

4. MODELING OF THE DYNAMIC VENTILATORY
RESPONSE TO HYPOXIA

The hypoxic ventilatory response has a complexity that is
a challenge to quantitative modelers. Seemingly impor-
tant characteristics include the initial acute response last-
ing a few minutes, a subsequent decline (HVD), and then,
over a period of several days, an increase in ventilation
accounting for the acclimatization to high altitude. A rea-
sonable approach to modeling such a response is to de-
velop a dynamic model for the rapid initial responses
(AHR and HVD) while judging the long-term changes to
be caused by adaptations and plasticity in the model’s pa-
rameters (13). This model could be of the ‘‘black box’’ type
with a phenomenological description of the ventilatory re-
sponse and no expectation that the parameters of the
model have a physiological correspondence. Alternatively,
attempts can be made to develop a model where the pa-
rameters have a close correspondence to physiological
characteristics of interest. In reality, most models are a
compromise and have elements of both. The equations for
the parts of the ventilatory system, including the gas ex-
change in the lung and tissue, can be combined into a sin-
gle computer simulation that reproduces many of the
observations (14). However, these models have many pa-
rameters and are not particularly useful for the estima-
tion of parameters from a single experimental dataset.
Simpler models with fewer parameters are used for pa-
rameter estimation from single datasets, and then these
values can be used in the computer simulation, which can
be very useful by helping to design further experiments.

4.1. Parameter Estimation and Noise Models

Observation of breathing patterns readily shows consid-
erable variation in the size and timing of individual
breaths (15). The causes of this variability are not com-
pletely understood, but the observation that the variabil-
ity is decreased during slow-wave (non-REM) sleep and

under general anesthesia would indicate that it is because
of interactions between the chemoreflex and other drives
from higher brain levels. The magnitude and evolution of
this noise is important when considering the development
of dynamic models. The presence of the noise, its character
and magnitude, limits the number of parameters that can
be resolved from a dataset and determines the accuracy of
the estimated parameters. Although this uncertainty can
be quantified during the parameter estimation procedure,
the other contributor, model mismatch, is difficult to quan-
tify. In many parameter estimation schemes, assumptions
about the dynamic characteristics of the noise need to be
made if they are not known directly from experiments.
Generally, the breath-to-breath noise is not white, but can
be modeled by an autoregressive model of a single breath
lag (15). Such dynamic characteristics of the noise seem to
differ from the dynamics of the hypoxic response (see be-
low), indicating that the noise is not generated through
the same structures that process the hypoxic stimulus.
These considerations are discussed in more detail in the
entry on Hypercapnia.

4.2. Quantitative Dynamic Models

Although quantitative data exist on the long-term adap-
tation to hypoxia (16), and even on acclimatization (17),
these data have not been combined into a comprehensive
model. As Powell et al. (5) point out, the initial response to
hypoxia, particularly when the response is dissected into
breathing frequency and tidal volume, has many interest-
ing characteristics relating to the transduction of the hy-
poxic signal in the CB as well as in the central processing
of this signal. See Powell et al. (5) [as well as other com-
prehensive reviews (18)] for more detailed references. This
brief review will focus solely on the development of quan-
titative models of the hypoxic ventilatory response.

Dejours (19) provided one of the first dynamic analyses
of the hypoxic response by studying the changes in venti-
lation following one or two breaths of pure O2. This ‘‘Dej-
ours test’’ has been very useful, but provides insufficient
excitation of the system to permit a detailed identification
of the system parameters. Thus, with the development of
techniques to control the end-tidal CO2, and thereby iso-
late the hypoxic ventilatory response, a step into and out
of hypoxia has been typically used as the dynamic forcing
function. Figure 4 shows a typical response to a hypoxic
step of approximately 20 minutes, followed by an 8-minute
return to normoxia, and then a subsequent return to hy-
poxia for 5 minutes. This example shows several impor-
tant features that should be captured by the model,
whereas some other features are more subtle, but none-
theless need to be present in the model. The experimental
techniques control the end-tidal CO2, so that the interac-
tion between hypoxia and hypo/hypercapnia does not have
to be considered. Key features of the response are the
rapid initial response to hypoxia followed by a slower de-
cline to a ‘‘steady-state’’ by 15–20 minutes of hypoxia.
Upon relief of the hypoxia, the return to normoxic venti-
lation occurs with little undershoot, and thus the response
is asymmetric. Of note is the fact that a subsequent hy-
poxic step produces a much smaller initial response, indi-
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cating that the cause of the decline does not immediately
dissipate (21). Commonly, this response can be simply de-
scribed as the initial acute hypoxic response (AHR1), the
ventilatory decline (HVD), and the subsequent acute re-
sponse (AHR2). Referring to the 2-minute time periods in-
dicated in Fig. 4, and averaging the ventilation and the
arterial saturation over these 2-minute intervals (the no-
tation ti indicates that the variable is averaged over the 2-
minute intervals centered at ti):

AHR1¼

.
VEðt2Þ �

.
VEðt1Þ

Sao2ðt2Þ � Sao2ðt1Þ

HVD¼

.
VEðt2Þ �

.
VEðt3Þ.

VEðt2Þ �
.
VEðt1Þ

AHR2¼

.
VEðt5Þ �

.
VEðt4Þ

Sao2ðt5Þ � Sao2ðt4Þ
:

The asymmetry in the response is sometimes quanti-
fied by calculating the sensitivity of the return to norm-
oxia or the ‘‘off ’’ response (22). Note that, if there is an
undershoot, the selection of the time intervals during this
return to normoxia will be important if the magnitude of
the undershoot is to be captured:

AHRoff ¼

.
VEðt3Þ �

.
VEðt4Þ

Sao2ðt3Þ � Sao2ðt4Þ
:

These ‘‘pseudo-steady-state’’ calculations are often suf-
ficient for measuring, for example, the effect of a drug on
the hypoxic response, but a more quantitative approach
would be to fit a dynamic model to the breath-to-breath
data. This approach can then quantify the time constants
of the components of the response. The parameter esti-
mation for these dynamic models usually is done by non-
linear least squares, but other techniques, including
maximum likelihood, have been applied. It is important

to closely examine the residual for the characteristics of
the noise (it should be white) and for its relationship with
the input function (it should be uncorrelated). A sensitiv-
ity analysis completed on computer-simulated data can
often be very useful in determining if the input function is
sufficiently exciting to make accurate estimation of the
parameters possible, as it is often difficult to analytically
determine the identifiability of these models.

The first detailed mathematical model of the acute dy-
namic ventilatory response to hypoxia was proposed by
Dutton et al. (23). It was a complex fourth-order model
that included a rate-sensitive term. The data to support
this model was obtained by artificially perfusing the CBs
with solutions with different PO2 levels, which eliminated
the central effects of the hypoxia and the feedback effects
of the change in ventilation. As they did not perform any
sensitivity analysis, it is unclear if their dataset supported
such a complex model, and significant redundancies may
have occurred in their model parameters.

Besides the dynamic response, a latency exists between
a sudden change in inspired oxygen content and the be-
ginning of the ventilatory response. This latency is pri-
marily due to the time required to remove oxygen in the
lung by tidal breathing, to the circulatory delay from the
lung to the CBs at the bifurcation of the carotid arteries in
the neck, and to transduction and neural signal processing
delays. Separating the pure time delays from the dynamic
response requires proper experimental designs. Clement
and Robbins investigated the latency for the ventilatory
response in humans and found an end-tidal to ventilatory
latency of 5.1–6.8 seconds for a step into hypoxia, and 4.7–
6.0 seconds for a step back to normoxia (24). These times
are consistent with the lung-to-ear circulatory times,
which can be used as a surrogate marker for the lung-to-
CB circulation time.

Berkenbosch et al. (25) used a technique of perfusing
the brainstem of the cat with blood passed through an ex-
tra-corporeal oxygenator, thus isolating the brainstem
from changes in arterial oxygen. They found that the ven-
tilatory response was adequately described by two compo-
nents, one with a time constant of 1.671.5 seconds and
the other with a time constant of 72.6736.4 seconds. It is
important to note that the effects of systemic hypoxia on
suprapontine structures are included in this data,
whereas they were excluded in the experimental data ob-
tained by Dutton et al. (23). Kirby et al. (26) applied a
similar two-component model to the initial transient re-
sponse in humans and were able to discern a fast and a
slow component. They used moderate exercise to potenti-
ate the hypoxic response, so it is unknown if the fast com-
ponent is unique to the exercise state. The source of these
dynamics remains controversial. They presumably de-
velop from physio-chemical reactions, which convert the
PO2 signal into the neural spike train (e.g., diffusion from
the arterial blood to the actual receptor, the receptor
transduction process, and the release of the neurotrans-
mitter in the CB to excite the carotid sinus nerve), and
from the dynamics of the central processing of this signal
in the brainstem before it is transmitted to the phrenic
motorneurones (neural dynamics). Current thinking as-
cribes the larger role to neural dynamics.
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Figure 4. Ventilatory response to a hypoxic step of 20 minutes
duration followed by a brief normoxic period and a second hypoxic
episode. Note that isocapnia is maintained throughout the exper-
iments. The elements of the ventilatory response are discussed in
the text. Redrawn from (20) with permission.
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The decline in ventilation during constant hypoxia last-
ing more than 5 minutes, HVD (Fig. 4), has also been
quantitatively modeled. Ward et al. (27), using the tech-
nique of brainstem perfusion in cats, found that central
depression of ventilation by hypoxia has a time constant of
150 seconds for a step into hypoxia and 105 seconds for a
step out. They found that a single exponential model pro-
vided a good fit to the data.

Bertholon et al. (28) used a nonparametric model with a
variable time period staircase into and out of hypoxia and
concluded that there were significant central neural dy-
namics. Ward et al. (29) used a two-component parallel
parametric model for the dynamics of the AHR and HVD
and found a good fit to the data; but the on- and off-tran-
sients had to be fitted separately because the gains, but
not the time constants, were different. However, although
they analyzed multiple steps, there were only three sub-
jects. Painter et al. (30) used a multiplicative model in
which the central depression caused a dynamic reduction
in the peripheral chemoreflex (AHR) gain, which is not
segmented into central and peripheral components. This
model (Fig. 5) provided a fit to both the on- and off-tran-
sients simultaneously; it is consistent with the theory that
HVD occurs through a central modulation of the CB input.
Experimental evidence in favor of this theory in humans
has been provided by experiments that reduced the CB
response with a dopamine infusion (8).

The models of the ventilatory response to hypoxia have
helped us test the validity of our understanding of the
physiological mechanisms underlying this important ad-
aptation to changes in the oxygen content of the environ-
ment. They have also proved to be useful as tools for
innovation in experimental design. Thus, they are certain
to remain an integral part of continued research into this
important area.
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1. INTRODUCTION

Digital images constitute a significant portion of the
digital data that are stored on disks and transferred on
wired/mobile networks. A typical image occupies a large
amount of memory in a database. For example, for a Web-
sized color image of size 640 � 480, the raw file size is
about 1 MB. The file sizes of special purpose images, such
as medical (CT, MRI, US, etc.) or landsat images, are even
larger. In a communication system, this would mean
bandwidth and a large disk space for storage. In either
case, image data compression or image coding is the
remedy.

In this article, we will describe basic issues of image
coding and indicate some novel techniques that are cur-
rently used.

Theoretically speaking, image coding is not much dif-
ferent than coding of other data. The compressibility of a
data requires that it has some form of redundancy due to
statistical dependencies of samples. Image coding meth-
ods are classified as lossless or lossy, depending on
whether the compressed image is identical to the uncom-
pressed one. However, most practical image coding meth-
ods are lossy to achieve better data compression results.
The lossless compressibility limit of a data is given by the
entropy (1) of the source:

E¼ �
X

i

Pi log Pi; ð1Þ

which is usually not small enough to be practical con-
sidering Pi to be occurrence probability (or histogram
count) of pixels in an image. The lossy compression mostly
depends on the imperfection of the human visual system.
Although the amount of distortion (loss) is usually mea-
sured in terms of sum of squared errors or signal-to-noise
ratios (2), modern techniques tend to put into account the
tolerable errors that cannot be perceived by humans (3,4).
The classic steps of coding can be summarized as follows:

* Transformation and/or prediction
* Quantization
* Lossless (entropy) coding

The structure is illustrated in Fig. 1. In all of these steps,
the operations must be tuned according to the properties
of the data, and the requirements of the application. In our
case, the data are a two-dimensional (2-D) matrix, repre-
senting the luminance or color values at rectangular
coordinates, called pixels. The first step of an image coding
method consists of a 2-D transform or a predictor that
tries to decorrelate the highly correlated neighboring
image pixels. Usually, the success of the overall coding
scheme is determined by the appropriate selection or
design of these operations. Common image coding techni-
ques assume a 2-D data model (which is obtained by
statistical analysis of various types of images) and adopt
the transform or predictor that statistically packs the
energy content of the image data into fewer numbers of
samples than the original. The widely used JPEG (Joint
Photographic Experts Group) (5) image coding standard
can be named as an example in this category. In some
relatively recent techniques, the transformation is not
fixed, but its parameters are adjusted adaptively accord-
ing to the input image.

The quantization step is also designed according to the
characteristics of the data produced by the first step.
Many general image coding techniques, such as JPEG,
use a fixed quantization structure, assuming a transform
or prediction output model. However, there are other
methods in which one designs or selects the quantizer
structure according to the input, or adapt the quantizer
model (6). There are also other methods in which the
transform/prediction step is integrated in the quantiza-
tion such as DPCM. In any case, quantization is the step
where the loss in the coding method is introduced. The
aim is to develop an image coding scheme achieving high
compression gains without introducing much visual de-
gradation despite the loss introduced by the quantizer. In
lossless image coding methods, obviously, there is no
quantization.

The last step is lossless (or entropy) coding. This is the
step where coefficients coming from the previous steps are
compressed in a lossless manner, usually according to the
probability content of the input samples.

Depending on the application, the coding may be lossy
or lossless. Correspondingly, either or both of the first two
steps can be omitted. Lossless coding is usually required if
the image content is sensitive to even very slight changes.
As an example, some medical images are coded in a
lossless manner to perfectly keep its diagnosis properties.
The basic issue in lossy compression is to compress as
much as possible while keeping the distortion as little as
possible. This is also the fundamental issue of the rate
distortion theory (1,6). Recently, more emphasis is given to
issues such as perceptual quality of images (i.e., near
lossless coding), error-resilient image coding (i.e., robust

Quantization
Transformation/ 

Prediction
Entropy 
Coding

Source
Coded 

Bitstream Figure 1. Typical compression steps for a
signal.
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coding for communication errors), and coding aimed for
querying and retrieval from image databases.

The organization of this article is as follows. First, the
quantization process and entropy coders, which constitute
the last two steps of the typical image coder, are briefly
explained. Then the transform/prediction methods are
reviewed. Using the concepts of signal spaces, basis
images, and their effects on efficient image representa-
tions are presented. Based on the principle of representing
the signal using as few samples as possible, the statisti-
cally optimal Karhunen–Loeve transform (KLT) is con-
structed. It is also shown that the discrete cosine
transform (DCT) (7) has an efficient image representation
property that concentrates most of the signal energy to
very few transform coefficients for a large class of images.
The JPEG standard is described as an example coding
algorithm based on DCT.

Next, more modern techniques for the transformation
stage are reviewed. Wavelet transform and subband cod-
ing became popular tools for image compression (8), so
their usages in image coding are explained. A later section
discusses the image coding problem specifically for biome-
dical images. The dedicated DICOM standard is explained
here. Finally, some modern approaches, application spe-
cific techniques, and new trends are described.

2. ENTROPY CODING

Regardless of the application of transformation/prediction
or quantization, all discrete sequences require efficient
symbol-wise coding. For a typical coder as shown in Fig. 1,
such a stage corresponds to the last stage of compression.
There is a large literature explaining various lossless
compression methods starting from Shannon–Huffman
type coders, continuing with arithmetic coding, run-length
coding, and dictionary-based coders such as LZ77, LZ78,
and LZW (9). The goal of these coders is to achieve the
compression of bits down to the entropy of the source
(given in Equation 1) according to the Shannon noiseless
source coding theorem. The first attempts to achieve this
compression limit consist of assigning variable-length
codes to symbols. The idea is to assign shorter binary
codes to more frequent symbols and, consequently, longer
binary codes to less frequent symbols while preserving the
decodability. The necessary condition for the binary code
lengths to have unique decoding is given by the Kraft–
McMillan inequality:

X

k

2�lk�1; ð2Þ

where lk is the code length of the kth symbol. With careful
design of binary codes, this inequality approaches to
equality, which is equivalent to obtaining the shortest
representation for the symbol sequence.

We will describe the Huffman method to construct such
efficient and decodable codes that depends on building a
binary prefix tree that automatically ensures unique
decodability. The Huffman method first sorts the probabil-
ities of symbols in a descending order and starts an

iteration of merging the symbols with smallest probabil-
ities into a new symbol. The new symbol now has a
probability equals the sum of the two previous symbols.
Meanwhile, two branches of the binary tree are con-
structed, with the node being the new combined symbol.
The tree branches are labeled as 1 and 0. After sorting the
new probabilities just as in the initial step, the two new
symbols with smallest probability are merged in the same
way. The iteration continues until one symbol is obtained,
with probability equaling one. At the end, the binary tree
contains longer paths to the less frequent symbols result-
ing with longer length codes. Conversely, more frequent
symbols are merged late in the iteration and they have
shorter code lengths. It can be shown that the overall
average representation has a length close to the entropy.
The Huffman code generation steps are illustrated in Fig.
2. Here, the algorithm starts with six symbols with
probabilities indicated in parentheses and sorts them in
a descending order. Then, the least probable two symbols
are merged to a new symbol, and the new set is sorted in
the second column. The iteration goes on until the last two
symbols merge to a probability of 1. The codewords are
then assigned by tracing the merging branches back from
probability 1 down to the symbols. In this example, the
codes are assigned as x1:00, x2:01, x3:11, x4:101, x5:1000,
and x6:1001. It can be noted that more probable symbols
are coded with shorter codewords. Furthermore, an arbi-
trary sequence of such symbols can be uniquely decoded
because the binary tree generates no symbol codes as
prefixes of other codewords.

The limitation of the Huffman coding is that the
efficiency depends on the probability distribution of the
symbols. As the codes are constructed as binary, the best
situation corresponds to symbols with probabilities that
are equal to dyadic rationals of 2. Unfortunately, this is
not in general true. However, improvements to Huffman
coding exist. Some methods combine the symbol sequences
to increase their variety and apply block and adaptive
Huffman coding.

The vast amount of literature about lossless entropy
coding and detailed explanations of other types of schemes
such as arithmetic coding, run-length coding, and diction-
ary based techniques can be found in Ref. 9.

3. QUANTIZATION

Typical image coders have the quantization as their
second stage in compression (Fig. 1). Normally, trans-
formed/predictive coded signals are fed to a quantizer to
reduce the number of symbols before feeding to a lossless
coder. However, in some cases, the quantizer part can be
omitted if a completely lossless coding scheme is required.

In the simplest form, quantization can be described as a
mapping of a range of data samples [xi, xiþ 1) to an index i
that will then be reconstructed as yi, in the decoder side.
Several quantizer stages employ a uniform quantization
that produces equal widths (xiþ 1� xi) for each quantiza-
tion interval, and assign a reconstruction level as the mid-
point of the boundaries: yi¼ (xiþ1þ xi)/2. Such a quantiza-
tion may not always yield to a desired performance for
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inputs with arbitrary probability distributions. To over-
come this problem, several experiments can be made and a
non-uniform quantizer may be decided as in the case of
standard JPEG compression.

The design of the quantizer, however, consists of ob-
taining the best boundaries ([xi, xiþ1)) and best reproduc-
tion levels (yi) for a given input data probability
distribution and given number of quantization levels. In
this way, the theoretical limits of the rate-distortion curve
of a given information source can be achieved or ap-
proached. On the other hand, the design of such optimum
quantization intervals and reproduction values (known as
codewords) does not have a closed form solution. Instead,
the optimization is done by an iterative method (known as
the Lloyd iteration), which progressively fine-tunes the
intervals and codewords as follows:

(1) Start with arbitrary intervals.
(2) Evaluate the centers of each interval with the given

input probability distribution as

yi¼

R xiþ 1

xi
xfX ðxÞdx

R xiþ 1

xi
fX ðxÞdx

: ð3Þ

(3) Given the centers in step (2), evaluate the new
interval boundaries according to the nearest neigh-
bor rule as

xi¼
yiþ yi�1

2
: ð4Þ

(4) If the new boundaries are different from the pre-
vious iteration, go to (2), else stop.

The center calculation in Equation 3 can be approximated
using the available data as

yi¼

P

x½n�in interval ½xi ;xiþ 1Þ

x½n�

number of data in interval ½Xi; xiþ 1�
: ð5Þ

An example optimization output for an input with skewed
distribution is illustrated in Fig. 3. In this figure, it must
be noted that the quantization intervals (indicated by
dashes) are obtained to be dense in regions with larger
probability and sparse in regions with less probability.
Furthermore, the code-words are at the weighted cen-
troids of the intervals (indicated by crosses), and they do

not correspond to the mid-points of the interval bound-
aries. However, the interval boundary points are indeed
halfway between two codewords.

The Lloyd iteration does not guarantee convergence to
the global optimum. However, several design methods in
the literature improve the convergence speed and robust-
ness of the Lloyd iteration.

The general rule of quantizer design is valid for quan-
tizing groups of data, as well. This time, one must come up
with multi-dimensional quantization intervals and multi-
dimensional codewords, and the operation is called vector
quantization (VQ).

4. TRANSFORM CODING

A good representation of a signal is the critical step in
most compression applications. The link between signals
and their representations are established via signal trans-
forms. In many cases, the transformed signal has a more
compact representation than the original time representa-
tion. To understand the concept of signal transforms, it is
convenient to first describe signals as linear combinations
of other signals. Let us assume one-dimensional (1-D)
discrete-time finite extent signals with discrete trans-
forms. The above linear combination can be written as

x½n� ¼ hj; gi¼
X

N�1

i¼ 0

giji½n� ð6Þ

or

x¼U � C; ð7Þ

where x is a column vector consisting of elements of x[n],
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Figure 2. Huffman code generation for six
symbols.

fX (x )

Figure 3. Optimal quantization points for a given input with pdf
¼ fx(x).
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U is an N � N transform matrix, and C is the column
vector consisting of elements gi. For the representations to
be valid, the basis functions j must span the signal space
of x. Equivalently, the matrix U must have a full rank. As
an example, the discrete time representation of a signal
corresponds to x½n� ¼

P

i giji½n�, where gi ¼ x[i] and ji[n]
¼ d[i�n]. On the other hand, the DFT corresponds to
x½n� ¼

PN�1
i¼ 0 giðnÞjiðnÞ, where n¼ frequency index, gi(n)¼

X(n), and ji(n)¼ ej2pn/N. The inverse transform represen-
tation for the orthogonal set of js can be expressed as

gi¼hx;ji¼
X

N�1

i¼ 0

x½i�ji½n� ð8Þ

or

C¼U�1 � x: ð9Þ

The compression efficiency will be determined by how
well the new representation gi is suitable for compression.
The design issue is to obtain the best transform, or
equivalently, the best basis functions (ji[n]) for the com-
pression efficiency.

4.1. Image Transforms

Typically, the transform matrix is considered as T¼U�1.
Therefore, the transform is y¼T .x. Considering this as
the transform of one line of a 2-D signal, the 2-D separable
image transform (Y) of X can be constructed as

Y¼T1 � X � T
T
2 ; ð10Þ

where T1 is the transform for columns and T2 is the
transform for rows of X. This implementation corresponds
to a basis representation of the form:

y½m;n� ¼
X

N�1

k¼0

X

N�1

l¼ 0

x½k; l�jk;l½m;n�; ð11Þ

with jk;l½m;n� ¼j1
k½m�j

2
l ½n�, where T1¼U1�1

and
T2¼U2�1

. It can be seen that the 2-D case represents
the image as a linear combination of basis images that are
obtained by outer products of columns of T1 and T2. The
basis image efficiency can be illustrated by the example in
Fig. 4. In this image, the spatial (time) representation has
a high variation. On the other hand, the transform image
corresponds to the coefficients of the basis images in the
figure, and this new representation has a low variation
that quickly decays to zero.

The inverse transform for the separable 2-D case is
simply

X¼T�1
1 � X � T

�T
2 : ð12Þ

Normally, the vertical and the horizontal statistical beha-
vior of images are similar. Therefore, the transform ap-
plied to columns and rows are selected as the same: T1¼

T2¼T. Furthermore, if the transform is orthonormal,
then the transform matrix becomes unitary, so T� 1

¼T*T.

4.2. Transform Design

The design strategy for obtaining the statistically best
transform corresponds to obtaining a compact signal
representation. We wish to approximate a finite extent
signal x of length l using a linear combination of m
orthogonal basis signals (mol) with as little distortion
as possible. This will lead to the famous KLT. Let us call
the orthogonal basis signals fuj; j¼ 1; 2; . . . ; lg, such that
the original signal is

x¼ y1u1þ y2u2þ � � � þ yiul ð13Þ

and the approximation signal is

~x¼ y1u1þ y2u2þ � � � þ ymum: ð14Þ

Equation 13 can be written in a compact form as

x¼Uy; ð15Þ

where y is a column vector formed by combining the yi
terms and U¼ ½u1ju2j � � � jul�. If ui are normalized, from
orthogonality (together, called orthonormal),

y¼UTx; ð16Þ

which shows the transformation. Minimization of the
distortion jjx� ~xjj2 (or Efðx� ~xÞ2g assuming that x is a
random field) while keeping the orthonormality for all
values of m yields the famous KLT, whose columns satisfy

Ruj¼ ljuj; ð17Þ

where R stands for the autocorrelation matrix of input x.
Equation 17 implies that columns of U are eigenvectors of
the autocorrelation matrix. As a result of the application
of transform U, the autocorrelation matrix of the trans-
form y becomes diagonal. This means that the transform
that results in the smallest distortion approximation is
the one that decorrelates the input.
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Figure 4. A 4 � 4 image as a linear combination of 16 basis
images.
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Ordering of the eigenvectors inside U must be done
according to the descending order of the corresponding
eigenvalues. In this way, the first m coefficients of the
overall n transform coefficients would result in the smal-
lest approximation distortion. The resulting distortion can
be calculated as the sum of remaining eigenvalues:
e¼

Pl
i¼mþ 1 li.

Unfortunately, this statistically optimum transform
requires the knowledge of the input autocorrelation ma-
trix. Therefore, it is not a fixed transform; hence, it cannot
be used for general applications. In the next subsection,
we will present some well-known transforms that are
suboptimal for transform coding applications.

There are several methods to measure the performance
of a transform. For instance, a reasonable way is to apply a
complete transform-based compression algorithm (such as
JPEG) using the given transform. A fair figure that shows
the potential performance of a transform is to obtain its
coding gain (2). To derive the coding gain expression, first
the minimum distortion DTC using a given total number of
bits (R) per each sample is calculated. These R bits are
distributed most efficiently among the transform coeffi-
cients. Then the distortion of a straightforward PCM
system (DPCM) is calculated at the same bitrate. The ratio
of the PCM distortion to transform coded distortion gives
the coding gain:

GTC¼
DPCM

DTC
: ð18Þ

If the transform is orthogonal, the coding gain expression
simplifies to

GTC¼

1
N

PN�1
i¼ 0 s2

i

QN�1
i¼ 0 s2

i

� �1=N
; ð19Þ

where s2
i corresponds to the variance of the ith transform

sample. Equation 19 can be interpreted as the ratio of the
arithmetic mean to the geometric mean of the transform
variances. The numerator cannot change by changing the
transform. However, the denominator can be reduced by
unequally distributing the variances of transform coeffi-
cients. This means that if a transform pushes most of the
signal energy (or variance) into a few of the transform
samples, while keeping the energies of most of the trans-
form samples small, the coding gain improves. This ex-
planation is also compatible with the energy compaction
concept. In the coming sections, we will see that the same
coding gain expression is also valid for subband coding
schemes, which are implementations of discrete wavelet
transforms.

4.3. Typical Transforms

Most images (as well as many other waveforms) have a
strong correlation between neighboring samples. A simple
model for many real-life images and signals is the random
process or field called auto regressive (AR) processes of
memory one (abbreviated as AR-1 processes). Consider
eight KLT basis functions generated from an AR-1 process

with correlation coefficient r¼ 0.96, and their separable
basis images in 5. Although the basis images in Fig. 5 are
generated from a statistically obtained autocorrelation
function, some well-known fixed transforms exhibit very
similar properties as KLT of an AR-1 random process.

* DCT: The discrete cosine transform (DCT) (7) is the
most commonly used transform for image compres-
sion. Classically, the N � N DCT transform matrix
entries are defined as

cij¼

ffiffiffiffiffiffiffiffiffiffi

1=N
p

; i¼ 0; j¼ 0; . . . N � 1
ffiffiffiffiffiffiffiffiffiffi

2=N
p

cos ð2jþ 1Þip
2N i¼ 1; . . . ;N � 1;

j¼ 0; . . . ;N � 1:

8

>

>

<

>

>

:

ð20Þ

The 8 � 8 basis images obtained from the DCT are
almost identical to those of the KLT shown in Fig. 5.
The DCT of a signal with length N can be computed in
O(NlogN) multiplication operations just like the fast
Fourier transform (FFT). The popularity of the DCT
comes from the fact that many real-life images have
an AR-1 process characteristic with r near to 1 in
slowly varying regions. As a result, DCT has a very
nice energy compaction property for images. Because
of being a fixed transform independent from the data,
its computational efficiency, and due to its near-
optimal properties, this transform is also adopted in
the celebrated baseline JPEG standard for image
compression.

* DST and DFT: Other sinusoidal type transforms can
be listed as the discrete sine transform (DST) and the
discrete Fourier transform (DFT). The DST is defined
as si;j¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

2=Nþ 1
p

sin ðjþ 1Þðiþ 1Þp
Nþ 1 , i; j¼ 0; . . . ;N � 1.

Unlike the DCT, the DST performs close to the KLT
if r is nearer to zero, and it does not preserve the DC
value of the image. The DFT matrix is defined as
fk;l¼ e�i2pkl=N , k; l¼ 0; . . . ;N � 1. In general, it has

Figure 5. 8 � 8 KLT basis images for r¼0.96.
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complex values that are not very suitable for com-
pression purposes.

* Walsh–Hadamard Transform: Transform matrices
whose columns are not composed of sinusoidal func-
tions can also be formed. The typical example for this
type of transforms is the Walsh–Hadamard transform
(WHT). The transform matrix is recursively formed
for size N¼ 2L using the recursion

Hkþ 1¼
Hk Hk

Hk �Hk

" #

starting from H1¼1. This transform is of particular
interest if floating point or integer multiplications should
be avoided because the WHT has only addition and
subtraction operations.

As a comparison of some of the well-known transforms,
the basis restriction error (2) figures are shown in Fig. 6.
Basis restriction error curve points are calculated by first
transforming the data, then retaining the first N trans-
form samples and inverse transforming to calculate the
mean squared error (MSE) between the resultant signal
and the original signal. The following figure is obtained by
using 16 � 16 transforms for a data sequence generated
by AR 1 processes with correlation coefficient r¼ 0.95. The
horizontal axis represents the number of retained coeffi-
cients, and the vertical axis represents the MSE. It can be
observed that the KLT and the DCT perform similarly,
whereas rectangular-based transforms such as the Hada-
mard transform perform relatively poorly.

4.4. Transform Coding Applications

A typical transform coding example is the JPEG standard
(5) for image compression. In baseline JPEG, the RGB
color components of the image are first transformed into

YUV components:

Y
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V

2
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¼
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2

6
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5
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B
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5

: ð21Þ

The Y component can be interpreted as the grayscale
version of the image. Because of the insensitivity of hu-
man eye to color variations, the two color difference
components U and V are downsampled by a factor of two
along both horizontal and vertical directions. In the rest of
the compression steps, the operations performed on the
color components are almost the same. The 2-D image
matrix is first split into several 8 � 8 matrix blocks. A DC
offset (which is 128 for 3 � 8¼ 24-bit RGB images) is
subtracted from the blocks. Then the DCT of each block
is computed. At this stage, the energy compaction prop-
erty of the DCT usually produces significant coefficients at
the top left corner of each 8 � 8 matrix, and many other
coefficients are small in magnitude. Next, the transform
coefficients are quantized by a quantization table (deter-
mined by the JPEG standard). After quantization, most
small coefficients become identically zero. To combine
significant coefficients in the beginning of a data sequence,
and to have long runs of zeros at the end, the 8 � 8 matrix
is scanned in a zigzag manner to form a 1 � 64 array. The
first coefficient corresponds to DC, and it is differentially
coded using DC values of previous blocs. The rest of the
nonzero coefficients are entropy coded (Huffman or Arith-
metic coded). If there is a long run of zeros at the end of the
array, these last coefficients are not encoded; instead, an
End of block marker is put.

The decoding of JPEG consists of the reverse opera-
tions. The entropy-coded blocks are decoded first. Then
the DC values and the rest of the transform coefficients
are used to form the transformed block matrix, and
inverse DCT is computed. Finally, the offset is added and
blocks are combined to form the 2-D image. JPEG encod-
ing and decoding steps are illustrated in Fig. 7.

5. PREDICTIVE CODING

With the emergence of transform and wavelet coding
techniques, predictive coding significantly lost its impor-
tance in image compression. Nevertheless, a few (mostly
lossless) compression standards can still be found in the
literature.

The idea of predictive coding is to predict the value of a
current signal sample by observing previous samples. In
1-D, this corresponds to predicting x[n] from a finite
number of past values x[n � 1], x[n � 2], y, x[n-L].
The predicted value will be notated as x̂½n�, and in most
cases, the goal is to minimize the distortion jjx� x̂jj in an
appropriate vector space.

In 2-D, the prediction can be done using the so-called
previous pixels in the image. If the ordering is raster scan,
then previous pixels correspond to pixels to the left and up
of the current pixel (as illustrated in Fig. 8).
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Figure 6. Basis restriction error figures for transforms with an
AR-1 signal (r¼0.95).
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5.1. Predictive Filter Optimality

Theoretical fundamentals for both 1-D and 2-D linear
predictive filtering are similar. In both cases, there is a
finite length of previous samples, and the current sample
should be predicted by filtering the previous samples to
produce the minimum amount of difference between the
filter output and the original sample. The best prediction
of length L in terms of minimum mean squared error
(MMSE) is the statistical expected value of the current
sample, given previous samples:

x̂½n� ¼Efx½n�jx½n� 1�; x½n� 2�; . . . ; x½n� L�g; ð22Þ

where x̂½n� corresponds to the prediction output. However,
as we consider linear prediction, the predictor must be of
the form:

x̂jnj ¼
X

L

i¼ 1

hix½n� i� ð23Þ

Notice that hi are actually filter tap coefficients of a linear
FIR filter. Due to the minimization conditions,

s2
d¼Efðx½n� � x̂½n�Þ2g

¼E x½n� �
X

L

i¼ 1

hix½n� i�

 !2
8

<

:

9

=

;

ð24Þ

must be minimized with respect to hi. Taking the deriva-

tive of this expression with respect to hi and equating to
zero gives

RxðiÞ �
X

L

j¼ 1

hjRxði� jÞ¼ 0; i¼ 1; 2; . . . ;L; ð25Þ

where Rx(i) corresponds to the autocorrelation value of
x[n] with separation¼ i. This set of equations can be
compactly written in a matrix-vector multiplication form:

rx¼Rx�hopt; ð26Þ

which means that the optimal prediction filter can be
found as hopt¼R�1

x � rx. Some fast methods are developed
to calculate this entity without making matrix inversions.

The decoder of the predictive coding is simple. It only
adds the prediction error to the previously obtained local
prediction value. The problem arises when the prediction
error values are quantized for lossy compression. To over-
come the divergence problem due to quantization, the
quantizers must be embedded inside the predictive coder
layout, which is also known as DPCM.

Some typical predictive coding applications are in im-
age coding. In most of these applications, the idea is to find
a suitable domain of image pixel prediction and a suitable
prediction filter (not necessarily linear).

The first example is (context adaptive lossless image
compression) (CALIC) (10). In this algorithm, the previous
pixels are taken (in a raster scan) and, first, the initial
prediction x̂½i; j� is evaluated. Then, the prediction context
is computed. This context selection is done by comparing
horizontal, vertical, and diagonal variations of the pixel
neighborhood with a predefined set of thresholds. It is
particularly useful to consider the context, because the
general layout of the group of pixels usually obeys a
physical continuity for most images. Each context has its
bias (mean), so the initial prediction is refined by remov-
ing this bias. CALIC is a two-pass algorithm, and the
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Figure 7. JPEG encoder and decoder diagram.
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prediction residual is coded using another (residual) con-
text.

The (low-complexity image coder) (LOCO) (11) is a
simpler algorithm that retains many of the nice properties
of CALIC. In a way, it only has two contexts: a rising edge
inside a 2 � 2 image region, and a falling edge inside a 2
� 2 image region. Let us label the four pixels as in Fig. 9,
where a, b, and c are used to predict the value of x. The
prediction in LOCO is simple. If a is the largest of a, b, and
c, then there is probably a falling edge to the southeast
direction, so x is predicted as the minimum of b and c. If a
is the smallest, then there must be a rising edge in the
same direction, so x is predicted as the maximum of b and
c. Otherwise, we cannot talk about an apparent edge, so
the prediction gives a plane region defined as aþ b� c.
The LOCO algorithm is also adopted as the ‘‘new’’ stan-
dard for lossless mode of JPEG (known as JPEG-LS) (12).
The ‘‘current’’ standard for JPEG-LS gives the user a
selection of eight prediction structures, which are all
simple linear filters among the eight neighbors of the
current pixel. This standard is also commonly used in
medical images that require lossless compression; there-
fore, it is adopted in medical imaging standards such as
the Digital Imaging and Communications in Medicine
(DICOM) standard (13–15).

The final examples about predictive coding use hier-
archical prediction in multiresolution. The progressive
mode of JBIG (Joint bilevel image processing group) and
JBIG-II are the two standards that use this method (16).
In this method, the image is downsampled by factors of
two along both horizontal and vertical directions down to a
very small image that retains the image structure (called
level M). The image at level M� 1 is, therefore, four times
larger than the one at level M. The larger level pixels are
predicted using the samples of the smaller image, in a
noncausal manner for raster scan ordering. The noncaus-
ality gives an advantage for the prediction. The prediction
scheme continues until the pixels at level 1 (the original
size) are predicted using the image at level 2.

6. IMAGE CODING WITH WAVELETS

Wavelets (17,18) have become popular tools for analysis
and compression of various types of signals, including

images (8). Due to its ability to exploit both frequency
and time parameters along various scales, it is preferred
over time-domain-only and frequency-domain-only meth-
ods. Recent achievements in coder designs for this trans-
form demonstrated a big success of wavelet-based coding
methods for image compression.

Using a similar notation as the transform coding, the
wavelet transform of a signal f(m) can be written as

WkðlÞ ¼
X

1

m¼�1

f ðmÞc�k;lðmÞ ð27Þ

and

VkðlÞ¼
X

1

m¼�1

f ðmÞf�k;lðmÞ; ð28Þ

with c�k;lðmÞ¼ 2�k=2cð2�2m� lÞ and
f�k;lðmÞ¼ 2�k=2fð2�km� lÞ, where c(m) is the so-called
mother wavelet and f(m) is the basic scaling function.
Given the representation of the discrete signal at one scale
(usually the highest resolution), the construction of the
wavelet transform in one lower resolution scale is done by
applying the input to one scaling (Equation 28) and one
wavelet (Equation 27) projection. The scaling and wavelet
functions should be designed so that they are orthogonal
to each other and their even shifts. In this way, we have an
orthonormal decomposition and two sets of transform
signals are obtained, namely the approximation samples
and detail samples. The next level of transform pairs is
applied to the approximation samples, and the iteration
goes on. Unlike other transforms, this representation
depends on the scale (k); therefore, several transform
scales can be constructed. Each scale, as a whole, carries
the information about the frequency content of the mes-
sage. Meanwhile, across the samples within each scale,
the time information regarding the signal can be depicted.
Therefore, wavelet transforms are considered as time-
frequency representations.

Practically, wavelet transform operation can be imple-
mented using subband decomposition. One level of sub-
band decomposition is illustrated in Fig. 10. The relation
between the subband synthesis filter coefficients and the
wavelet and scaling functions are given by the so-called
‘‘two-scale equations’’:

jðtÞ¼
ffiffiffi

2
p X

k

g0ðkÞjð2t� kÞ; ð29Þ

cðtÞ¼
ffiffiffi

2
p X

k

g1ðkÞjð2t� kÞ: ð30Þ

a b

c x

Figure 9. A 2 � 2 region.
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Figure 10. One-level subband decomposition.
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Again, with the assumption of orthonormality, the analy-
sis filter coefficients are constructed as the time-flipped
versions of the synthesis filters in the same subband
branch.

The coding efficiency of the subband decomposition lies
in the fact that most of the signal energy is inside the xl(n)
subsignal. Therefore, the coding gain expression is high.

Multilevel wavelet transform is implemented by re-
peatedly decomposing the low-pass branch xl(n) into two
bands. A three-level decomposition and reconstruction is
illustrated in Fig. 11. As the implementation is purely a
subband decomposition consisting of operations such as
linear filtering and down/upsampling, it can be efficiently
performed using digital computers or dedicated circuits. A
critical issue is usually the selection or design of the
optimal wavelet for the particular waveform to be coded.
There are several sets of available wavelets and design
methods tuned for various types of images (19,20).

6.1. Two-Dimensional Wavelet Coding

The 2-D extension of a subband decomposition can be
separably implemented using 1-D subband decomposition
along horizontal and vertical directions. In this way, four
subimages are generated with one level of decomposition:
ll, lh, hl, and hh. The names imply the nature of the filters
in two directions. For example, lh means a low-pass
filtering and downsampling along the horizontal direction
and a high-pass filtering and down-sampling in the ver-
tical direction. Mathematically, this corresponds to obtain-
ing four projections using four orthogonal 2-D functions
(one scaling function and three wavelet functions) that are
constructed from 1-D scaling and wavelet functions as
follows:

* The scaling function:

jðx; yÞ¼jðxÞjðyÞ:

* The wavelet functions:

cH
ðx; yÞ¼cðxÞjðyÞ;

cV
ðx; yÞ¼jðxÞcðyÞ;

cD
ðx; yÞ¼cðxÞcðyÞ:

In further levels, the approximation images ll is further
decomposed to produce, say, llll, lllh, llhl, and llhh. A
three-level wavelet decomposition of a sample image is
shown in Fig. 12. Notice that the images are tiled in a way
that the approximation images is on the top left. As the
approximation image is decomposed further, the top-left
image is further split in an iterative way.

6.2. Typical Wavelet Coders

After applying the wavelet transform, a coding algorithm
must proceed with an efficient way of compressing the
transform coefficients. Several methods are proposed in
the literature to exploit the structure of the wavelet
transform coefficients (21). Early methods were depending
on nonuniform and subband-dependent quantization. For
instance, the high-pass subimages were quantized more
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Figure 11. Three levels of subband decomposition.

Figure 12. Three-level 2-D-wavelet decomposition of an image.
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than the ll subimage because high-pass subimages were
containing less signal energy and they were perceptually
less important (22). The FBI fingerprint image database
system uses this kind of a wavelet coder (23). However,
this method cannot completely exploit the structural
content of transform coefficients.

With a closer look at the subimages, one can notice that
lh subimages (upper right ones) mostly contain horizontal
edges, whereas hl subimages contain vertical and hh
subimages contain diagonal edges. Therefore, to obtain
runs of zeros and nonzeros in a sequence, it was observed
that lh subimages should be considered in a regular (line-
by-line) raster scan, whereas hl subimages should be
vertically scanned and hh subimages should be diagonally
scanned before further compression.

Another method considered the maxima of high-pass
subimages as significant contributors to the reconstructed
image quality (24). Therefore, only the larger samples in
magnitude were retained. As these samples usually cor-
respond to edge portions in the image, they exhibit a curve
on the subimages, so they are relatively efficiently encoded
using curve coding methods.

Although the subimages should theoretically be statis-
tically uncorrelated with each other, there is still a
structural similarity between subimages along various
scales. One can notice that if there is an edge shape in
the hl subimage at a decomposition level, there is also an
edge shape in the hl subimage at another decomposition
level, which means that lh, hl, and hh subimages show a
structural similarity along various scales. However, the
similarity is found to exist not in terms of the edge pixel
values, but in terms of the nonexistence of edges or large
magnitude high-pass subimage samples. It was observed
that, if the magnitude of a pixel in the lowest level lh
subimage at a location is small (or zero), then the physi-
cally corresponding 2 � 2 pixels in the next level lh sub-
image are also small (or zero). The similarity continues in
further levels for 4 � 4, 8 � 8, and so on pixels in lh
subimages. Such a similarity of zero pixels among differ-
ent levels is called a zero-tree. A zero-tree structure is
illustrated in Fig. 13.

The embedded zerotree wavelet coder is the first algo-
rithm to use the described similarities (25). It progres-
sively quantizes the subimages while checking for the
existence of a zerotree at some particular position. Re-
cently, SPIHT (26) and EBCOT (27) proved to produce
even better results using similar ideas as the first zerotree
coder.

The current standard using wavelet coders is
JPEG2000 (28,29). The requirements for JPEG2000
when it was first announced for standardization consisted
of ‘‘Good low bit-rate performance,’’ ‘‘capability of support-
ing continuous and binary images,’’ ‘‘progressive coding
and transmission,’’ ‘‘scalable quality,’’ ‘‘transmission or
storage error robustness,’’ ‘‘compressed image editing,’’
and ‘‘memory efficiency.’’ As a result of this list, the
discrete wavelet transform was adopted as the redun-
dancy exploiting stage of the encoder. Due to its ease of
implementation, lifting style wavelets were preferred
where the subband decomposition can be efficiently im-
plemented using prediction and update stages that build

up to a lifting stage (30). The choice of the wavelet is
flexible. The coder performs an embedded bit plane coding
algorithm that evaluates signs of quantized transform
samples at several quantization scales and efficiently
maps the binary sign symbols to binary data bits using
arithmetic coding. Apart from its dependence to the al-
ready successful wavelet transform, JPEG2000 has sev-
eral attributes such as ‘‘region of interest’’ and ‘‘scalable
compression’’ that makes it an attractive selection for
many image compression applications including biomedi-
cal image coding.

7. OTHER METHODS

Image coding is a wide topic with many interesting
methods specifically developed for special purpose images.
In some applications, even the smallest amount of distor-
tion is not desired. In that case, some methods add a final
coder part that encodes the residual between the lossy
compressed image and the original. This way, a progres-
sively lossless compression can be achieved.

An image coding method of interest is fractal coding.
Being slightly different from other types of coders in
theory, it tries to find similarities or partial similarities
among different scales of the image. The iterative opera-
tions resemble the Banach’s fixed point attractor, where
one starts from any initial image and the algorithm
converges to the same approximation image. Afterward,
the description of the attractor corresponds to the com-
pressed image. Therefore, if the attractor representation
is compact, the compression ratio is high, which normally
happens when image-wise similar structures (at different
scales, though) are inside the image. For instance, pine
forests, city-scapes, and other pattern-like images with
self-similarity are usually efficiently coded using fractal
compression. Mathematically, the coder uses a nonlinear
transformation and vector quantization type clustering,
and the details can be found in Ref. 31.

Recently, region-based coding of images became popu-
lar. This is achieved in three ways:

Figure 13. A zerotree along different levels of 1h subimages.
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* Segmentation based coding
* Coding with wavelet packets
* Spatially adaptive coding

Segmentation is the immediate solution to region-based
coding. It makes sense if one first segments the image into
regions and applies different transforms, predictions, and
quantizations. A variation of subband coding, called wave-
let packets, is also a method that inherently encodes the
image differently at different regions (32). In wavelet
packet transform, the subband decomposition at a spatial
location proceeds as long as the subimage energies are
above some threshold. As a result, unlike the logarithmic
splitting of Fig. 11, the splitting is more arbitrary, with
more splitting at positions with higher pixel variation.
More recently, adaptation of subband filters and quanti-
zers can be found in the literature (33–36). These kinds of
adaptation schemes are useful for automatic coding of
various types of images without optimizing the transform
or subband filters for each type of image.

Template-based compression is another nonstandard
image compression method that had found particular
usage in textual images (37,38). The self similarity
(usually the characters or letters) is well exploited by
constructing a library of template images and searching
for their repetitions inside an image.

Finally, it is noteworthy to mention the compression of
a group of images that exhibit a high correlation between
each other (39). Typically, the computed tomography (CT)
or magnetic resonance imaging (MRI) sequences are such
images. In that case, video coding methods that exploit
image similarities in terms of motion of objects signifi-
cantly improve the compression efficiency as compared
with individual coding of images within the sequence.

8. BIOMEDICAL IMAGE CODING

The image coding part of biomedical data is mostly
governed by the DICOM standard (13–15,40–42). DICOM
is a flexible format that includes data tags regarding
network communications, image, audio, video, and text
data compression and representation, and diagnostic in-
formation. Although DICOM does not specify an image
coder for each type of biomedical image, there are tenden-
cies toward uses of Run-Length Encoding, JPEG, JPEG-
Lossless, JPEG2000, and ZIP/GZIP for various types of
data, including images. Typically, radiologists do not pre-
fer any kind or amount of loss during the storage and
transmission of a radiological image. Therefore, medical
data such as cardiac angio, CT, MRI, and ultrasound
images are mostly compressed using the lossless JPEG-
LS compression, which was added to the list of DICOM
coders in 2000. Its performance is close to the current
state of the art, and it has fast implementations, which is
another desired property by the radiologists. The compres-
sion ratio of this method is usually around 3:1 to 8:1 for 12-
bit images with sizes 512 � 512.

If some amount of loss is tolerated, the old JPEG is
rarely preferred because its standard supports up to 12
bits of pixel depth, and the blocking artifacts are not

suitable for further image enhancement algorithms such
as histogram equalization or sharpening. In that case,
wavelet coders, and specifically, JPEG2000, are preferred
due to their better quality at similar compression ratios
and their ability to incorporate region-of-interest encoding
(43). JPEG2000 was added to the list of available encoders
of DICOM in 2002. As it is already a multitag and flexible
encoder, it also has the lossless and lossy mode with
several types of wavelets. The lossless mode of
JPEG2000 is also capable of achieving a compression ratio
around 8:1; however, it has a lower speed than the JPEG-
LS, which incorporates the LOCO method.

Many CT and MRI images are captured as sequences of
slices within the human body. Therefore, it is beneficial to
take the whole sequence and compress using motion-
compensated and other three-dimensional video compres-
sion methods such as MPEG and motion-JPEG2000.
However, such encoders and such styles were not included
in the coder list of the DICOM standard for image
compression. On the other hand, waveform types other
than images, such as audio and text data, are also
considered, and dedicated coders are incorporated to
DICOM.

It is noteworthy to mention that DICOM also defines
the networking and communication method for the bio-
medical data. Therefore, the new trends of developing
coders with resilience to storage or retrieval bit errors
had observed a great interest in the context of DICOM.
Furthermore, researchers are also working on retrieval
speed improvements by incorporating image tags and
other information into the encoded images.

Despite these efforts in developing image coders dedi-
cated to biomedical images, DICOM and its users have not
in general approved any compression scheme for any
particular application. Therefore, the research on devel-
oping better image coding schemes and proposing them to
the DICOM community is an ongoing process. Many hot
improvements, meetings, and proposals can be followed
from online sources (40–42).

9. CONCLUSIONS AND FUTURE TRENDS

By looking at so many image coding methods that are (and
are not) described here, a few points can be concluded. The
first conclusion is image coding, or coding in general, is
more of an art, than a science, and choice of methods is
usually application dependent. Exploiting the inherent
redundancy in an image can be done in many ways.
Therefore, no perfect coding method fits all types of
requirements. A coding method is preferable to others
depending on the application. For example, the baseline
JPEG is a fair compression method for many natural
images. However, it exhibits blocking artifacts at high
compression ratios. Furthermore, the method is not very
efficient for images that contain graphics such as draw-
ings. At the expense of increased computational complex-
ity, wavelet-based coders perform better than baseline
JPEG at all compression ratios. Due to the increasing
computing power of modern computers, these coders will
replace the JPEG coders in many user end applications.
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As an example, progressive bit plane coders for wavelet
coefficients are adopted (44) for the JPEG2000 standard
(28,29).

Obviously, more computationally complex methods
may be preferable for critical applications where high
compressions are required. On the other hand, computa-
tional complexity will continue to limit the algorithm for
real-time and mobile applications. The issue of image
coding was, is, and will be an open subject for researchers
that may find image redundancies that were not realized
before. Furthermore, specific image databases are becom-
ing popular, so specific coders for these databases will
continue to be an issue of research.

As communication of the image cannot be considered
separately from image coding, the robustness of the coder
against transmission or storage errors is also becoming
important. Many new methods incorporate error correc-
tion inside coding, which is called error resilient coding
(45). Because of the increasing demand on image content
inside networks (such as internet), some compression
methods even incorporated network optimalities for fast
communication. The integration of image compression
with the issues of robustness and network efficiency will
also be a future trend for researchers working on this
topic.

BIBLIOGRAPHY

1. C. E. Shannon, Coding theorems for a discrete source with a
fidelity criterion. IRE International Convention Records 1959;
7:142–163.

2. N. S. Jayant and P. Noll, Digital Coding of Waveforms.

Englewood Cliffs, NJ: Prentice-Hall; USA, 1984.

3. B. Zhu, A. H. Tewfik, and Ö. N. Gerek, Image coding with
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36. Ö. N. Gerek and A. E. Çetin, Adaptive polyphase subband
decomposition structures for image compression. IEEE Trans.

Image Processing 2000; 9.

37. I. H. Witten, A. Moffat, and T. C. Bell, Managing Gigabytes:
Compressing and Indexing Documents and Images. New
York. Van Nostrand Reinhold, 1994.
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INDEPENDENT COMPONENT ANALYSIS
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1. INTRODUCTION

The term Independent Component Analysis (ICA) broadly
refers to the set of statistical principles as well as to the
estimation algorithms derived from them, whose aim is to
extract statistically independent components in the data,
generally through some filtering procedure that can be
linear or non-linear, act on a batch of data at the time or
process the data samples as they become available (adap-
tive).

The field of Independent Component Analysis can be
seen as stemming from the groundwork of several re-
searchers, who in the last decade of the 20th century
investigated fundamental statistical problems, such as the
relationship between gaussianity1 and statistical depen-
dence, redundancy reduction principles, and information
preserving networks. Among them are H.B. Barlow (1), P.
Comon (2), J. Hérault and C. Jutten (3), D. Donoho (4), C.
Jones and Sibson (5), and R. Linsker (6).

The basic idea behind ICA is to identify a decomposi-
tion (or transformation) of the available measurement
data yielding a description of the data itself in terms of a
set of components whose statistical dependence is mini-
mized. When certain modeling assumptions hold, ICA can
be shown to be a special case of a broader class of
estimation techniques commonly known as Blind Signal
Separation (BSS) algorithms. BSS deals explicitly with
the problem of reconstructing a set of unknown signals
(also known as ‘‘sources’’), when these have been arbitra-
rily mixed through an unknown mixing procedure, which
can be linear or non-linear, instantaneous or convolutive.

We will demonstrate in the next section that ICA is a valid
BSS technique when two generative assumptions hold
strictly: (1) The source signals must be statistically in-
dependent. (2) The mixing must occur in a linear instan-
taneous fashion.

The typical and historically most cited example of ICA
application is the so-called ‘‘Cocktail Party’’ problem. In
this hypothetical scenario, N guests to a cocktail party
speak simultaneously and the resulting mixed speech
signals are recorded by a set of M sensors (Fig. 1 depicts
the problem setup). Each microphone will receive a linear
combination of the signals propagating from each source
with an intensity inversely proportional to the distance
from each speaker. In a first, simple approximation, it is
assumed that no time delay between the recorded signals
exist (instantaneous mixing); however it can be shown
that such approximation can be easily relaxed. The goal is
to reconstruct the speech signal uttered from each guest,
by assuming that such signals are statistically indepen-
dent. Several examples of successful application of ICA to
the cocktail party problem have been reported in the
literature (7–9). Figure 2 shows an example where a set
of 6 signals is mixed linearly and instantaneously. The
resulting mixtures (obtained after linear mixing with
moderate additive noise) and the reconstructed signals
are shown in Figs. 3 and 4, respectively. Notice, that even
though the original sources are accurately reconstructed,
some of them have different amplitude or have switched
phase. The inherent indeterminacies affecting all ICA
based blinds signal separation frameworks are discussed
in the next section, where we introduce the reader to the
theoretical foundations of independent component analy-
sis are. A detailed review of ICA’s statistical principles is
presented, as well as the basic concepts behind various
successful ICA implementations.

Several biomedical applications involve the analysis of
a set of measurements signals that represent a super-
position of certain quantities of interest which are not

x1

x2

x3

x4

x5x6

s1

s2
s3

s4

Figure 1. Schematic representation of the
‘‘cocktail party’’ problem. The signals propagat-
ing from several ‘‘sources’’ {s1,y, sN} are re-
corded as mixture signals {x1,y, xM} from a set
of sensors.
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directly measurable. For example, DNA microarray tech-
nology (10) allows the simultaneous monitoring of the
expression levels of several thousand genes in an organ-
ism, by measuring the relative concentration of the corre-
sponding messenger RNA molecules. Typically, such
concentration levels are the result of the interaction of
highly complex regulatory and signaling processes that
operate at different stages and in different parts of the cell.
Even when such regulatory mechanisms are approxi-
mated as linear systems, the simultaneous estimation of
the system parameters and of its driving input signals is a
challenging problem.

An analogous problem arises in many other biomedical
applications: the typical setup involves a set of mixtures of
biological signals which are available for measurement,
and no quantitative a-priori information on the mixing
coefficients, though the mixing process can usually be
approximated as a piece-wise linear system. Electroence-
phalographic (EEG) data (11,12), for instance, provides an
indirect measure of the brain’s electrical activity recorded
as a change in potential difference between a set of
locations on the scalp. Such signals can be seen as the
superposition of multiple electrical activities originating
from different areas of the brain. The simultaneous re-
construction of the location and strength of the sources of
such activity, also known as the EEG inverse problem,
poses a substantial challenge. The analysis of the data
generated from many other biomedical and diagnostic
tools, such as functional MRI data (13,14), electrocardio-
graphic (ECG) data (15), or magnetic encephalographic
(MEG) data (16), falls within the same framework. Later,
we will review a number of ICA based analysis techniques

that have been successfully applied to biomedical signals,
in an attempt to overcome the limitations of more tradi-
tional statistical signals processing methods. In particu-
lar, we will describe how ICA algorithms have been
modified to optimally suit each of these applications, as
well as how the statistical assumptions behind the ICA
framework may affect its applicability to such problems.

2. THEORETICAL FOUNDATIONS

In this section, we will focus our attention on the theore-
tical principles behind Independent Component Analysis.
Once we have introduced the estimation model and eluci-
dated its identifiability properties, we will examine in
detail a number of statistical principles that constitute
the backbone of the most important ICA implementations.

2.1. The ICA Model

The classic linear ICA framework involves a set of N
stationary and statistically independent signals s¼
[s1,y, sN]

T, which are mixed by an unknown, full-rank
mixing matrix A (size N � N). This represents a special
case where the number of mixtures M is equal to the
number of sources N (in general, the number of sources
might not be known a priori (8)):

x¼As; ð1Þ

with

pðsÞ¼p1ðs1Þ � � �pNðsNÞ; ð2Þ

where p(si) is the probability density function of si. The
signals si are conventionally referred to as the ‘‘sources’’, A
as the ‘‘mixing matrix’’, and the xi as the ‘‘mixtures’’. The
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Figure 2. The figure shows a set of six
randomly generated and statistically inde-
pendent signals.

1The term gaussianity generally refers to any measure describing
the degree of similarity between the distribution of a random
variable (or an ensemble of its samples) and the normal distribu-
tion.
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reconstruction of the original sources is attempted
through a linear projection of the type:

y¼Wx; ð3Þ

where W (size N � N) is usually referred to as the
separating or ‘‘un-mixing’’ matrix. The fundamental pro-
blem in blind signal separation is to determine when
(Equation 1) is identifiable and under what conditions,
considering that both the random vector s and the mixing
matrix A are unknown. The following theorem due to
Darmois (17) and Skitovich (18), is behind the main
identifiability result in ICA:

Theorem 1. (Darmois-Skitovich Theorem). Given a N-di-
mensional random vector s¼ [s1,y, sN]

T, with mutually
statistically independent components, consider any two
arbitrary linear combinations of such components:

y1¼a1s1þ � � � þaNsN ; ð4Þ

y2¼ b1s1þ � � � þ bNsN : ð5Þ

If y1 and y2 are statistically independent, then it must hold
that for every index i such that aia0 and bia0, si has a
gaussian distribution.
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Figure 3. Mixtures resulting from linear
mixing of the source signals.
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The theorem simply states that statistical indepen-
dence is always lost through linear mixing, unless the
mixed components are gaussian. By applying this result,
Comon (2) proved the following theorem, which provides
the foundation of ICA as a signal separation framework:

Theorem 2. (Comon Identifiability Theorem). Let s be a N-
dimensional vector with independent components, of
which at most one is gaussian. Let C be an orthogonal N
�N matrix and y the vector y¼Cs. Then, the following
three properties are equivalent:

(i) The components yi are pairwise independent.
(ii) The components yi are mutually independent.
(iii) C¼LP, where L is a diagonal matrix (with non-

zero entries in the diagonal) and P is a permutation
matrix.

It follows from Theorem 2 that in order to estimate the
unknown signals {s1,y, sN}, it suffices to seek a linear
projection operator W that minimizes the pairwise depen-
dency between the reconstructed components. Such result
demonstrates that ICA is a valid blind signal separation
framework when the linear model assumption holds.

A fundamental indeterminacy affects the identifiability
properties of the problem: the unknown sources can be
reconstructed only up to scaling constants and a permuta-
tion of the signals. This fact can be immediately recog-
nized as a consequence of Theorem 1: clearly, since the
estimation criterion simply pursues a set of independent
signals, any arbitrary permutation of such signals or
multiplication by constant factors will equally satisfy the
criterion. However, such indeterminacy is not overly re-
strictive: the sources are, indeed, uniquely related to the
mixture signals through the unmixing matrix.

Comon’s identifiability principle (Theorem 2) reveals
one of the limitations of ICA for blind signal separation,
i.e. the requirements that at the most one of the original
sources is gaussian. Cruces et al. (19) and Boscolo et al.
(20) recently extended this result showing that when
linear mixtures including an arbitrary number of gaus-
sian and non-gaussian sources are considered, all the non-
gaussian signals can be reconstructed, up to scaling and a
permutation, using one of the conventional ICA contrast
functions.

Theorem 2 shows under what conditions the estimation
problem defined by (Equation 1) is identifiable. An addi-
tional result (2,21) proves that once the indeterminacy due
to scaling and permutations is taken into account, the
linear projection operator resulting in the source separa-
tion is unique.

3. ICA - STATISTICAL PRINCIPLES AND ALGORITHMS

Now that the existence of the solution to the problem
defined above has been established, a method needs to be
devised in order to estimate a set of statistically indepen-
dent signals from the mixture data.

3.1. Entropy Maximization Principle

The first framework we are going to consider is the
entropy maximization approach derived by Bell and Sej-
nowski (22), which is popularly known in the ICA com-
munity as InfoMax2. In order to characterize this
approach, let us introduce a few definitions. Given a scalar
random variable x, its entropy gives a measure of its
uncertainty, and is defined as (23)

HðxÞ9� E½logpx�; ð6Þ

where px can be a continuous or discrete probability
density function (pdf)3. For continuous random variables,
the quantity in (Equation 6) is usually referred to as the
differential entropy, and it is defined as

HðxÞ¼ �

Z 1

�1

pxðaÞ logpxðaÞda: ð7Þ

The relative entropy is a measure of distance between two
distributions (23) and, given two probability density func-
tions px(u) and qx(u), it is defined as

Dðp k qÞ9Ep log
pðuÞ

qðuÞ

� �

; ð8Þ

where Ep represents the expectation taken with respect to
the density p. The quantity in (Equation 8) is also known
as the Kullback-Leibler (KL) divergence between p(u) and
q(u). It can be shown that the relative entropy is always
non-negative and is equal to zero if and only if p¼ q almost
everywhere.

The mutual information of two random variables x and
y is defined as the relative entropy between their joint
probability density function and the product of their
marginal density functions, namely:

Iðx; yÞ9Dðpxy k pxpyÞ¼Exy log
pxyðu; vÞ

pxðuÞpyðvÞ
: ð9Þ

The definition of mutual information can be extended to
the case of N random variables in several ways (24). For
the purpose of this discussion we will use the following
straightforward extension of (Equation 9):

Iðx1; . . . ; xNÞ9D px

Y

N

i¼ 1

pxi

�

�

�

�

�

 !

¼

Z 1

�1

. . .

Z 1

�1

pxðuÞ log
pxðuÞ

QN
i¼ 1 pxi ðuiÞ

du1 . . .duN :

ð10Þ

Wewill also write this quantity as I(x). Once again I(x)¼ 0

2InfoMax has its origins in the ‘‘information preservation’’ prin-
ciple described by Linsker in (6), which results in a network that
maximizes the mutual information between its output and the
signal portion of the input
3‘‘E’’ represents the expectation sign, E½f ðxÞ�9

R

f ðaÞpxðaÞda.
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if and only if x1,y,xN are independent random variables.
From the above definitions, it can be shown that the
following identity holds:

Iðy;xÞ¼HðyÞ �HðyjxÞ: ð11Þ

In the ICA framework, x is the input mixture data, y is the
output of the estimation procedure (not necessarily lin-
ear), and I(y,x) is their mutual information. We will soon
show that the Infomax principle is based on the idea of
maximizing the information transfer from the input to the
output. When x and y are continuous random variables,
the entropies H(y) and H(y|x) are in general unbounded,
thus the maximum of I(y,x) is not well-defined. When
additive noise is considered in the model we have that

y¼Wxþn: ð12Þ

Thus, given the noise covariance matrix Cnn, it holds (25):

HðyjxÞ¼HðnÞ �
1

2
log ð2peCnnÞ ð13Þ

satisfied with equality if the noise n is a gaussian process.
In this case it is evident that

@Iðy;xÞ

@wij
¼

@HðyÞ

@wij
; ð14Þ

where wij is the (i, j) element of the matrix W, since H(n)
does not depend on the network parameters. Nadal and
Parga (25) showed that even in the low-noise limit case the
problem of maximizing the mutual information, or equiva-
lently the entropy H(y), has no solution for the class of
unbounded transfer functions (recall that H(y)¼H(x)þ
log|det(W)|). In Ref. 25, a set of possible choices for the
constraints that can be added to the optimization frame-
work is examined. More importantly, it is shown that, in
the case of non-linear transfer functions, for a suitable
choice of the non-linearity, the maximization of the mutual
information between inputs and outputs implies a factor-
ial form for the output distribution (1). We will give a
justification of why this property holds without giving a
formal proof.

This result is used by Bell and Sejnowski to justify the
InfoMax algorithm for ICA (22). In particular, they pro-
pose the introduction of a fixed non-linearity, which has
the function of clipping the signal outputs:

z¼ fðyÞ¼ fðWxÞ: ð15Þ

Typical choices for fi(u) are tanh(u) or the logistic func-
tion4. In general, such non-linear functions map the real
line to the interval (0, 1) and are monotonously increasing.
Thus, if the fi are differentiable they can be considered as
the cumulative distribution functions of some probability
density functions (26). The importance of such property
will be clarified below. In order to justify certain common
choices for the non-linearity, one has to derive a different

expression for H(z). Using basic information theory equal-
ities, we can write:

Hðz1; . . . ; zNÞ¼Hðz1Þþ � � � þHðzNÞ � Iðz1; . . . zNÞ: ð16Þ

The output entropy is, thus, maximized when, simulta-
neously, the marginal output entropies are maximized and
the mutual information between the output variables is
minimized. Because of the squashing non-linearity, the
values of the output variables are lower and upper
bounded. It can be shown that the distribution that
maximizes the entropy for amplitude-bounded random
variables is the uniform distribution (23). Therefore, the
H(zi) are individually maximized when5

pzi ðuiÞ¼
pyi ðuiÞ

dfiðuiÞ

dui

�

�

�

�

�

�

¼ 1; ð17Þ

which implies

pyi ðuiÞ¼
dfiðuiÞ

dui

�

�

�

�

�

�

�

�

: ð18Þ

Equation 18 expresses a fundamental result in indepen-
dent component analysis: the maximization of the output
entropy requires the derivative of each non-linearity to be
equal to the pdf of the corresponding output signal. When
such hypothesis is satisfied, the maximization of
H(z) implies the minimization of I(z), which results,
implicitly, in the minimization of I(y), since the fixed non-
linearities cannot introduce dependence between the out-
put variables (although the expression of I(z) is, in gen-
eral, different from the expression of I(y) when not in the
proximity of the global optimum).

Figure 5 shows a diagram of the InfoMax procedure. In
the original formulation of the algorithm by Bell and
Sejnowski (22), the output entropy is maximized by using
an approximate gradient technique.

We will now derive another expression for H(z) that
will be used to clarify the relationship between InfoMax
and other estimation frameworks for ICA. Simply notice
that for one-to-one mappings between random variables, it
holds:

pzðuÞ¼
pxðvÞ

det JðvÞ
�

�

�

�

; v¼ f�1ðuÞ; ð19Þ

where J¼ @zi/@xj is the Jacobian of the transformation
and in the case of (Equation 15) it is equal to

J¼

f 01ðu1Þ 0

. .
.

0 f 0NðuNÞ

2

6

6

6

4

3

7

7

7

5

W: ð20Þ

Therefore, since the first term on the right-hand side of

4f(u)¼1/(1þ e�u).

5Assuming that each squashing function maps the real line to the
interval (0, 1).
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(Equation 20) is a diagonal matrix:

detJ¼ ðdet WÞ �
Y

N

i¼ 1

f 0i ðuiÞ: ð21Þ

We can thus re-write H(z) as:

HðzÞ¼ �

Z

pzðuÞ logpzðuÞdu ð22Þ

¼ �

Z

pxðuÞ log
pxðuÞ

det Jj j

� �

du ð23Þ

¼ �

Z

pxðuÞ log
pxðuÞ

det W �
QN

i¼1 f
0
i ðaÞ

�

�

�

�

�

�

0

B

@

1

C

A

du ð24Þ

¼HðxÞþ

Z

pxðuÞ log det W �
Y

N

i¼ 1

f 0i ðuiÞ

�

�

�

�

�

�

�

�

�

�

du: ð25Þ

The integral in (Equation 25) is well defined if and only if

Z 1

�1

f 0i ðuiÞduio1; i¼ 1; . . . ;N: ð26Þ

Both tanh(u) and the logistic function satisfy this property
since their derivatives integrate to 1. In particular when
all the fi(ui) are monotonically increasing, (Equation 25)
can be rewritten as

HðzÞ¼HðxÞþ

Z

pxðuÞ log det Wj j �
Y

N

i¼ 1

f 0i ðuiÞ

 !

du: ð27Þ

Therefore, since H(x) does not depend on the network
parameters, maximizing H(z) is equivalent to maximizing
the second term in Equation 27.

3.2. Mutual Information Minimization

A second approach to ICA is derived from Barlow’s re-
dundancy reduction principle, which was suggested by the
author as a plausible coding strategy in neurons (1). The
purpose of Barlow’s approach is the design of a factorial
code, where every output unit is statistically independent
from every other unit. This approach is equivalent to a
straightforward application of the mutual information as
contrast function on the output signals, as suggested in
Ref. 2.

Let us recall the definition of mutual information
between a set of N random variables from Equation 11:

IðyÞ¼D pyðuÞ
Y

N

i¼ 1

pyi ðuiÞ

�

�

�

�

�

 !

¼

Z

pyðuÞ log
pyðuÞ

QN
i¼ 1 pyi ðuiÞ

 !

du:

ð28Þ

This quantity is always positive and it is equal to zero if
and only if the joint pdf is equal to the product of the
marginal pdfs, which is the definition of statistical inde-
pendence. Following Theorem 2, the source separation can
be obtained by seeking a linear projection of the type:

y¼Wx; ð29Þ

……

z1 z2 zN-1 zN

g(yi)

…

x1 x2 xN-1 xN

wij

yi
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g(
y i

)
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dg
(y

i)/
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i

Figure 5. Network diagram of the InfoMax procedure. The
transfer function of the output ‘‘squashing’’ function g(yi) is shown
along with its derivative.
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such that

pyðuÞ¼py1 ðu1Þ � � �pyN ðuNÞ: ð30Þ

The expression that relates the pdfs of y and x is simply
given by

pyðuÞ¼
pxðW

�1uÞ

det Wj j
: ð31Þ

Consequently, Equation 28 can be written as (after an
implicit change of variable in the integral)

D py

Y

N

i¼ 1

pyi

�

�

�

�

�

 !

¼

Z

pxðuÞ log
pxðuÞ

det Wj j �
QN

i¼ 1 pyi ðuiÞ

 !

du

¼ �HðxÞ �

Z

pxðuÞ log det Wj j �
Y

N

i¼ 1

pyi ðuiÞ

 !

du:

ð32Þ

Clearly, the two objective functions, Equations 27 and 32,
are equivalent if

Y

N

i¼ 1

f 0i ðuiÞ¼
Y

N

i¼ 1

pyi ðuiÞ ð33Þ

and, in particular, when

fiðuÞ¼

Z u

�1

pyi ðvÞdv i¼ 1; . . . ;N: ð34Þ

Obradovic and Deco (27) derived similar conclusions on
the equivalence between these two ICA principles. The
importance of accurately estimating the marginal prob-
ability density functions pyi ðuiÞ was recognized in Ref. 25.
Bell and Sejnowski also observed in their paper that
different types of non-linearity were required in order to
separate sources with different probability density func-
tions (22).

3.3. Maximum Likelihood Estimation

In the previous sections, we clarified the relationship
between the contrast functions and the distribution of
the sources whose separation is attempted. We established
that the equivalence between InfoMax and the mutual
information minimization principle holds when the deri-
vatives of the squashing non-linearities match the pdfs of
the independent sources. The relationship between the
maximum likelihood (ML) principle and the contrast
functions examined so far will be the subject of this
section.

Let us first recall how the ML principle can be applied
to the estimation framework associated with the blind
source separation problem. We will closely follow here the
derivation formulated by Cardoso in (26). Let us denote a
set of independent realizations of the mixtures x of finite
size M, as x1,y, xM. If we assume the following para-

metric model for the density of x:

P¼fpyðxÞjy 2 Yg; ð35Þ

then the normalized log-likelihood of a model, given the
observations is equal to

LMðyÞ9
1

M
log

Y

M

m¼ 1

pyðxmÞ¼
1

M

X

M

m¼ 1

log pyðxmÞ: ð36Þ

Since (Equation 36) can be seen as the sample average of
log py(x), by the law of large numbers, it converges in
probability to its statistical expectation, when the sample
size becomes infinite:

LMðyÞ �!
P

LðyÞ9E½LMðyÞ� ¼
Z 1

�1

pðxÞ log pyðxÞdx: ð37Þ

The expression above can be expanded as follows (26):

LðyÞ¼ �DðpðxÞ k pyðxÞÞ �HðxÞ: ð38Þ

Considering that the relative entropy is invariant under
an invertible transformation of the sample space (23),
(Equation 38) can be written as

LðyÞ¼ �DðpðyÞ k pð~sÞÞ þ const:; ð39Þ

where y¼WAs are the reconstructed mixtures, assuming
the correct model for the density functions of the sources,
and ~s¼Wxy are the estimated sources, assumed mutually
independent. The following decomposition of the KL dis-
tance holds for any vector ~y with independent components
(28):

DðpðyÞ k pð~sÞÞ¼DðpðyÞ k pð ~yÞÞ þDðpð ~yÞ k pð~sÞÞ; ð40Þ

where pð ~yÞ9
QN

i¼ 1 pðyiÞ is the density function obtained by
taking the product of the marginal densities of p(y).
Therefore L(y) can be expressed as

LðyÞ¼ � IðyÞ �
X

N

i¼1

Dðpð ~yiÞ k pð ~siÞÞ þ const: ð41Þ

Hence, the maximum likelihood principle and the mutual
information minimization principle are equivalent when
the model assumed for the marginal density function of
the source vector is exact, so that the second term on the
right-hand side of Equation 41 is identically zero.

3.4. Negentropy Index

A final perspective on the blind source separation problem
is related to the concept of gaussianity (29,30). We will
show here that, when the mixture data is pre-processed
through a whitening procedure (23), the mutual informa-
tion minimization principle is equivalent to the entropy
index for Projection Pursuit (31), which measures devia-
tion from gaussianity. This apparently surprising result
has a straightforward interpretation: the mixture signals
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{x1,y, xN} tend to have a larger overall entropy than the
original statistically independent signals, or from a sta-
tistical perspective tend to be ‘more gaussian’ than the
original signals, where gaussianity is measured in terms
of differential entropy.

This concept can be formalized by considering the well
known entropy power inequality (23). The entropy power
of a scalar random variable s is defined as

NðsÞ9
1

2pe
e2HðsÞ: ð42Þ

Given two independent random variables s1 and s2, the
entropy power inequality states that

Nðs1þ s2Þ � Nðs1ÞþNðs2Þ; ð43Þ

with equality holding if and only if s1 and s2 are both
normal. The inequality (Equation 43) can be used to prove
the convexity of the entropy under a covariance preser-
ving transformation, i.e. given 0rlr1, it holds that (32)

H ls1þ
ffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1� l2
p

s2

� 	

� l2Hðs1Þþ ð1� l2ÞHðs2Þ; ð44Þ

and analogously

H �
ffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1� l2
p

s1þ ls2
� 	

� ð1� l2ÞHðs1Þþ l2Hðs2Þ; ð45Þ

(note that H(as)¼H(s)þ log |a|, a being a scalar para-
meter). Simply by adding Equations 44 and 45, we obtain

Hðy1ÞþHðy2Þ � Hðs1ÞþHðs2Þ; ð46Þ

which, indeed, formalizes the idea that the marginal
entropies increase on average when linearly mixing in-
dependent random variables. A natural question is, then,
whether a contrast function minimizing the sum of the
marginal entropies of the reconstructed signals can be
used to seek independent components. The answer is
found by considering the following expansion of the mu-
tual information:

Iðy1; . . . ; yNÞ¼
X

N

i¼ 1

HðyiÞ �Hðy1; . . . ; yNÞ

¼
X

N

i¼ 1

HðyiÞ �Hðx1; . . . ; xNÞ � log detðWÞ
�

�

�

�;

ð47Þ

where y¼Wx, and recalling that, whenW is non-singular,
it holds that H(y)¼H(x)þ log | det(W) |. It can be shown
that when the mixture vector x is sphered (i.e. E[xxT]¼ I),
thenWmust be orthogonal. In fact, for whitened measure-
ment data we have

E½yyT � ¼E½WxxTW� ¼WWT : ð48Þ

Since the reconstructed components must be statistically

independent and since their magnitude is arbitrary, we
can therefore assume

E½yyT � ¼WWT ¼ I; ð49Þ

where I is the N � N identity matrix, thus proving that
the unmixing matrix can be restricted to the manifold of
orthogonal matrices. In such case, log |det(W)|�0, and
the following two problems are equivalent:

min
W

Iðy1; . . . ; yNÞ ,min
W

X

N

i¼ 1

HðyiÞ;

s:t: WWT ¼ I

ð50Þ

since H(x) does not depend on W. Therefore, the source
separation can indeed be obtained by minimizing the sum
of the marginal entropies of the reconstructed signals, or
equivalently by maximizing the deviation of the marginal
densities of y from normality.

3.5. Cumulant Based Approximations

All the contrast functions for ICA described in the pre-
vious sections share the problem that some estimate of the
unknown probability density function of the source sig-
nals is required in the estimation framework. A large
number of studies (30–35) have focused on assessing the
robustness of such estimation frameworks against incor-
rect assumptions on the source statistics.

A simple but effective solution to this problem consists
of approximating the selected contrast function using
high-order moments of the reconstructed signals. In gen-
eral, even without explicitly referring to one of the separa-
tion principles mentioned above, it is possible to seek a
linear projection with independent components simply by
observing that the cross-cumulants (36) of the recon-
structed signals should be zero when such signals are
statistically independent.

In Ref. 2, Comon derives an approximation of the
mutual information based on the Edgeworth (37) expan-
sion of the unknown density functions. In his article, the
issue of selecting a suitable subset of all possible cross-
cumulants (38) of the reconstructed signals is addressed
for the first time. Notice that, for example, the straightfor-
ward minimization of just third and fourth order cross-
cumulants would require the computation of the optimal
solution of a fairly large high-dimensional problem. Co-
mon shows that a functional based on r-order (rZ3)
cumulants only is a valid ICA contrast function provided
that the reconstructed variables have at the most one null
marginal cumulant of order r.

An effective solution to the problem of selecting a
suitable set of high-order cross-cumulants is the one
proposed by Cardoso for example in Ref. 36, which repre-
sents the basis for JADE, a well-known ICA implementa-
tion. The author derives approximations of the most
important ICA contrast functions (e.g. maximum like-
lihood and minimum mutual information) based uniquely
on second and fourth order cumulants. Because of the
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linear modeling assumption, Cardoso shows that by se-
lecting a suitable set of high-order cumulants, the optimi-
zation of the resulting contrast function can be posed as a
joint matrix diagonalization problem (namelyN2 matrices,
each of size N � N for the separation of N signals). A
Jacobi optimization (39) algorithm is proposed in order to
estimate the optimal orthogonal unmixing matrix when
operating on sphered data. Analogously to the cost func-
tion proposed in Ref. 2, this method requires, as a neces-
sary, condition that at the most one source signal has a
zero fourth order cumulant.

A moment based method approximating the negen-
tropy maximization principle is proposed by Girolami
and Fyfe (40). The authors show that the negentropy
projection pursuit index accurately approximates the
score function proposed by Bell and Sejnowski in (22),
for the class of super-gaussian (positive kurtosis) distribu-
tions. Moreover, a generalization of the method to both
sub-gaussian and super-gaussian signals is provided that
employs an adaptive non-linearity, which is formed by
estimating on-line the kurtosis of the latent variables. The
idea of adapting the sign of the non-linearity during the
estimation procedure is also the basis of the Extended
InfoMax algorithm (9), which extends Bell’s algorithm to a
broader class of super- and sub-gaussian signals.

A thorough review of all moment based approaches for
ICA is beyond the scope of this monograph and we invite
the reader to refer to the vast literature on the subject (41)
for further details. Regardless of the specific choice for the
contrast function, all moment based algorithms present
several advantages and disadvantages when compared to
approaches based on the estimation of the underlying
density functions of the unknown sources. A major advan-
tage of cumulant based techniques is that their computa-
tional complexity is rather unaffected by the sample size,
since they generally rely on pre-computed statistics of the
sample data, thus holding an edge in terms of computa-
tional payload when compared to other methods, when
applied to large data samples. However, the computa-
tional payload can be significantly higher than for meth-
ods based on source density estimation when the number
of signals to be estimated increases; for instance, consider
that methods based on fourth order cumulants have a
complexity typically increasing as N4. Speculations on the
increased sensitivity of moment based approaches to the
presence of outliers have been raised in the literature
(9,42,43), but they are largely unsubstantiated.

3.6. A Non-Parametric ICA Algorithm

In this section we will cover the derivation and implemen-
tation of one particular signal separation framework, the
Non-Parametric ICA algorithm which was introduced by
Boscolo et al. in (44). Although several other non-para-
metric ICA implementations have been derived (42), this
example is of particular interest since its simple deriva-
tion covers the fundamental aspects of all ICA frame-
works: the selection of a well-defined cost function, the
definition of a model for the unknown probability density
functions of the sources, and finally the derivation of a
suitable optimization method.

3.6.1. ICA Model and Separation Principle. The genera-
tive model defined in Equation 1 is assumed, where N
independent and stationary source signals {s1,y, sN} are
mixed by an unknown, full-rank mixing matrix A (size N
� N), resulting in a set of mixtures given by x¼As. The
reconstruction of the original sources is attempted
through a linear projection y¼Wx, with the assumption
that at the most one of the sources has a gaussian density.
The principle that will lead to the definition of the
objective function is the minimization of the mutual
information between the reconstructed signals, i.e.:

Wopt¼ arg min
W

Iðy1; . . . ; yNÞ: ð51Þ

This principle is characterized by having the minimum
asymptotic variance, as shown by Donoho in (4), and, as
we showed earlier, it is equivalent to the maximum like-
lihood (ML) principle when the source distributions are
known (26,33). Using basic information theory equalities
(23), Equation 51 can be written as

min
W

X

N

i¼ 1

HðyiÞ � log det Wj j �HðxÞ: ð52Þ

Since the term H(x) is a constant with respect to W, the
objective function is reduced to

LðWÞ¼
X

N

i¼ 1

HðyiÞ � log det Wj j ð53Þ

¼ �
X

N

i¼ 1

E½log pyi ðwixÞ� � log det Wj j; ð54Þ

where wi is the ith row of the matrix W.

3.6.2. Non-Parametric Kernel Density Estimation. In or-
der to evaluate the marginal entropies H(yi) in Equation
53, a model for the distribution of the unknown signals is
necessary. In a quite effective way, Cardoso shows in (33)
that incorrect assumptions on such distributions can
result in poor estimation performance, sometimes in a
complete failure to obtain the source separation.

To tackle this issue, a non-parametric model is defined,
where the probability density functions pyi are directly
estimated from the data using a kernel density estimation
technique (31,45). Such approach allows a direct evalua-
tion of the cost function and its derivatives, thus lifting the
requirement of separating the optimization step from the
step involving the re-estimation of the score functions, as
in Refs. 46 and 47. Given a batch of sample data of size M,
the marginal distribution of an each reconstructed signal
is approximated as follows:

pyi ðyiÞ¼
1

Mh

X

M

m¼ 1

f
yi � Yim

h

� �

; i¼ 1; . . . ;N; ð55Þ

where h is the kernel bandwidth and f is the standard
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(zero-mean and unit-variance) gaussian kernel:

fðuÞ9
1
ffiffiffiffiffiffi

2p
p e�

u2

2 : ð56Þ

The kernel centroids Ymi are equal to

Yim¼wix
ðmÞ ¼

X

N

n¼ 1

winxnm: ð57Þ

where x(m) is the mth column of the mixture matrix. The
estimator (Equation 55) is asymptotically unbiased and
efficient, and it is shown to converge to the true pdf under
several measures (45). Moreover, it is a continuous and
differentiable function of the elements of the unmixing
matrix W, its gradient being equal to

rpðyiÞ¼
1

Mh2

X

M

m¼ 1

xðmÞðyi �wix
ðmÞÞf

yi �wix
ðmÞ

h

� �

;

i¼1; . . . ;N:

ð58Þ

Using the kernel expansion of the source distributions, we
can derive a closed form expression for the pdf estimate of
the one-dimensional reconstructed signals, evaluated at
the data points as

pyi ðwix
ðkÞÞ ¼

1

Mh

X

M

m¼1

f
wiðx

ðkÞ � xðmÞÞ

h

� �

; i¼ 1; . . . ;N:

ð59Þ

3.6.3. Objective Function Derivation. The expectation
in Equation 54 can be approximated by its ergodic aver-
age, as follows:

LðWÞ � �
1

M

X

N

i¼ 1

X

M

k¼ 1

log pyi ðwix
ðkÞÞ � log det Wj j; ð60Þ

whereM is the sample size, thus resulting in the following
cost function definition:

LðWÞ¼ � L0ðWÞ � log det Wj j; ð61Þ

where L0(W) is obtained by replacing the marginal pdfs pyi

with their kernel density estimates:

L0ðWÞ¼
X

N

i¼ 1

E log
1

Mh

X

M

m¼ 1

f
yi � Yim

h

� �

" #

�
1

M

X

N

i¼ 1

X

M

k¼ 1

log
1

Mh

X

M

m¼ 1

f
wiðx

ðkÞ � xðmÞÞ

h

� �

" #

:

ð62Þ

The overall optimization problem can thus be posed as:

min
W
�

1

M

X

N

i¼ 1

X

M

k¼ 1

log
1

Mh

X

M

m¼ 1

f
wiðx

ðkÞ � xðmÞÞ

h

� �

" #

� log det Wj j

ð63Þ

s:t: wik k¼ 1; i¼ 1; . . . ;N: ð64Þ

Given the sample data x(k), k¼ 1,y,M, the objective
(Equation 63) is a non-linear function of the elements of
the matrixW. The additional constraints (Equation 64) are
introduced in order to restrict the space of possible solu-
tions of the problem to be a finite set. Clearly, if a matrix
W0 is optimal according to Equation 51, so is any other
matrix obtained from W0 by re-scaling or permuting its
rows. The constraints (Equation 64) remove the degree of
freedom given by the magnitude of the sources, thus
limiting the solution space to all possible permutations
of the reconstructed signals (a finite set).

Although it is not strictly required by the algorithm, we
can assume that the mixture data has been centered and
sphered prior to attempting the reconstruction (31), thus
the problem is reduced to the estimation of an orthogonal
matrix (27). Such pre-processing of the mixture data
allows a further simplification in the design of the kernel
density estimator, since all the reconstructed signals can
be assumed to be zero-mean and unit variance random
variables, due to the constraint (Equation 64). Therefore,
the optimal value of the parameter h, which controls the
smoothness of the functional, is a function of the sample
size only (h¼ 1.06M�1/5, (45)). Simulation experiments
reported in Ref. 48 show a relative insensitivity of the
algorithm’s performance for variations up to 750% from
the optimal value of the bandwidth parameter.

3.6.4. Analysis of the Extrema of the Cost Function for N
¼ 2 Sources. A well-known result in blind signal separa-
tion is that, given the assumption of linear and instanta-
neous mixing, the unmixing matrix is unique up to scaling
and permutations (2). Conventionally, the unmixing op-
erator is estimated by minimizing a cost function derived
from the mutual information measure (Equation 51).
Although the global minimum of Equation 51 is known
to yield the desired source separation, no proof is available
to show that such a function has no local minima (29). On
the other hand, because of the uniqueness of the separa-
tion matrix (up to permutations and scaling), proved by
Comon in (2), convergence to any solution other than the
global would result in a failure to separate the source
signals. As it was recently pointed out in Refs. 49 and 50,
this specific issue is often overlooked in other ICA frame-
works, where, instead, the main concern is whether con-
vergence to a local minimum is obtained at all for an
arbitrary initial guess (51).

The problem can be studied in detail in the case of
mixtures of N¼ 2 sources. In this case the unmixing
matrix W can be parametrized as follows (including im-
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plicitly the unit norm constraints on the rows of W):

W¼
cos y1 sin y1

cos y2 sin y2

" #

: ð65Þ

With a slight abuse of notation we can write the cost
function as

Lðy1; y2Þ¼hðy1Þþhðy2Þ � log det ðWÞ
�

�

�

�; ð66Þ

where log|det (W)|¼ log |sin(y2� y1)|, and h(yi) is de-
fined as

hðyiÞ9Hðyyi Þ; yyi ¼ cos yix1þ sin yix2; i¼ 1; 2: ð67Þ

Without loss of generality, we can assume the mixing
matrix to be the 2 � 2 identity matrix, so that x1¼ s1
and x2¼ s2. The extrema of cost function (Equation 66)
must, then, satisfy the following conditions:

@hðy1Þ
@y1

þ1= tanðy2 � y1Þ¼ 0; ð68Þ

@hðy2Þ
@y2

� 1= tanðy2 � y1Þ¼ 0; ð69Þ

or, equivalently

@hðy2Þ
@y2

¼ �
@hðy1Þ
@y1

¼ 1= tanðy2 � y1Þ: ð70Þ

These conditions are graphically illustrated in Fig. 6. In
order to characterize the nature of these extrema, we can

compute the Hessian of Equation 66, obtaining

@2L

@y2

� �

¼

@2hðy1Þ

@y21
0

0
@2hðy2Þ

@y22

2

6

6

6

6

4

3

7

7

7

7

5

þ
1

sin2
ðy2 � y1Þ

1 �1

�1 1

" #

:

ð71Þ

The minima of the cost function (Equation 66) are found in
correspondence of values of (y1, y2) that satisfy the first-
order conditions (Equation 70), and simultaneously en-
sure that the Hessian (Equation 71) is positive semi-
definite, which requires that (see Fig. 7):

@2hðy1Þ

@y21
þ

@2hðy2Þ

@y22
þ

2

sin2
ðy2 � y1Þ

� 0 ð72Þ

@2hðy1Þ

@y21

@2hðy2Þ

@y22
þ

1

sin2
ðy2 � y1Þ

�
@2hðy1Þ

@y21
þ

@2hðy2Þ

@y22

 !

� 0

ð73Þ

It can be easily verified that the cost function (Equation
66) is even and periodic both in y1 and y2 with period 2p,
and that the conditions (Equation 70) through (Equation
73) are satisfied, in particular, when y1¼np=2 ðn 2 ZÞ, y2
¼ y17p/2 resulting in the source separation.

As an example, consider the mixture of a super-gaus-
sian (k4¼ 1.0) and a sub-gaussian source (k4¼ � 1.0), both
unimodal. The entropy of an arbitrary linear projection of
the mixtures is shown in Fig. 8(a) as a function of y1,2 (the
function is symmetric with respect to the vertical axis).
Clearly, in this simple example the entropy function has

Figure 6. Graphical interpretation of the conditions on the
extrema of the cost function (Equation 70). The curve 1/
tan(y2� y1) is plotted for a fixed value of y2 (not to scale).(From
R. Boscolo, H. Pan, and V. P. Roychowdhury, IEEE Trans. Neur.

Net. 2004; 15(1):58, awaiting permission.)

Figure 7. The nature of an extremum of the objective function is
shown as a function of the second-order partial derivatives of the
entropies of the two reconstructed sources (for y2� y1¼ const.).
(From R. Boscolo, H. Pan, and V. P. Roychowdhury, IEEE Trans.

Neur. Net. 2004; 15(1):58, awaiting permission.)
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only minima corresponding to the optimal solutions (y1,2¼
0, 7p/2), which satisfy conditions (Equation 70) and
(Equation 73). Because of the independence of the sources,
the minima appear spaced by p/2, and correspond to the
global optima of the overall cost function (see Fig. 8(b)).

The situation is quite different in the case of mixtures
of sources characterized by a multimodal probability
density function. An interesting example is given by
mixtures of natural images, where each pixel is considered
as a sample drawn from a distribution. This type of
sources, in fact, tend to have a distribution that is
‘‘heavily’’ multimodal. In Fig. 9(a), the entropy of a generic
projection of a mixture of two images6 is plotted as a
function of y. Although the entropy function shows minima
at the optimal points (y1,2¼ 0, 7p/2), several spurious
local minima appear in other locations. However, at least
in this example, these minima do not satisfy the conditions
in (Equation 70), and do not appear in the overall cost
function, which, once again, has a unique set of equivalent
global minima (cfr. Fig. 9(b)). The independence of the
sources, in fact, imposes a special structure on the cost
function, with the extrema of the entropy appearing in
correspondence of orthogonal rows of the matrix W (a well
known fact in the ICA theory). Other local spurious
minima do not appear in the overall cost function because
they do not satisfy the first-order constraints (Equation
70). Nevertheless, it is still an open problem to identify the
class of distributions for which this property holds in
general, as well as to show whether the same property
applies for mixtures of N42 sources (see Refs. 29 and 52
for a further discussion on the topic).

4. ICA AND BIOMEDICAL APPLICATIONS

Before looking at specific applications of ICA to biomedical
data analysis problems, let us define the underlying
framework which is common to all such applications.
The basic idea consists of seeking a decomposition of the
available data matrix that relies on the following genera-
tive model:

ei¼
X

K

j¼1

aijsj; i¼ 1; . . . ;N; ð74Þ

where ei is the ith row of a data matrix E, aij are the
elements of a system matrix A, and {s1,y,sK} are a set of
statistically independent random vectors (each of size 1 �
M), which represent an approximation of the hidden
(because non-directly measurable) quantities of interest.
Both the system parameters, as well as the hidden sources
are unknown. In order to completely define the estimation
framework, a few parameters and options need to be
selected to best suite each specific application:

* Number of components. Although the statistical
framework permits the identification of as many
independent components K as the number of inde-
pendent measurementsN, the estimation of a smaller
number of signals (KoN) might be more suitable
when a limited amount of information is available in
the data. In general, both the selection of the optimal
number of sensors, as well as the estimation of the
exact number of underlying independent sources are
difficult problems, which are still subject of investiga-
tion (41).
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Figure 8. Mixtures of a sub-gaussian signal and a super-gaussian signal. (a) - The figure shows a
plot of the entropy of a generic reconstructed source as a function of the parameter y. For these
particular mixtures of unimodal sub-gaussian and super-gaussian sources, the entropy function
does not present any spurious local minima. (b) - The overall cost function L(W) is plotted as a
function of (y1,y2). The plot clearly shows the set of four equivalent minima, corresponding to
permutations or change of sign of the rows of the unmixing matrix. (From R. Boscolo, H. Pan, and
V. P. Roychowdhury, IEEE Trans. Neur. Net. 2004; 15(1):59, awaiting permission.)

6The images can be downloaded at http://www.ee.ucla.edu/

Briccardo/ICA/images.
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* Data pre-processing. A large number of ICA algo-
rithms include a whitening step where the data is
‘‘sphered’’ by principal component analysis. Such pre-
processing step reduces the size of the ICA estimation
problem to the computation of a K � K unmixing
matrix, where K can be limited to the most significant
components; moreover, it has the effect ‘‘factoring
out’’ the intrinsic variability of the measurement
data (53).

* Contrast function selection. Methods based on
either measures of deviation from gaussianity (e.g.
FastICA (43)) or on cumulant based approximations
of the mutual information score function (e.g. Jade
(36)), are among the most popular ones in biomedical
applications, both because of their computational
efficiency and because of the straightforward inter-
pretation of the results they generate. With the
continuous increase in processing power, we expect
that non-parametric blind signal separation ap-
proaches ((42,48)), currently penalized because of
their additional computational complexity, will start
gaining popularity in biomedical data analysis pro-
blems.

* Data post-processing. Different approaches have
been suggested for sorting and adjusting the ampli-
tude of the reconstructed components, which consti-
tutes one of inherent indeterminacies in ICA based
estimation algorithms. For example, in Ref. 54 a
method is devised for sorting the independent com-
ponents according to a criterion that combines the
variance of each component and its deviation from
gaussianity.

4.1. Analysis of DNA Microarray Data

Recent advances in biotechnology have resulted in the
introduction of high-throughput techniques for the mea-
surement of biological signals. An example of such tech-
nologies is DNA microarray assays (10) which allow
simultaneous monitoring of the expression levels of sev-
eral thousand genes in an organism, by measuring the
relative concentration of the corresponding messenger
RNA (mRNA) molecules. Such increase in the amount of
data made available to biologists has driven a parallel
effort aimed at developing information processing tools
required to analyze such data sets (55–57).

The task of extracting information about the structure
and dynamics of intra- and inter-cellular processes from
these large-scale data sets has, however, proven to be
difficult, and the reasons are quite apparent: the observed
signals are the outputs of a complex stochastic dynamical
system involving a considerable number of hidden factors.
The approaches that have been adopted so far can be
broadly classified into two categories, namely, non-para-
metric and parametric. In the non-parametric case, no
generative model for the signals is assumed, and infer-
ences about intracellular mechanisms are based on differ-
ent measures of dependencies (or lack thereof) among the
signals themselves. For example, works based on cluster-
ing of genes using their expression profiles (58) and on
extracting regulatory information using Bayesian statis-
tics (59) fall under this category.

In a parametric approach, on the other hand, an a
priori set of generative models is assumed and the para-
meters of these models are estimated from the data set.
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Figure 9. Mixtures of two natural images. (a) - The entropy function is plotted as a function of y1,2.
In this case, the entropy presents several spurious local minima, which do not correspond to
independent sources. Attempting the separation using a deflationary approach could result in a
failure to reconstruct the original sources. (b) - The overall cost function L(W) is plotted as a
function of (y1,y2), with a set of four equivalent global minima clearly appearing. The objective
function is free from the spurious local minima encountered when observing the entropy function
alone. At least in this case, the only values of y1,2 that satisfy (Equation 70) are either (equivalent)
global minima, or saddle points. (From R. Boscolo, H. Pan, and V. P. Roychowdhury, IEEE Trans.

Neur. Net. 2004; 15(1):59, awaiting permission.)
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One such example is provided in Ref. 60, where the
experiment design involves measurements of the outputs
of a targeted pathway in response to perturbations in the
inputs, and the objective concerns the determination of
causative links among the input and output signals.

In DNA microarray experiments, for example, one can
monitor the expression level of genes, which are modu-
lated by a hidden set of transcriptional regulatory me-
chanisms. It is unclear how one might infer characteristics
of the hidden mechanisms and signals from only the
expression data. Even if one were to assume a linearized
model for the interactions among the activated transcrip-
tion factors and the genes, one will be left with the
intractable problem of simultaneously estimating the
parameters of the linearized system (i.e. the input-output
connectivity and the related strengths), as well as the
hidden regulatory signals. Hence, one needs to impose
further constraints on the linearized model to make the
inverse problem solvable.

Viable solutions to this problem are based on linear
decomposition techniques such as PCA (61) or the recently
introduced Network Component Analysis (62). Each of
these approaches narrows the solution space by introdu-
cing suitable constraints on either the statistical proper-
ties of the hidden signals driving the system, or on the
connectivity structure of the input-output relationships.

The applicability of ICA-based frameworks to the ana-
lysis of microarray data has been recently investigated
(53,54,63). The key question, regardless of the specifics of
the ICA framework adopted, is the following: how do the
independents components that are extracted from the
expression data relate to specific biological processes? In
other words, is it possible to associate the reconstructed
signals to well-known mechanisms, such as the activity
levels of transcription factors, or the synchronization of a
particular stage of cell replication, or the response to
stress or an external stimulus?

In Ref. 54, a method is described for the analysis of
yeast (S.Cerevisiae) cell-cycle related gene expression
through an ICA based framework. The author proposes
to regard the independent components extracted from the
data as linear influences of unobserved variables, which
he dubs ‘‘expression modes’’. The goal of this study is to
investigate whether such expression modes are somehow
related to certain hidden signals that play a role in
controlling gene regulation; the fundamental assumption
being that gene responses to such ‘‘driving’’ signals can be
approximated by linear functions. From the analysis of
yeast cell-cycle data, the author reports that three funda-
mental modes are extracted that capture different known
cell-cycle phases.

The work by Hori et al. (63) demonstrates the applica-
tion of Jade (36) to the analysis of gene expression data
collected from yeast during sporulation. In particular, the
authors utilize the independent components extracted
from the data to cluster different sets of genes; the ICA-
based clustering algorithm is compared against a similar
approach based on PCA, as well as against a manual
clustering performed by an ‘‘expert’’. Their results show a
noticeable improvement in the classification performance

when using the ICA-generated model induction patterns,
compared to the PCA-generated ones.

Finally, it is worth mentioning the ICA-based method
for the analysis of expression data developed by Chiap-
petta et al. (53). The approach, based on the FastICA
algorithm, introduces a simple technique for identifying
‘‘consensus sources’’ by repeating the ICA estimation
several times (analogous to a bootstrapping approach)
and recording which sources appear consistently among
the reconstructed signals. The authors apply the techni-
que to two datasets: breast cancer data (64) and an assay
of Bacillus Subtilis aimed at studying the characteristics
of sulfur metabolism (65). Their results demonstrate that
the approach is capable of identifying consensus sources
that have biological significance and that can be corre-
lated to specific classes of conditions.

4.2. Analysis of Electroencephalographic (EEG) Data

Electroencephalograms (EEG) provide a non-invasive
measure of the brain’s electrical activity recorded as a
change in potential difference between points in the scalp
(66). Typically, EEG data collected from many locations on
the scalp will include electrical activity originating from
different points within the brain volume. As a conse-
quence, relating such signals to specific areas of the brain
and associating them to specific processes poses a sub-
stantial challenge. Moreover, EEG signals are often ‘‘cor-
rupted’’ by multiple sources of disturbance that arise from
extraneous sources, such as eye blinking, electrical activ-
ity from the scalp muscles, or sensor artifacts.

In this context, investigators have developed several
techniques which aim at ‘‘cleaning’’ EEG measurements
through amplification of the components of interest in the
signal and attenuation of the sources of disturbance.
Techniques based on averaging event-related potentials
(ERP) are the most typical example. ERPs are time-series
of measured differences in potential that are time-locked
to specific sets of stimuli that were presented to a number
of test subjects (12). ERP data is usually averaged across
different subjects (and/or trial sets) in order to increase the
signal/noise ratio of the significant part of the signal, by
averaging out other non time or phase locked activities, as
well as non-neuronal artifacts.

Even when the quality of the EEG data is improved
through one of the above mentioned techniques, one is still
faced with the problem of identifying intra-cranial brain
sources from the observed signals (67). These, in fact, will
typically measure a combination of signals originating
from different brain activities, which overlap both in space
and in time. The reconstruction of both the magnitude and
the location of such processes is known as the EEG inverse
problem. Makeig et al. in 1996 have suggested for the first
time the application of ICA as a candidate signal decom-
position technique for the resolution of such problem (11).
In this article, the authors investigated the suitability of
applying a blind signal separation technique (namely the
InfoMax ICA (22)) to the analysis of EEG data, relying on
the intuition that ICA could efficiently separate the pro-
blem of source identification from that of source localiza-
tion.
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ICA yields a data decomposition which is consistent
with the standard view of ERP genesis, where spatially
stable and sparsely active components sum to the ob-
served multichannel measurements. The strength of ICA
resides precisely in its capability of extracting temporally
independent component activations, without requiring a-
priori assumptions on their spatial distributions. Since
1996, a large number of publications have appeared on
many scientific journals, describing several improvements
to the original approach as well as examples of application
of the method to different types of experiments (12,66–72).

The basic setup for the analysis of EEG data using ICA
is described in detail in Ref. 73. We will provide in this
section a brief review of the methodology and of the results
that were reported when applying the method to an
experiment where the subjects were required to respond
to a specific auditory stimulus. For further details on the
approach and a more thorough discussion of the scientific
results the reader should refer to the original article (73).

In the first stage (training stage) of the algorithm, the
‘‘unmixing’’ matrix W is learned from a set of measure-
ment vectors x, which are typically a collection of stimu-
lus-aligned ERP time-series (Fig. 10(a)), each deriving
from a separate scalp probe. In this specific example, the
InfoMax ICA algorithm (22) was selected for its imple-
mentation simplicity and its computational efficiency. The
rows of the estimated weight matrix W correspond to a set
of linear spatial filters decomposing the input data into
the independent activities of the ICA components u¼Wx
(Fig. 10(b)). The columns of the inverse weight matrix
W� 1, on the other hand, map the independent components
to their projections onto the scalp electrodes (Fig. 10(b)).
In addition, the percentage of the original data accounted
for by each component can be calculated by computing its
projection on the inverse weight matrix, i.e. W� 1ui.

A set of necessary conditions must be satisfied in order
to reliably apply ICA to EEG data:

* Linear and instantaneous mixing. The implicit
assumption is that signal conduction times from their
intra-cranial sources to the sensors are equal and
that linear mixing occurs at the scalp electrodes.

* Spatial stationarity. Spatial projections of compo-
nents are fixed across time and conditions. This
hypothesis implies the assumption that ERP sources,
reflecting task-related information processing, sum
activity from spatially stationary generators.

* Temporal independence. ICA relies on the as-
sumption that the sources whose separation is at-
tempted are statistically independent signals.

* Non-gaussianity of the source distributions.
ICA is not capable of separating source signals that
have a normal distribution (unless the temporal
structure of the signal is taken into consideration,
see Ref. 74 for more details). However, in practice,
even small deviations from normality are usually
sufficient to guarantee a certain degree of accuracy
in the separation performance.

The first two hypotheses appear both to be reasonable,
considering that volume conduction through the cere-
brospinal fluid, skull and scalp is thought to be linear,
and sensory ERPs are assumed to sum brief and relatively
spatially stable potentials associated with synchronous
triggering of brain activity in each stimulated area (73).

The temporal independence requirement is not guar-
anteed to be satisfied a-priori. However, independence of
ERP features may be maximized by systematically vary-
ing the experimental stimulus and trial setup, as well as
by training the algorithm on collections of time-series,
resulting from event-related response averages.

Finally, the dependence on source distribution does not
in general constitute an issue; the non-gaussianity re-
quirement is compatible with the assumption that an
averaged ERP is composed of one or more overlapping
series of relatively brief activations within spatially fixed

(a) (b)

Figure 10. The figure shows the basic setup for the analysis of EEG data using ICA, described in
[Ref. 73]. (a) The unmixing matrix W is learned from a collection of stimulus-aligned ERP time-
series using the ICA InfoMax algorithm (training stage). (b) The estimated weight matrix W

defines a set of linear spatial filters which decompose the input data into the independent activities
of the ICA components u¼Wx. The columns of the inverse weight matrix W� 1 map the
independent components to their projections onto the scalp electrodes (decomposition stage).
(From Makeig et al. PNAS 94:10980, 1997, awaiting permission.)
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brain areas, each performing separable stages of stimulus
information processing. Such signals usually result in
super-gaussian distributed sources (68). Sub-gaussian
components have been shown to be associated to different
types of disturbance such as line noise, sensor noise and
low-frequency artifacts.

The results obtained by applying the InfoMax ICA
algorithm to averaged ERP data reported in Ref. 73
demonstrate the method’s capability of extracting signifi-
cant ERP components from noisy EEG data. In particular,
the algorithm extracted ten independent components that
decomposed each of the major response peaks, and recon-
structed their relative scalp locations (Fig. 11(a), 11(b),
and 12). Three of the components were active only when
the subject correctly responded to the stimulus (ICA-1-2-3,
Fig. 11(a)), other three when the subject responded in-
correctly (ICA-5-6-7, Fig. 11(b)), and one that was active in
both cases (ICA-4). Three additional components appear to
be related to the brain steady-state response to the back-
ground noise present during the experiment (not shown).
Moreover, the authors report that the results appeared to
be fairly consistent across several experimental sessions
and changes in sensor number and placement (cfr. Fig.
12).

One of the most powerful characteristics of ICA is its
capability of extracting relevant signals from poor signal-
to-noise ratio data, by relying on the often reasonable
assumption that signal and noise are characterized by
different statistical distributions. This intuition led to the
application of ICA to single-trial (non averaged) event-
related potential EEG data (75,76). Typically, the analysis
of single-trial ERP data presents several challenges due to
difficulties in identifying and removing artifacts, poor

signal-to-noise ratio due to non-phase locked background
EEG activities, as well as intra-trial variability. However,
it is also expected that the analysis of averaged ERP data
will not be able to highlight brain dynamics that arise
from intermittent changes in subject state and/or from
complex interactions between task events (68).

In Ref. 76, sets of single-trial ERP data recorded during
a visual selective attention experiment on several normal
subjects as well as neurological patients were analyzed
using ICA. The algorithm consistently separated artifac-
tual activities from stimulus-locked or response-locked

(a) (b)

Figure 11. Independent components extracted using the ICA InfoMax algorithm (colored traces)
and their resulting scalp map projections. The component activities are superimposed onto the
measured scalp electrode signals (FPz, Fz, Cz and Pz indicate four different measurement
channels). (a) Three of the reconstructed components were active only when the subject correctly
responded to the stimulus (ICA-1-2-3). (b) Three additional components were active when the
subject responded incorrectly (ICA-5-6-7). The component ICA-4 was active in both cases. (From
Makeig et al., PNAS 94:10982, 1997, awaiting permission.)

Figure 12. Time-courses and scalp topographies of correspond-
ing ICA-2 components obtained in separate decompositions of
detected-target responses in two separate sessions from two
subjects (right columns) and from the grand-mean detected-target
response for 11 subjects (left column). (From Makeig et al., PNAS
94:10982, 1997, awaiting permission.)
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components, as well as response-blocking and non-event
related EEG activities (see also (72)).

4.3. Application of ICA to Other Types of Biomedical Signals

Independent component analysis finds application in the
analysis of several other types of biomedical signals. The
review of all such applications is beyond the scope of this
monograph and the reader should refer to the vast body of
literature which is available on the subject for further
details. In general, as long as the basic requirements of
linear mixing and temporal independence of the under-
lying sources are satisfied, ICA provides a powerful frame-
work for the reconstruction of hidden signals whose
superimposition constitutes the measurements data.

Significant examples are the analysis of electrocardio-
graphic data (ECG) (15), and functional magnetic reso-
nance image data (fMRI) (13,14). In addition, frameworks
have been described which involve the application of ICA
in the analysis of magnetic encephalographic (MEG) data
(16), Positron Emission Tomography (PET) data (77), and
electrocorticograms (EcoG).

In ECG data, differences of potentials are measured by
electrodes located on the surface of the chest and the
abdomen, which are typically the result of electrical
activity arising from the beating heart. ECG signals
appear to satisfy the ICA identifiability criteria (68) as
current from different sources is mixed linearly at the
electrodes and time delays in signal transmission are
negligible. However, the motion of the heart during beat-
ing might violate the ICA assumption of spatial stationar-
ity of the sources. In Ref. 15, an experiment is described
where maternal and fetal ECG signals recorded simulta-
neously from cutaneous electrodes placed on the mother’s
abdomen are accurately separated using ICA. Moreover
the maternal ECG activity was decomposed into four
independent components, which accounted for distinct
but overlapping periods of activation of atria and ventri-
cles. Even though the problem of extracting fetal ECG has
been the subject of investigation by several other re-
searchers, a detailed analysis of the subject is beyond
the scope of this work. The reader who might be interested
in this problem should refer to specific publications on the
subject, such as e.g. Refs. 78 and 79.

In brain fMRI, variations in blood flow in different
areas of the brain are measured, generally associated to
a subject response to a specific set of stimuli. Each dataset
typically consists of a set of three-dimensional images
acquired at different times during stimulus-locked experi-
ments. fMRI time-course signals are assumed to reflect
hemodynamic changes that are due to neural activity,
motion and machine artifacts, and physiological factors
(such as cardiac and respiratory rythms) (68). The recon-
struction of the relative contribution and exact form of
each of these components poses a challenging problem. In
Refs. 13,14,80, and 81, the application of ICA to the
analysis of fMRI data is investigated. It is important to
stress that in the case of fMRI data ICA’s independence
assumptions translate into the problem of identifying
spatially independent regions with distinguishable time-
courses.

In a case study described in Ref. 81, fMRI data was
acquired during experiments where subjects were re-
quested to perform two different types of motor activities,
one visually-cued and one self-paced. In one experiment,
ICA detected a spatially-independent component that was
active during both types of motor activities but not during
rest, while in a different experiment ICA detected a
component more active during self-paced movements
than either visually-cued or rest periods. In general, the
application of blind signal separation to fMRI data has
proved to be a powerful technique for detecting task-
related activations that could not be detected by standard
hypothesis driven approaches (such as generalized linear
models). However, one of the drawbacks characterizing
the application of ICA to this type of data is that it is not
capable of providing the investigator with significance
estimates for each activation level.
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1. INTRODUCTION

Information retrieval has been the focus of widespread
attention for more than half a century (1). The recent
focus on accurate and fast access to biological information
was triggered by the availability of a large volume of
unstructured biological data. This unstructured data can
be, for example, in the form of a free-text or a string of
characters representing a sequence. The purpose of in-
formation retrieval techniques is to retrieve all relevant
information (high recall), while including as little of the
nonrelevant information as possible (high precision). This
tradeoff is well-known in information retrieval and in the
subject, of ongoing research. Some traditional systems
allow scientists to retrieve data of interest based on one
or more keywords. This type of information retrieval is
extremely useful when the enduser is familiar with the
subject, when the information required does not have to be
specific, and when the concepts in the target domain are
relatively stable. However, this is not the case in the
biomedical research field (2). For example, the discovery
of rybozyme (an RNA enzyme) led to the realization that
enzymes could not only be proteins but also RNA, thus
establishing the relationship between enzyme and RNA.
Another example is related to a tumor suppressor gene
WAF1 (wildtype p53-activated fragment 1) and a cell cycle
control gene CIP1 (where CIP refers to cyclin-dependent
kinase interacting proteins) that were discovered inde-
pendently in 1993. These genes were later identified to be
the same, and WAF1 and CIP1 became synonyms [see the
Online Mendelian Inheritance in Man (OMIM) database,
http://www.ncbi.nlm.nih.gov/entrez/query.fcgi?db¼
OMIM]. Additionally, in the biomedical domain, review
articles can become outdated (2). For example, photore-
ceptor-mediated signal transduction in higher plants is an
active research area. Since 1996, several reviews in this
area have been published each year that propose models of
plant photoreception and circadian clock systems. Earlier
proposed models become outdated quickly because of the
discovery of new proteins or protein interactions. These
aspects of the biomedical research field make information
retrieval challenging.

To efficiently retrieve relevant information and improve
precision, modern information retrieval systems usually
index documents, or group similar documents to facilitate
the identification of relevant documents. In the latter case,
comparison algorithms and scoring formulas are devel-
oped to detect relevant documents and to filter out irrele-
vant ones. As mentioned, information retrieval in the

biomedical research field is challenging. However, it is
evolving rapidly and new techniques are being developed
that may lead to more sophisticated information retrieval
systems with both a high recall and a high precision. In
the remainder of this article, information retrieval is first
introduced in general and then followed by a detailed
discussion on information retrieval in the biomedical
research field. The discussion is divided into three subjects
based on the characteristics of the target information.
These subjects, which consist of literature search, genomic
sequence searches, and database searches, each of which
is covered in one of the following sections. This article also
reviews the use of terminology systems in information
retrieval and its importance in supporting information
retrieval and integration (e.g., the integration of semanti-
cally related but syntactically variant information).

2. BACKGROUND

Information retrieval was defined by Gerard Salton as ‘‘a
field concerned with the structure, analysis, organization,
storage, searching, and retrieval of information’’ (3). A
typical information retrieval task is to retrieve library
documents related to patrons’ information requests. The
task includes three steps:

1. Content analysis and indexing: Documents need to
be organized so that they can be searched more
efficiently and the results are more accurate. Typical
tasks include document indexing and document
clustering. Document indexing assigns metadata
(terms or attributes) to documents (4). Document
clustering groups documents according to their si-
milarity.

2. Information search and retrieval: A comparison of
the query with the documents. The system is ex-
pected to return a list of documents ranked by
decreasing similarity to the query (5). A similar
task is information filtering in which a system
receives a stream of documents and decides whether
each document is qualified according to a filtering
condition.

3. Evaluation: Judge how well the task is performed,
for example, whether all relevant documents have
been retrieved (recall), and whether all retrieved
documents are relevant to the query (precision).

Initially, information retrieval research focused on
tasks similar to the one above. Therefore, it was also
called ‘‘document retrieval.’’ However, its current scope
has been expanded in terms of domains and target media.
For instance, several new techniques were developed to
improve the quality of information retrieval such as (1)
question answering, which consists of returning the exact
query answer rather than the entire document that con-
tains the answer; (2) information classification (aggrega-
tion) and summarization, which consists of organizing the
retrieved information for a better result presentation; and
(3) novelty detection, which consists of only returning the

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



portion of relevant documents that the user has not seen
before.

In addition, to techniques that improve the quality of
information retrieval, techniques for user modeling (user
interaction) that capture the user’s background informa-
tion and consider it during retrieval were also developed.
For example, the system will return introductory materi-
als to a newcomer, whereas it will return detailed infor-
mation to an expert.

The media also expanded from pure text documents to
hypermedia (WWW pages), multimedia (images and
sounds), scientific datasets, and so on. Several research
fields were established correspondingly, such as Web
search and multimedia retrieval.

2.1. Literature Searches

Even with the availability of large amounts of structure,
sequence, and other experimental data, a major portion of
biological information is still in the form of articles (2).
One of the most popular information retrieval system for
biomedical literatures is Index Medicus (see Medline,
http://www.nlm.nih.gov/pubs/factsheets/medline.html).
Index Medicus is the first index system for biomedical
journals. It served as the primary method to access
biomedical literature from 1879 to the 1970s (4). Its
leading position was gradually replaced by its electronic
version MEDLINE, which now provides citations for over
4600 journals all over the world in 30 languages.

Automatic extraction of information from literature
can facilitate, among others, genome annotation, database
curation, and automatic construction of regulatory net-
works. Currently, information extraction has been mostly
performed manually and stored in a structured format in
databases such as SWISS-PROT (http://us.expasy.org/
sprot/). Improving the automation level of information
extraction from the literature can rapidly increase the
amount of data available to scientists in these databases.
In general, the goal of information extraction is to trans-
form unstructured text data into structured information.
Information extraction techniques have been used to
support a wide range of applications such as the automatic
extraction of protein interactions from the literature (6).
They also have been used in the automatic determination
of gene functions (7).

2.2. Indexing

Document indexing is the task of assigning terms to
documents for retrieval purposes, and it is mainly useful
for the information management of libraries and data-
bases. Currently, the most popular literature databases
(e.g., Medline and PubMed (8)) are provided by the Na-
tional Library of Medicine. To make literature searchable,
articles are indexed by hand with terms from the medical
subject headings (MeSH) (http://www.nlm.nih.gov/
mesh) controlled vocabulary. An automatic indexing sys-
tem was developed recently by the National Library of
Medicine to overcome the increasing amount of effort
associated with indexing and the lack of skilled indexers
(9). This system first uses MetaMap Indexing, Trigram
Phrase Matching, and PubMed Related Citations techni-

ques to investigate citation titles and abstracts and dis-
cover MeSH headings for them. The combined list of
headings produced by the three techniques is used as
the index of the citation. MetaMap Indexing and Trigram
Phrase Matching generate lists of Unified Medical Lan-
guage System (UMLS) terms (http://www.nlm.nih.gov/
mesh/umlsforelis.html) for each citation using different
algorithms. MetaMap Indexing parses citation text into
noun phrases, collects all UMLS terms containing one or
more noun phrases or their variants, and ranks the
candidate UMLS terms according to their similarities to
all noun phrases in the citation. Trigram Phrase Matching
also parses text into phrases. Then for each phrase, it
computes its similarity with all terms in UMLS and
records the most similar pairs. The pairs that appear
most frequently in the citation text form the final UMLS
term list. The UMLS term lists generated from the first
and second techniques are mapped onto MeSH. The third
technique, PubMed Related Citations, first refers to the
citations that have already been indexed and finds among
them the citations that are similar to the target citation.
Indices (i.e., MeSH term lists) of the similar citations are
then used to derive the MeSH term list of the target
citation. As mentioned, the combined ranked lists of
MeSH terms generated by MetaMap Indexing, Trigram
Phrase Matching, and PubMed Related Citations are
combined into a single list that is used as the index for
the target citation.

2.3. Document Clustering

Document clustering groups similar documents based on
terms of interest they may have in common (10). These
terms are in turn used to represent the features of the
cluster. Currently controlled and curated vocabularies,
such UMLS and MeSH, are widely used to express data-
base queries and to support information extraction in the
biomedical domain. However, because the majority and
the most recent experimental results are stored by using a
free-text format, document clustering can be used to
generate more complete and up-to-date indices. Document
clustering can be used in concept discovery and the
construction of terminology that facilitates index building.
Although useful, this type of technique remains mostly
unexplored. Two applications of this technique have been
reported recently.

The first application (2) uses an unsupervised machine-
learning algorithm to discover groups of related abstracts
based on the term co-occurrence. The system also decides
on a list of terms that are used to represent each group of
abstracts by comparing the frequency of usage of a given
term in the group compared with its frequency of usage in
all abstracts. Terms whose frequencies of usage are higher
within the group compared with the entire set of abstracts
are candidates of choice for representing the group of
abstracts.

The second application (11) is based on a vector space
representation of text. First, 26420 terms were extracted
from the gene ontology (GO) (12) to construct a term
collection. Then, each document was represented as a k-
dimensional vector, where k is the size of the term collec-
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tion (26420 in this case). Each dimension in the vector
corresponds to one term in the term collection, and the
value of the vector entry represents the weight of the term
in the document. The approach proposed in (11) was used
on a subset of annotations from the SWISS-PROT and
Yeast databases associated with a 105 genes belonging to
three biologically distinct functional groups. The cluster-
ing algorithm is based on a fixed number of clusters where
each cluster is represented by a single document. This
document is called the medoid. Documents are then added
to the clusters in such a way that the similarity between
the medoids and the remaining documents in the cluster is
maximized.

Both of the above-mentioned approaches generate
clusters that are mutually exclusive. A soft clustering
method, in which documents can belong to more than
once cluster, is proposed in Ref. 13.

2.4. Information Extraction: Name Entity Extraction

At the core of literature data mining is the identification of
biological macromolecules (e.g., gene and protein names).
Identification of macromolecule names is particularly
challenging because different naming conventions can be
used in different biological research areas (14). Also, a
protein may be discovered through different research
studies and given different names. An example of the
latter case is protein p21. According to the information
provided by the Atlas of Genetics and Cytogenetics in
Oncology and Haematology database (http://www.info-
biogen.fr/services/chromcancer/), it is also referred to as
CDKN1A (cyclin-dependent kinase inhibitor 1A), WAF1
(Wild type p53 activated protein-1), CIP1 (CDK-interact-
ing protein), SDI1 (senescence cell-derived inhibitor-1),
CAP20, and MDA-6 (melanoma differentiation-associated
protein-1).

The approaches to name entity extraction can be
divided into two categories: rule-based and dictionary-
based. Rule-based approaches generate heuristic rules
based on text features. The rules are generated either
manually or by using machine learning techniques. They
are then used for filtering documents and extracting name
entities. Dictionary-based approaches consist of first con-
structing name entity dictionaries and then detecting
dictionary terms in the documents. Rule-based ap-
proaches are particularly useful in identifying new names
(15), which is essential in the biomedical domain because
of the continuous discovery of new knowledge including,
for example, the discovery of new genes and the discovery
of new protein functions. However, if a macromolecule has
multiple synonyms, rule-based approaches cannot to unify
them. This problem can be solved by the dictionary-based
approaches (15).

An example of a rule-based name entity extraction
system was proposed in Ref. 16. This system detects two
features of protein names: core terms and feature terms.
Core terms consist of characteristic words containing
uppercase letters, numerical figures, and special symbols.
Feature terms include words such as ‘‘receptor’’ that are
frequently used to describe the function of a protein. This
system first extracts core terms from tokenized texts and

then concatenates core terms with feature terms to con-
struct noun phrases that have no conjunctions and pre-
positions. Based on the dependencies between core terms
and feature terms included in the noun phrase, the system
can extract material names with 94.7% precision and
98.84% recall. A rule-based approach has also been used
in the identification of chemical names (17). In both cases,
the domain-specific rules for protein name and chemical
name identification were built manually.

Recently machine-learning techniques such as hidden
Markov models and support vector machines were used to
support semiautomatic name detection (18,19). These
techniques are used to train a system to learn the target
rules from a set of sample pages. In Ref. 18, hidden
Markov models were trained with 100 Medline (http://
medlineplus.gov/) abstracts. Words in the abstract sam-
ples used during training were tagged according to their
classes. A total of 11 classes, such as protein and DNA,
were used. The system achieved an F-score of 0.73, where
the F-score is 2 � Precision � Recall/(PrecisionþRecall).
The quality of the result depends on the size and distribu-
tion of the training data. As shown in Ref. 18, the classes
that are highly represented in the training samples
achieved better F-scores, whereas the classes that are
poorly represented in the training data resulted in lower
F-scores.

In general, machine-learning approaches can general-
ize better (i.e., adapt to a new class of words) than systems
that are based on manually created rules (18). The major
disadvantage of these techniques is that they often require
a large amount of tagged training samples whose creation
can be time consuming (17).

Dictionary-based approaches consist of two steps: dic-
tionary construction and dictionary-based name identifi-
cation. The quality of the dictionary is critical to the
quality of name identification. Dictionaries can be con-
structed manually (20) or semiautomatically (15). In Ref.
15, a semiautomated method is provided to generate and
curate a general-purpose protein name dictionary. The
dictionary is first constructed from the HUGO nomencla-
ture database (http://www.gene.ucl.ac.uk/hugo/). Each
entry contains the full name and alias of a gene symbol in
HUGO. Corresponding synonyms are then extracted from
OMIM, SWISS-PROT, and TrEMBL (http://us.expa-
sy.org/sprot/) and added to the dictionary. The curation
of the dictionary includes an expansion phase, which
expands known unambiguous acronyms within synonyms
(e.g., IL1 can be expanded into Interleukin 1), and a
pruning phase, which removes redundant, ambiguous,
and irrelevant synonyms.

After the dictionary is constructed, the next step con-
sists of searching for dictionary terms against the litera-
ture. One possible approach (15) is to first parse abstracts
into tokens. A set of candidate solutions (i.e., protein
names that the token may represent) and two associated
scores (boundary score and acceptance score) are assigned
to each token. The boundary score in this case represents
the probability of a mismatch, whereas the acceptance
score represents the probability of a match.

A different approach of literature search translates
both dictionary terms and scientific articles into an alpha-
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bet of DNA sequences by replacing each character with a
unique, predetermined nucleotide combination (21). For
example, ‘‘A’’ is replaced by ‘‘AAAC’’ and ‘‘E’’ is replaced by
‘‘AACG.’’ The dictionary is thus converted into a sequence
database where each record corresponds to one term in the
original dictionary. The article is also converted into a
continuous query string. Sequence alignment tools such as
BLAST (see the article entitled GENOMIC INFORMATION RE-

TRIEVAL) are then used to find the best matching dictionary
sequences for the article. This approach has the disadvan-
tage of not being able to recognize semantically similar
terms that are syntactically very different (e.g., WAF1 and
CIP1) (15).

2.5. Information Extraction: Event Extraction

The objective of event extraction is to extract relations
among genes, proteins, drugs, or other biomaterials. Event
extraction builds on name entity extraction, which was
discussed earlier, by not only identifying names of entities
but also detecting the relationships among these name
entities.

The approach used by BioNLP (22) is an extension of
the rule-based approach proposed in Ref. 16, which was
also discussed in the Name Entity Extraction section.
BioNLP identifies sentences that contain protein names.
It then searches for specific function words such as ‘‘in-
hibit’’ to establish the relationship between the protein
names that are present within the sentence. The extrac-
tion rules in BioNLP are constructed manually. A succes-
sor system, PIES (6), integrates BioNLP with Kleisli (23)
(a database integration system; see the article entitled
BIOLOGICAL DATABASE INTEGRATION) and Graphviz (24) (a tool
for drawing interaction pathways). PIES facilitates the
construction of pathways by combining the processes of
downloading abstracts, extracting protein–protein inter-
action information, and visualizing pathway diagrams.

As mentioned, the extraction rules for events used in
BioNLP are manually created. Similar to the case of name
extraction, event extraction can also be performed by
using machine-learning techniques that aim at deriving
the rule automatically. For example, the approach pro-
posed in Ref. 25 uses hidden Markov models. It consists of
identifying tokens of the input text, tagging the tokens
(e.g., with ‘‘noun’’ or ‘‘verb’’), grouping the words into
phrases, grouping the phrases of interest, and finally
storing the desired information in templates that may,
for instance, include two protein names and the type of the
relationship between them. This approach was experi-
mentally tested on three relationships among proteins
(interacts with, associates with, and binds to). Recall
and precision were found to be as high as 63%, and 81%,
respectively.

All event extraction tools discussed so far in this section
focus on simple sentence constructs such as in ‘‘protein
inhibits protein.’’ However, a biomedical abstract can
include complicated sentence structures. For example,
the sentence, ‘‘Interestingly, under the same condition,
forskolin (20 mmol/L) stimulated the phosphorylation of
LPS- and PNA-triggered p38 MAPK of murine peritoneal
suppressor macrophages, suggesting that activation of

p38 MAPK is regulated positively by both PKC and
PKA,’’ (26) would be difficult to analyze with simple event
extraction tools. Several event extraction systems have
been developed to address this issue. These systems
extract noun phrases from complex sentences in natural
language text. Once these noun phrases are extracted, it is
possible to use any of the techniques proposed in Refs. 27,
6, or 22 to continue the process of event extraction,
because noun phrases have a simple structure. Examples
of systems that attempt to extract events from complex
natural language text include (28), EDGAR (29), Gen-
Scene (30), and (26). These systems rely on English
language constructs to identify the precise relationship
between target names (e.g., gene names or protein names)
and target verbs. Target names and verbs can be extracted
from various sources. For example, both EDGAR and
GeneScene use UMLS for this purpose. Additional and
more specific target names and verbs can also be specified
by an expert scientist for a given application. Very high
precision can be achieved by these systems. For example,
GeneScene achieves an average precision of 70%, whereas
the system proposed in Ref. 26 achieves a precision of 80%.
However, the recall rate can be low in these systems. For
example, in Ref. 26, the recall rate was 48%. Among the
reasons for this low recall rate is the misclassification of
complex sentence structures.

A different approach (31) to event extraction uses
techniques that have traditionally been used for literature
indexing and document indexing. This approach measures
statistically significant co-occurrences of genes in ab-
stracts. The underlying assumption to this method is
that genes that have a high level of co-occurrences must
be interrelated. This approach was tested on abstracts
that were filtered by using the ‘‘DNA repair’’ function and
was shown to be able to extract functionally related genes.
This approach can detect related entities even if the entity
names occur in distant sentences.

An interesting study that compares the impact of the
text unit used in information extraction is provided in Ref.
32. This study concluded that recall rates decrease and
precision rates increase if the text unit used goes from
abstract to sentence pairs to sentence to phrases, which
indicates that a multitier approach to event extraction is
needed. For example, one can start with an approach
similar to the one proposed in Ref. 31, which operates on
abstracts. Results obtained from this stage can then be
refined by using an approach similar to the one proposed
by EDGAR or GeneScene. This step can concentrate on
the sentences identified in the previous step. It can use
natural language processing techniques on these target
sentences to identify complex language constructs and
produce noun phrases. These noun phrases can then be
processed by using techniques such as the one proposed in
BioNLP.

3. GENOMIC INFORMATION RETRIEVAL

Sequence data such as DNA, RNA, and amino acid
sequences represents an important part of the available
biomedical data. The number of complete eukaryote gen-
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ome sequences available at NCBI has nearly doubled in
the past year, to a total number of eight as of September
2002. Currently, human, mouse, rat, zebra fish, fruit fly,
nematode, mosquito, baker’s yeast, fission yeast, rice, oat,
barley, thale cress, wheat, corn, soybean genomes, and
others are already available online at NCBI (http://
www.ncbi.nlm.nih.gov/mapview). In the post-genomic
era, a substantial research effort is focusing on discovering
genes from the genomic DNA sequences and on identify-
ing the functions of genes and proteins. Traditionally,
genes and their functions were identified through experi-
mental methods such as genetic linkage analysis, mutant
study, and gene knockout. The function and structure
information of genes or proteins from a given organism
can be used to infer the function and structure of their
homologous genes or proteins in another organism. Homo-
logous genes are genes that share the same evolutionary
history. Their sequences are usually similar, and they can
be found by using sequence alignment techniques. For
example, the RNA polymerase sigma factor rpoD (Sigma-
70) is a gene family that contains homologous genes in
various organisms. All of them share similar DNA se-
quences, and their encoding proteins play similar func-
tions in the initiation stage of the transcription from DNA
to RNA. Thus, information related to a well-known gene in
a given organism can be used to facilitate the study of its
homologous genes in other organisms.

The large volume of genomic sequence data available
presents an unprecedented opportunity for new discov-
eries through computational genome analysis. Homology
searches are the building blocks of many studies, such as
comparative genomics, gene prediction, and phylogenetic
analysis. In this section a brief introduction to sequence
alignment is presented, followed by a description of the
challenges facing homology-based searches, and how in-
formation retrieval techniques can be used to improve
sequence alignment-based homology searches.

3.1. Sequence Alignment

Sequence alignment of two sequences consists of super-
imposing the strings representing the two sequences to
maximize the number of residues that are in common.
Once the alignment is constructed, a residue in a given
position that is common to both sequences indicates a
common evolutionary origin, and this position is deemed
to be conserved during evolution. Positional mismatches
can indicate insertions, deletions, and point mutations,
and they represent regions of the sequences that have not
been conserved. An overview of sequence alignment is
available in Ref. 33.

Dynamic programming approaches1 were initially used
to find the best possible alignment between two sequences

over their entire lengths. This type of alignment is called
global alignment.

Smith and Waterman (34) proposed an algorithm that
can identify maximally similar subsequences in two se-
quences. This algorithm is based on dynamic program-
ming techniques. In this algorithm, each deletion of length
k is assigned a weight wk. Also, a similarity score s is
assigned to each pair of residues. The algorithm consists of
maximizing Hij, where Hij is defined as follows:

Hij¼ max
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where 1rirn and 1rjrm.
The first sequence is denoted by a1a2 � � �an, and the

second sequence is denoted by b1b2 � � �bm. The optimal
homologous subsequence can then be found by locating
the largest value of Hij for 1�i�n and 1�j�m and tracing
back sequentially to determine the path that led to the
entry.

As discussed in Ref. 35, many homologous sequences
usually share several short homologous regions that are
interleaved with residues that are completely different in
the two sequences. These short homologous regions may
appear in different orders in different sequences, and
many of these regions may be repeated. This fact suggests
that a local alignment may be more efficient than a global
alignment.

Greedy algorithms2 have been used instead of dynamic
programming to make the alignment computationally
more efficient (36). However, the approach proposed in
Ref. 36 is only suitable for the comparison of two genome
sequences that are highly similar.

3.2. Homology Search

Because scientists are often interested in finding homo-
logous sequences to a given input (query) sequence from a
large database, an algorithm based on dynamic program-
ming techniques may be impractical because of the high
space and time complexity. Even the simplest homology
search requires the alignment of a query sequence against
all sequences in a database such as Genbank, which
according to the NCBI website, contains more than 18
million sequences.

To make the homology searches against many se-
quences efficient enough while remaining sensitive (i.e.,
being able to find distant homologous sequences), most
homology search applications separate the process into
two steps: a quick and inexpensive search to find a list of
possible candidates from the entire list of sequences in a
database followed by a computationally intensive align-

1Dynamic programming is an efficient programming technique for
solving certain combinatorial problems when the solution of a
problem is obtained by combining the solutions of the subpro-
blems and the subproblems are not independent. Every subpro-
blem is solved once and reused during the construction of the
solution to the entire problem. Dynamic programming is particu-
larly important in bioinformatics as it is the basis of most
sequence alignment algorithms.

2Greedy algorithms are optimization methods that make local,
greedy decisions. The assumption underlying greedy algorithms
is that the path to the best global optimum is based on a series of
locally optimal steps.
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ment step for the reduced list of sequences generated in
the first step. The local alignment techniques mentioned
above are only used in the second step. In the first step,
indexing techniques that are borrowed from information
retrieval are used instead.

Based on the data structure used in the first step, the
algorithms for homologous sequence search can be divided
into two groups: hash-table-based and suffix-tree-based
(37).

Hash-table-based approaches typically use several
steps. In the first step, the sequences in the database are
indexed by using all possible substrings of a given size.
These substrings, which are also called seeds, represent
the hash key in the hash table. Each hash key points to
the sequences in the database that contain the corre-
sponding seed. This step is usually performed offline,
and the hash table needs to be updated only when the
database instance changes (e.g., when more sequences are
added to the database). The remaining steps are per-
formed online for each query sequence (i.e., input se-
quence). As explained in Ref. 37, these steps consist of
the selection of seeds from the hash table that match
substrings in the query sequence and the extension and
combination of the selected seeds using local alignment
algorithms. The seed combination and extension is needed
to obtain longer homologous regions.

The most important factor in the indexing is the size of
the hash key (i.e., the size of the sub-string), which is also
the size of the seed used during the matching process.
Longer seeds increase the computational efficiency of the
algorithm. However, longer seeds will also decrease the
sensitivity of the algorithm in such a way that distant
homologies may not be found (38). For DNA sequence
alignment, MEGABLAST (36) uses a seed of size 28 and
BL2SEQ(blastn) (39) uses a seed of size 11.

When a query sequence is aligned against the data-
base, the substrings of the query sequences are matched
against the seeds in the hash table. In most cases, only
exact matches of consecutive residues in a seed are
considered. In some cases and to avoid the seed extension
phase that can be computationally intensive (40), non-
consecutive seed matches are used. PatternHunter (38) is
an example alignment algorithm that uses this approach.
In PatternHunter, the residues of a hash table seed are
interleaved with ‘‘don’t care’’ filler residues to allow
matches to substrings in the query sequences that do
not include all residues in the seed one after the other.
This algorithm has been shown to be highly sensitive
while being computationally efficient (38).

The seed extension stage in a homology search is
computationally intensive. In this stage, an attempt is
made to extend the seed in both directions in an effort to
obtain longer homologous subsequences. Some algorithms
can reduce the computational time involved in this stage
by imposing restrictions on when the seed extension can
be performed. For example, Ref. 40 performs seed exten-
sion only when two seeds are found within a threshold
distance of each other, which leads to fewer seeds being
extended, and therefore, the computational time asso-
ciated with this stage of the homology search is reduced.
Another technique, called X-Drop, was also used to reduce

the complexity of the seed extension phase. This technique
extends seeds in both directions until the similarity score
achieved falls below the highest similarity score achieved
so far by a threshold value. This technique was used in
conjunction with the previously mentioned techniques for
reducing the computational cost of seed extension in Ref.
40, and it was used in a greedy-based homology search
algorithm in Ref. 36.

As mentioned, homology search algorithms can either
be hash-table-based or suffix-tree-based. A suffix of a given
sequence is a subsequence that begins at any position in
the sequence and includes all residues until the end of the
original sequence. Suffix-tree-based algorithms convert
sequences into suffix trees. A suffix tree stores all possible
suffixes of an input sequence where each leaf node of the
tree represents a unique suffix. An algorithm for sequence
alignment based on suffix trees was proposed in Ref. 41.
This algorithm builds a suffix tree for each target sequence
and then compares the query sequence to the suffix tree of
the target sequence. This algorithm is efficient and was
used to compare sequences of genomes.

Homology search algorithms are an active area of
research that is driven by the availability of new entire
genome sequences. Although similarity algorithms for
small sequences have matured enough to be able to offer
scientists a range of techniques from highly sensitive to
computationally efficient, there is still a need for homology
search algorithms that can align very large sequences
efficiently. These algorithms are needed to facilitate com-
parative studies of two or more genomes. Phylogenetic
studies can also benefit from the alignment of multiple
genome sequences.

4. DATABASE INFORMATION RETRIEVAL

Along with the rapid development of Web technologies, an
increasing amount of biological information has been
organized into databases and made available for public
access through the Web. The Journal of Nucleic Acids
Research has been documenting the status of public
biological databases in its first issue over the last 7 years.
According to this journal, there were only 200 databases in
1999 (42). This number has grown to 386 by the end of
2002 (43). These databases not only include sequences,
literatures, and experimental data (e.g., microarray data,
two-dimensional gel graphs, structure coordinates), but
they also include additional information such as gene
annotations, protein classifications, protein domain fea-
ture summaries, pathway graphs, genome map views,
structure images derived from coordinates, and microar-
ray experiment annotation. The information contained in
these databases can facilitate the discovery of new biolo-
gical knowledge.

Some popular databases include the online databases
supported by the National Center for Biotechnology In-
formation (NCBI) or the European Bioinformatics Insti-
tute (EBI). The (NCBI) (8) is a comprehensive resource for
biological data. The databases supported by NCBI include
GenBank, OMIM, and molecular modeling database,
among others. The NCBI also provides search tools such
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as Entrez, which links records in different databases and
the Blast family of tools for sequence similarity searches.
The EBI sequence retrieval system (SRS) server (44)
houses the SRS system, which integrates both databases
and sequence analysis applications. SRS covers 400 dif-
ferent databases including Medline and the EMBL Nu-
cleotide Sequence Database. Online databases have
helped promote data availability. Before Web databases,
information was difficult to obtain because it mainly
resided in journal archives. Other characteristics of the
biological data are equally important to availability, which
include quality, completeness, and flexibility of access (45).
The latter two characteristics are often equated to sup-
porting interoperability among biological databases.

The quality and completeness of the data are usually
hard to assess in most cases. For instance, the quality of
structure data can be evaluated because data must adhere
to specific rules, and thus, the correctness of structures
based on their coordinate sets can be evaluated (45).
However, assessing the quality of annotations is not
trivial. Scientists may sometimes test the quality of the
data in a new database by comparing the result of a
familiar query with the result they expect. However, this
test may not be indicative of the quality of the remainder
of the records in the database.

Many available databases have resulted in an active
research that focuses on supporting interoperability
among these databases. Support for the interoperability
among databases addresses two of the above-mentioned
factors, completeness and flexibility of access. If the
databases are integrated, then scientists can extract all
available information from all databases (completeness)
through a single point of access (flexibility). For more
detailed information on the subject, the reader is referred
to the article entitled BIOLOGICAL DATABASE INTEGRATION. In
this article, two of the most popular systems, Entrez from
NCBI and SRS from EBI, that provide an integrated view
of the biological databases are briefly discussed.

Entrez (8) uses hypertext linking to relate DNA and
protein sequence data and related information from var-
ious databases. Entrez uses two different types of links.
Simple cross-references are used to, for example, link a
protein sequence to its corresponding DNA sequence.
Other more complex hypertext links are generated from
similarities among a set of sequences or a set of abstracts.
Thus, sets of abstract that are ‘‘neighbors’’ using a speci-
fied similarity measure are linked.

The SRS system (44), which was briefly introduced
before, integrates many databases. This integration sys-
tem has been shown to be scalable for many databases in a
production environment. SRS uses a sophisticated index-
ing mechanism to link related records from different
databases. The indexing procedure used in SRS is similar
to techniques used for literature indexing. In addition,
SRS supports the use of views. Views allow scientists to
create a customized representation of a subset of the data.
Support for views can eliminate the need for specialized
databases.

Several challenges are associated with the integration
of multiple biological databases. A thorough discussion of
these challenges is provided in the article entitled BIOLO-

GICAL DATABASE INTEGRATION. Some major factors that can
hinder the efficient integration of biological databases are
data redundancy, data replication, and heterogeneous
data representation. Data in a given database can be
replicated totally or partially in another database. For
example, the protein family databases PROSITE (http://
us.expasy.org/prosite/), Pfam (http://www.sanger.ac.uk/
Software/Pfam/), and BLOCKS (http://www.blocks.fhcr-
c.org/) cluster proteins into different groups by using
different algorithms. The protein domain information
and member protein alignment within each cluster are
similar in these databases. For example, the zinc-contain-
ing alcohol dehydrogenases protein family information is
provided in PROSITE (entry PS00059, PS00058), Pfam
(entry PF00107), and BLOCKS (entry IPB002328). These
databases provide member proteins information, usually
through hyperlinks to protein sequence databases. Inter-
Pro is a database aiming to address the issue of data
redundancy and to support the interoperability among
databases in the case of protein classification.

5. TERMINOLOGY SYSTEMS

Experimental biology generates large amounts of data
from genome sequencing, microarray analysis, x-ray of
macromolecular structures, and so on. This information
resides in the literature and in various autonomous
databases. The rapid increase in the volume of literature
data and the many databases render the task of searching
for new findings difficult, in particular for a specific
domain (46). To support knowledge exchange among dif-
ferent life science disciplines, terminology systems, which
provide common nomenclatures, are critical.

There are several definitions and classifications of
terminology systems. In this article, a classification that
is appropriate to biological information retrieval is used.
Terminology systems are classified into three categories:
controlled vocabularies, task-specific ontologies, and pure
ontologies. Controlled vocabularies are task independent
and do not support logical reasoning. Support for logical
reasoning allows the ability of a given concept to be
derived from one or more other concepts. Task-specific
ontologies are restricted to specific applications and sup-
port logical reasoning. Pure ontologies can be reused for
various tasks and support logical reasoning.

Controlled vocabularies define a set of terms for a
specific domain. They are often used for literature index-
ing or gene annotation. Well-known examples of controlled
vocabularies include The Ontology for Molecular Biology
(MBO) (47), MeSH, GO (12), and UMLS. These vocabul-
aries were developed to facilitate communication of knowl-
edge among experts. Controlled vocabularies are usually
handcrafted and structured in hierarchical trees where a
descendant node corresponds to a subclass of the parent
node. MBO covers biological objects (e.g., gene and pro-
tein), experimental procedures, and computational as-
pects of molecular biology. MeSH is used by the National
Library of Medicine to index and catalog biomedical
literatures. This controlled vocabulary is organized in a
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hierarchical structure that consists of several levels of
specificity for the concepts.

The GO consortium is focused on developing structured
vocabularies for molecular functions, biological processes,
and cellular components that can be used across species.
GO contains three independent hierarchies: one for mole-
cular function, one for biological processes, and one for
cellular location. A simple tree-like inheritance structure
is sufficient for controlled vocabularies and makes the
implementation of a controlled vocabulary simpler and
more interpretable by human experts. As mentioned in
the Literature Searches section, GO has been used for
information extraction (48,11). It has also been used in the
annotation of 13 databases (http://www.geneontolo-
gy.org/). Using a common vocabulary can facilitate the
integration of heterogeneous biological databases. For
example, GeneCard (49) is an integrated system for
some databases annotated with GO.

UMLS integrates a collection of more than 60 vocabul-
aries. Some of these vocabularies have multiple editions.
Terms in these vocabularies are grouped into two levels.
First, terms from different vocabularies that are lexical
variants of each other, such as Zea mays, ZEA MAYS,
Corn, corn, Indian Corn, Maize, and maize, are clustered
into a unique concept and given a unique ID. Second,
concepts are linked through interconcept relationships
(e.g., broader, like, parent, child, sibling, etc.). These
interconcept relationships are either inherited from the
original source vocabularies or generated by UMLS. Many
source vocabularies of UMLS place the concepts they
include in some context (e.g., a hierarchical organization).
To preserve these various contextual views, UMLS does
not merge the various source vocabularies into a single
hierarchy. Thus, a single concept can appear in multiple
hierarchies within UMLS. For example, ‘‘fruits’’ is a child
of ‘‘technology, manufacturing, and agriculture,’’ ‘‘food,’’
and ‘‘Plant components’’ in different source vocabularies.
As mentioned in the Event Extraction section, UMLS is
used in event extraction systems (29,30).

The second category of terminology systems, task-spe-
cific ontologies, can be further divided into ontologies for
database schema description and ontologies for query
translation. Ontologies have been used in the EcoCyc
(50), HinCyc (51), and GDB databases (52) as database
schema. Both the EcoCyc and the GDB ontologies use an
object-oriented methodology in which each concept is
defined as an individual object class. Relationships are
defined explicitly between classes and their attributes and
between pairs of classes, which makes the database
schema more flexible, scalable, and readable.

TAMBIS (53) and BACIIS (54) rely on task-specific
ontologies for query translation. These systems integrate
heterogeneous and distributed biological databases. The
ontologies in both of these systems are used to translate
multi-database queries into database-specific subqueries.
The process includes two steps. User queries are decom-
posed into subqueries that can be processed by a single
source database. All subqueries are expressed by using
ontology terms. Then subqueries are translated into
source database-specific queries.

Pure ontologies are the third class of terminology
systems. They are reusable and application independent.
Few of this type of terminology system exist in the
biomedical domain. For example, the GLAN CORE ontol-
ogy (http://www.opengalen.org/) can be used for a vari-
ety of applications such as classification of surgical
procedures, electronic health-care records, clinical user
interfaces, decision support systems, knowledge access
systems, and natural language processing.

6. SUMMARY

Information retrieval technology has been used to gather
information from biological sequence data as well as from
functional and structural descriptions of biomaterials. To
handle the complex nature of the biological data, intelli-
gent data analysis approaches such as sequence align-
ment, document clustering, and terminology systems, are
used to facilitate the retrieval of semantically related
information that would not be retrieved through key-
word-based searches.

Current information retrieval techniques are enabling
the retrieval of information from digital libraries (e.g.,
Medline) and sequence databases (e.g., GenBank and
SWISS-PROT) with only a small number of false-positive
hits. Information retrieval has been used to advance
biomedical research in a variety of ways. For example, in
a survey of bioinformatics tasks (55) that biologists often
performed, 54% of the reported tasks can be classified
under ‘‘what is the function of my sequence.’’ Traditionally,
gene or protein functions were determined through la-
boratory experiments. Advances in computational biology
and information retrieval are enabling the prediction of
protein functions. For example, annotation tools such as
GeneQuiz (56) retrieve homologous gene or proteins
whose function may be similar to the input query se-
quence and then attempt to determine the function of this
sequence based on the annotation of the homologous
sequences.

7. FUTURE DIRECTIONS

Information retrieval in biomedical applications will be
able to facilitate even further the advancement of biome-
dical research if standard datasets that can be used to
benchmark information retrieval systems were available.
The need for standard evaluation mechanisms consisting
of task definition, training data (for machine learning
methods), test data, and evaluation methodology was
suggested in Ref. 14. One possible candidate for the
standard evaluation system is the Text Retrieval Confer-
ence (TREC), which has provided evaluations of Informa-
tion Retrieval (IR) systems every year since 1992. For each
research field in IR, TREC defines a topic (task), a collec-
tion of documents as test data, a method to judge the
relevance between the topic and each document, and a
method to score the participated IR systems. TREC estab-
lished a new track for the genomic domain in 2003, but the
evaluation system in this track is still immature (5).
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More efforts also are required to satisfy the complex
user requirements of IR in the biomedical domain. For
example, scientists prefer to browse data until they find
something interesting, rather than to provide an explicit
query, is partially because biomedical queries are too
complex to be formalized in normal IR systems. The
meaning of a query varies according to contexts. How to
capture the context of a user query, and how to customize
the retrieval according to user’s background, need to be
studied. In the biomedical domain, the retrieved informa-
tion is heterogeneous and in large volume. More impor-
tantly, the quality of data is critical. Therefore, integration
and summarization of retrieved information is necessary.
This task is closely related to the research of information
extraction. In terms of data quality, the first step is to keep
track of a data source for all retrieved information. The
ultimate goal is to establish a ranking algorithm that can
benefit high-quality data sources. Novelty detection is an
emerging field even in the whole IR research; yet it is
important in the biomedical domain. Biomedical data are
updated frequently; therefore, biologists need to keep
track of developments related to their research (e.g.,
research of a particular protein). In this case, only new
information should be returned.

Terminology systems are another area that can benefit
from additional research. For example, ontology induction
is a process that consists of deriving an ontology auto-
matically or semiautomatically. Ontology induction also
includes the automated update of legacy ontologies. Fu-
ture development in information retrieval may be able to
address this issue.
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1. INTRODUCTION

Studies (1,2) have shown that both children and adults
benefit substantially from access to a means of indepen-
dent mobility, including power wheelchairs, manual
wheelchairs, scooters, and walkers. Independent mobility
increases vocational and educational opportunities, re-
duces dependence on caregivers and family members,
and promotes feelings of self-reliance. For young children,
independent mobility serves as the foundation of much
early learning (1). Nonambulatory children lack access to
the wealth of stimuli afforded to self-ambulating children.
This lack of exploration and control often produces a cycle
of deprivation and reduced motivation that leads to
learned helplessness (3).

For adults, independent mobility is an important aspect
of self-esteem (2) and plays a pivotal role in ‘‘aging in
place.’’ For example, if older people find it increasingly
difficult to walk or wheel themselves to the commode, they
may do so less often or may drink less fluids to reduce the
frequency of urination. If help is not routinely available in
the home when needed, a move to a more enabling envi-
ronment (e.g., assisted living) may be necessary. Mobility
limitations are the leading cause of functional limitations
among adults, with an estimated prevalence of 40 per
1000 persons aged 18 to 44 years and 188 per 1000 aged 85
years and older (4). Mobility difficulties are also strong
predictors of activities of daily living (ADL) and instru-
mental activities of daily living (IADL) disabilities, be-
cause of the need to move to accomplish many of these
activities. In addition, impaired mobility often results in
decreased opportunity to socialize and in social isolation,
anxiety, and depression. For example, 31% of persons with
major mobility difficulties reported being frequently de-
pressed or anxious, compared with only 4% of persons
without mobility difficulties (5).

Although the needs of many persons with disabilities
can be satisfied with traditional mobility aids (e.g., canes,
walkers, manual wheelchairs, power wheelchairs, scoot-
ers, etc.) a segment of the disabled community exists who
find it difficult or impossible to use traditional mobility
aids independently. This population includes, but is not
limited to, persons with low vision, visual field neglect,
spasticity, tremors, or cognitive deficits. People in this
population often lack independent mobility and are reliant
on a caregiver to push them in a manual wheelchair.

To accommodate them, researchers have used technol-
ogies originally developed for mobile robots to create in-
telligent mobility aids (IMAs). These devices typically
consist of either a traditional mobility aid to which a com-
puter and a collection of sensors have been added or a
mobile robot base to which a seat and/or handlebars have
been attached. IMAs have been designed based on a vari-

ety of traditional mobility aids and provide navigation as-
sistance to the user in several different ways (e.g.,
assuring collision-free travel, aiding the performance of
specific tasks, and autonomously transporting the user
between locations).

This article presents a survey of research in the area of
IMAs. In our survey, we have chosen to focus exclusively
on IMAs that make use of wheels—specifically, wheel-
chairs and wheeled walkers. The primary consequence of
this decision is that we do not discuss a significant number
of electronic travel aids (ETAs) designed for persons with
visual impairments (e.g., Ref. 6) who are ambulatory. Al-
though ETAs also represent applications of mobile robotics
technology, they face very different design issues because
they are typically worn or carried and have no ability to
directly effect the user’s speed or direction of travel.

2. SMART POWER WHEELCHAIRS

The earliest ‘‘smart wheelchair’’ located by the authors
was developed at Arizona State University (7). The ‘‘Au-
tonomous Vehicle for the Disabled’’ used sonar sensors to
center itself in a hallway and computer vision to identify
landmarks that uniquely determined the wheelchair’s lo-
cation within an office building. The wheelchair could plan
and execute a path between two rooms on the same floor at
a maximum speed of 10 in/s.

Table 1 lists several smart wheelchair projects that
were actively being developed at the time this article was
written. Several research projects (15,24–26) are based on
the TinMan Smart Wheelchair. The TinMan wheelchairs
were first developed in 1993 (27) with the goal of providing
an open architecture for smart wheelchair research. By
having several researchers using basically the same
equipment, but with different research goals, it was hoped
that development of smart wheelchair capabilities will
proceed more quickly. Each TinMan wheelchair is custom-
ized for a particular research project, and a variety of sen-
sors have been successfully integrated into the system,
including infrared proximity sensors, infrared rangefind-
ers, sonar sensors, bump sensors, positional wheel encod-
ers, stereo cameras, the Cognachrome color tracking
system (28), and the Videre1 stereo head (23).

A useful way of classifying smart wheelchairs is based
on the degree to which the components of the smart wheel-
chair are integrated with the underlying mobility device.
The majority of smart wheelchairs that have been devel-
oped to date have been tightly integrated with the under-
lying power wheelchair (e.g., Refs. 14,29–31), requiring
significant modifications to function properly. A smaller
number of smart wheelchairs (e.g., Refs. 32 and 33) have
been designed as ‘‘add-on’’ units that can be attached and
removed from the underlying power wheelchair.

Despite a long history of research in this area, there are
very few smart wheelchairs currently on the market (Ta-
ble 2). Two North American companies, Applied AI (34)
and ActivMedia, sell smart wheelchair prototypes for use
by researchers, but neither system is intended for use

1http://www.videredesign.com/.

1
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outside of a research laboratory.2 The CALL Center smart
wheelchair is sold in the United Kingdom (U.K.) and Eu-
rope by Smile Rehab, Ltd. (Berkshire, U.K.) as the ‘‘Smart
Wheelchair.’’ The ‘‘Smart Box,’’ which is also sold by Smile
Rehab in the United Kingdom and Europe, is compatible
with wheelchairs using either Penny and Giles or Dynam-
ics control electronics and includes bump sensors (but not
sonar sensors) and the ability to follow tape tracks on the
floor.

The CALL Centre has, by far, the most clinical experi-
ence in using smart wheelchairs (35). The CALL Centre
uses a standard power wheelchair equipped with bump
sensors and a line tracking sensors as an instructional tool
for children learning to operate a power wheelchair. Cli-
ents use the smart wheelchair to progress along the con-
tinuum shown in Fig. 1, until they (1) reach the limit of
their control potential (at which point they continue to use

the smart wheelchair as a mobility aid) or (2) reach the
point where they are fully independent.

3. SMART WHEELED WALKERS

As shown in Table 3, there are several IMAs based on
wheeled walkers (i.e., rollators) currently being developed.
The goal of these devices is to provide the basic support of
a traditional rollator coupled with the obstacle avoidance
capability of a mobile robot. Ideally, these devices function
like a normal rollator most of the time, but they provide
navigational and avoidance assistance whenever neces-
sary.

Researchers at the Massachusetts Institute of Technol-
ogy have developed a prototype walking aid system to as-
sist the elderly who are either living independently or in
senior-assisted living facilities (40). The Personal Aid for
Mobility and Monitoring (PAMM) has omnidirectional
drive, locates itself by reading sign posts, detects and
avoids obstacles, and measures the forces and torques on

Table 1. Intelligent Mobility Aids Based on Power Wheelchairs

System Sensors Description

CPWNS (8) Vision, Dead Reckoning Can automatically reproduce routes that are taught to the
system by manually driving the wheelchair from a
starting point to a goal point.

The Intelligent Wheelchair (9) Vision, Infrared, Sonar Based on TinMan. Exploring autonomous navigation
through vision-based landmark detection.

Intelligent Wheelchair System (10) Vision, Sonar, Gesture
Recognition

User provides input to system through facial gestures,
which are interpreted through computer vision
techniques. Response to user input (facial gestures)
adapts based on wheelchair’s surroundings.

INRO (11) GPS, Sonar, Drop-Off Detector Autonomous navigation and wheelchair convoying.
Luoson III (12) Gyroscope, Sonar, Compass,

Vision
Provides shared navigation assistance (obstacle avoidance)

and target tracking.
MAid (13) Sonar, Infrared, Laser Range

Finder, Dead Reckoning
Semi-autonomous modes provide task-specific behaviors

like entering a restroom. Fully autonomous mode
navigates to a goal position supplied by the user.

OMNI (14) Sonar, Infrared, Bump, Dead
Reckoning

Provides obstacle avoidance and task-specific operating
modes.

RobChair (15) Sonar, Infrared, Bump Based on TinMan. Provides local obstacle avoidance
assistance.

Rolland (16) Vision, Sonar, Dead Reckoning,
Infrared, Bump

Learns an environment while navigating. Can then plan
paths through the learned environment. Also learns
obstacle avoidance behavior through training.

SENARIO (17) Dead Reckoning, Sonar,
Infrared, Laser Rangefinder

Provides shared-control navigation (obstacle avoidance)
and autonomous navigation.

SIRIUS (18) Sonar, Dead Reckoning Provides obstacle avoidance and ‘‘playback’’ of recorded
routes.

Smart Wheelchair (19) Line Trackers, Bump Sensors Used as a mobility training aid. Can follow lines and backs
up when it collides with an obstacle.

Smart Wheelchair (20) Ultrasonic Beacons Determines its location by time-of-flight. Provides
autonomous navigation but not obstacle avoidance.

TetraNauta (21) Vision, Infrared, Sonar, Bump Provides autonomous navigation by following landmarks
in the environment.

VAHM (22) Sonar, Infrared, Dead Reckoning Offers autonomous navigation based on an internal map
and semi-autonomous navigation in which the VAHM
provides obstacle avoidance in the form of two
behavioral primitives (follow wall, avoid obstacles).

Wheelesley (23) Vision, Infrared, Sonar Based on TinMan. Provides operating modes for both
indoor and outdoor navigation.

2Note that ActivMedia has received funding from the National
Institutes of Health (Grant 2R44HD041781-02) to develop a
smart wheelchair that is intended for clinical use.
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the handle to estimate the user’s intent. The device uses
both user input and obstacle detection to prevent colli-
sions. However, the user has control over which obstacle-
free path to traverse.

The Medical Automation Research Center at the Uni-
versity of Virginia has also developed a pedestrian mobil-
ity aid for the elderly (41). The device consists of a
commercially available three-wheeled rollator frame, la-
ser and infrared rangefinders, a front-wheel motor, and
force sensors in the handles. The walker can detect and
avoid obstacles and varies its goals and level of activity
based on an estimation of the user’s intentions. The device
senses user steering input through the sensors embedded
in the handles. The control agent infers what the user’s
intended path is by considering sensory data, user input,

history, and position and orientation. Weighted paths are
determined according to the orientation of the device, the
length of the path, and the history of the user’s steering
input.

The Fraunhofer Institute of Manufacturing Engineer-
ing and Automation has developed an intelligent walking
aid system based on the Care-O-bot (36). The device per-
forms autonomous obstacle avoidance and path planning.
In direct user control mode, the user pushes the robot, and
in target mode, the user follows the robot to a specified
goal along a preplanned path.

The Care-O-bot uses a reactive obstacle avoidance al-
gorithm known as PolarBug. A visibility graph is created
for finding the shortest collision-free path for the device.
The path is evaluated, and if there is a problem, the next

Table 2. Comparison of Commercially Available Smart Wheelchairs

Wheelchair Smart Wheelchair Smart Box TAO-7
Wheelchair
Pathfinder Robotic Chariot

Distributor Smile Rehab, Ltd. Smile Rehab, Ltd Applied AI Nurion Industries ActivMedia
Price $14,200 $5,000 $37,400 $4,500 $36,490
Sensors Sonar, Bump

Sensors, Line
Detection

Bump Sensors,
Line Detection

Sonar, Infrared
Rangefinders,
Computer Vision

Sonar, Laser
Rangefinder

Laser Rangefinder,
Shaft Encoders,
Bump Sensors,
GPS (optional),
Computer Vision
(optional)

Operating Modes Bump & stop,
bump & back-off,
bump & turn,
line following

Bump & stop,
bump & back-off,
bump & turn,
line following

Wander randomly,
shared
navigation,
autonomous
navigation

Vibrates when
obstacle or drop-
off is detected.
No active control
of wheelchair.

Wander randomly,
shared
navigation,
autonomous
navigation

Wheelchair
Included?

Yes No Yes No Yes

User Population Children Children or Adults Researchers Children or Adults
with visual
impairments

Researchers

Figure 1. Skill progression using the CALL
Centre smart wheelchair (taken from Ref. 35).
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shortest path is selected. This process continues until an
adequate reference path is determined. Robot configura-
tions (i.e., waypoints with target orientations for the ro-
bot) are then placed along the selected path so that the
device can move from one position and orientation to the
next while avoiding all obstacles on the map.

The GuideCane is semi-autonomous device that pro-
vides full autonomy for obstacle avoidance, but it requires
user input for path planning and localization (37). This
device is intended solely for navigation and does not pro-
vide mobility support like IMAs based on rollators. The
device is equipped with ten ultrasonic sensors and is con-
trolled by a central computer and servomotors on both
wheels. The GuideCane builds a local map of its surround-
ings using a two-dimensional certainty grid. The local ob-
stacle avoidance algorithm then determines the most
appropriate instantaneous directional motion.

An IMA that is currently making the transition from
research project to commercial product is the PAM-AID
(39,42). The PAM-AID, which is marketed as the Guido,3

consists of a mobile robot base to which sonar sensors, a
laser rangefinder, and a pair of handles (oriented like bi-
cycle handles) have been added. The PAM-AID is being
developed to assist elderly persons who have both mobility
and visual impairments, and it has two different control
modes. In manual mode, the user has complete control
over the walker. Voice messages describing landmarks and
obstacles are given to the user. In automatic mode, the
device uses the sensor information along with the user’s
input to negotiate a safe path around obstacles. The cen-
tral processing unit controls motors that can direct the
front wheels of the walker away from obstacles.

4. DISCUSSION

One useful way to classify IMAs is based on how they al-
locate control between the user and the device. Some IMAs
(e.g., Refs. 8,9,19,43 and 44) operate almost entirely au-
tonomously: The user gives the system a final destination
and supervises as the smart wheelchair navigates to the
target location. To reach their destination, these systems
typically require either a complete map of the area
through which they navigate or some sort of modifications
to their environment (e.g., tape tracks placed on the floor
or markers placed on the walls), and they usually cannot
compensate for unplanned obstacles or travel in unknown
areas. Smart wheelchairs in this category are most appro-
priate for users who (1) lack the ability to plan and/or ex-
ecute a path to a destination and (2) spend most of their
time within the same controlled environment.

Other IMAs confine their assistance to collision avoid-
ance and leave the majority of planning and navigation
duties to the user (e.g., Refs. 27,32,42,45 and 46). These
systems do not normally require prior knowledge of an
area or any specific alterations to the environment. They
do, however, require more planning and continuous effort
on the part of the user and are only appropriate for users
who can effectively plan and execute a path to a destina-
tion. Finally, a third group of IMAs offers both autonomous
and semi-autonomous navigation (e.g., Refs. 14,17,22,40
and 47).

Another useful method of distinguishing IMAs is based
on whether a given IMA offers multiple configurations (or
operating modes), each designed for a specific set of tasks
and input methods. For example, the NavChair (45) offers
three distinct operating modes for (1) traversing a room
while avoiding obstacles, (2) passing through doorways,
and (3) following a wall down a hallway. The PAMM has

Table 3. Intelligent Mobility Aids Based on Wheeled Walkers

Device Name Sensors Description

Care-O-bot (36) Laser Rangefinder, Gyroscope A mobile robot with handles attached. Acts as a smart walker but
also performs fetch-and-carry tasks and facilitates
communication with relatives.

GuideCane (37) Sonar, Dead Reckoning Mobile robot with long handle intended to replace guide dog. Uses
sonar sensors to identify obstacles.

HITOMI (38) Sonar, Dead Reckoning,
Computer Vision, Bump

A power wheelchair equipped with computer vision, sonar
sensors, and bump sensors. The user walks behind the
wheelchair while holding on to the push handles.

PAM-AID (39) Sonar, Dead Reckoning, Laser
Rangefinder

An obstacle-avoiding rollator for the frail blind. Uses sonar
sensors and a laser range finder to identify and avoid obstacles.
Rollator influences direction of travel by rotating casters, user-
supplied power. Commercialized as Guido

PAMM (40) Computer Vision, Sonar, Dead
Reckoning

An obstacle-avoiding rollator that uses computer vision to locate
beacons on the ceiling for localization within a facility and uses
a wireless modem to receive information about the user’s
schedule and maps of the facility.

Robotic Walker Sonar, Infrared Rangefinders,
Laser Rangefinder, Bump

Provides navigational guidance using a suite of software for robot
localization and navigation, combined with a shared-control
haptic interface.

Smart Walker (41) Laser Rangefinder, Infrared
Rangefinder, Dead Reckoning

An obstacle-avoiding rollator for the frail blind. Uses sonar
sensors and a laser range finder to identify and avoid obstacles.
Rollator influences direction of travel by rotating casters, user-
supplied power.

3http://www.haptica.com.
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four different control modes. The first mode gives full con-
trol of the device to the user. The controller performs path
planning and obstacle avoidance in modes two and three,
with the difference being whether the PAMM (mode two)
or the user (mode three) determines the speed of travel. In
the fourth operating mode, the user can alter both the
speed and the direction of travel (although the PAMM acts
to steer the user back toward the planned path of travel).
Several other IMAs also offer task specific behaviors, as
well (14,23,46–48). IMAs in this category can accommo-
date a wider range of needs and abilities but present the
added requirement of selecting the most appropriate con-
figuration for a given task.

The responsibility for selecting the most appropriate
operating mode can be performed by the user (manual
adaptation to changing task requirements) or the IMA
(automatic adaptation). The TinMan smart wheelchair
(49) provides an example of manual adaptation. Users
can change the setting of a dial to specify the amount of
obstacle avoidance assistance provided by the chair. The
PAM-AID (42), NavChair (50), and the TAO systems (47),
on the other hand, use automatic adaptation. The PAM-
AID and NavChair use probabilistic reasoning techniques
to make adaptation decisions, whereas the TAO system
uses a subsumption architecture to allow the most appro-
priate behavior to emerge from a collection of potential
behaviors.

5. FUTURE RESEARCH

IMAs will remain fertile ground for technological research
for many years to come. They are excellent testbeds for
research in sensors, particularly machine vision (e.g.,
Refs. 9 and 51) and provide an opportunity to study hu-
man–robot interaction, adaptive and/or shared control,
and novel input methods, such as voice (e.g., Refs. 30
and 52), EOG (e.g., Refs. 53 and 54), and eye-gaze (e.g.,
Refs. 55 and 56). Furthermore, IMAs will continue to serve
as testbeds for robot control architectures (e.g., Refs. 15
and 57).

Although a significant amount of effort has been de-
voted to the development of IMAs, there has been scant
attention paid to evaluating their performance. Very few
IMAs have involved people with disabilities in their eval-
uation activities. Furthermore, no IMA has been subjected
to a rigorous, controlled evaluation that involves extended
use in real-world settings. Conducting user trials is diffi-
cult for several reasons. Some users do not show any im-
mediate improvement in navigation skills (measured in
terms of average velocity and number of collisions) when
using an IMA on a closed course in a laboratory setting.
This could happen because the IMA does not work very
well, or because the user was already good enough that
little improvement was possible. Users who have the po-
tential to show large performance gains, on the other
hand, often have little or no experience with independent
mobility, and they may need a significant amount of train-
ing before they are ready to participate in valid user trials.

The primary obstacle to conducting long-term studies is
the prohibitive hardware cost associated with construct-

ing enough devices for such a study. Long-term studies are
necessary, however, because the actual effects of using an
IMA for an extended period of time are unknown. Some
smart wheelchairs (e.g., The CALL Centre) are intended
to be used as a means of developing the skills necessary to
use standard wheelchairs safely and independently. Most
investigators, however, have intended their IMA to be a
person’s permanent mobility solution or have not ad-
dressed the issue at all. It is possible that using an IMA
could actually diminish a person’s ability to use a standard
wheelchair or wheeled walker, as that person comes to
rely on the navigation assistance provided by the IMA.
Ultimately, it is likely that for some users (particularly
children), IMAs will be effective ‘‘training wheels’’ that can
be used to teach the most basic mobility skills (e.g., cause
and effect, starting and stopping on command), and for
other users, IMAs will be permanent solutions.

The distinction between using an IMA as a mobility
aid, a training tool, or an evaluation instrument is also
worthy of study. Each of these functions is unique, and
requires very different behavior. As a mobility aid, the
IMA’s goal is to help the user reach a destination as
quickly and comfortably as possible. Feedback to the
user is kept to a minimum to avoid distractions, and col-
lisions are to be avoided. As a training tool, on the other
hand, the goal is to develop specific skills. In this case,
feedback is likely to be significantly increased, and the
extent to which the IMA complies with the user’s input
will be a function of the actual training activity. Finally, as
an evaluation instrument, the IMA’s goal is to record ac-
tivity without intervention. In this case, there would likely
be no feedback or active navigation assistance to the user.

6. CONCLUSIONS

Several barriers must be overcome before IMAs can be-
come widely used. A significant technical issue is the cost/
accuracy tradeoff that must be made with existing sensors.
Until there is an inexpensive sensor that can detect ob-
stacles and drop-offs over a wide range of operating con-
ditions and surface materials, liability concerns will limit
IMAs to indoor environments. To date, only a few IMAs
have made a token effort at operating outdoors, and most
IMAs focus their efforts entirely on indoor environments.
Only Wheelesley (23) has separate operating modes for
indoor and outdoor navigation.

Another technical issue is the lack of a standard com-
munication protocol for wheelchair input devices (e.g., joy-
sticks and pneumatic switches) and wheelchair motor
controllers. There have been several efforts to develop a
standard protocol [e.g., M3S (58)], but none has been
adopted by industry. A standard protocol would greatly
simplify the task of interfacing smart wheelchair technol-
ogy with the underlying wheelchair.

Even if these technical barriers are overcome, there
remain issues of clinical acceptance and reimbursement.
Third-party payers are unlikely to reimburse clients for
the expense of IMAs until they have been proven to be
efficacious, if not cost-effective. Unfortunately, the evi-
dence needed to prove efficacy will not exist until suffi-
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cient numbers of IMAs have been prescribed, and this will
not be possible without adequate numbers of clinicians
with training and expertise in the use of this technology.
IMAs are expensive and complicated, so the familiariza-
tion and training effort will require the extensive re-
sources and infrastructure that only the durable medical
equipment manufacturers (e.g., Permobil, Invacare, Pride
Mobility, and Sunrise Medical) possess.

This is not to imply, however, that IMAs cannot be
commercialized. IMAs are ready, today, for use in indoor
environments that have been modified to prevent access to
drop-offs. These modifications can take the form of ‘‘baby
gates’’ or doors in front of stairwells and ramps placed over
single steps. The first IMA that is commercially successful
in North America is likely to be marketed as a device that
can be operated independently indoors but must be con-
trolled by an attendant outdoors or in unmodified indoor
environments. However, as sensor technology improves,
the environments in which IMAs can safely operate will
continue to expand.
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1. INTRODUCTION

Patient monitoring in hospital and other settings involves
the recording of a patient’s physiological parameters, such
as heart and respiratory rate, electrocardiogram (ECG),
collection of laboratory results (e.g., hematology and
chemical tests), and assessment of a patient’s health sta-
tus. Especially in acute care environments such as the in-
tensive care unit (ICU) and the operating room (OR),
patient monitoring is crucial because immediate reaction
to acute events, support of patient vital functions (e.g.,
respiration), and therapeutic interventions might be
needed.

In the patient monitoring process, health-care profes-
sionals have to cope with a vast amount of information
and perform a series of control actions and decision-mak-
ing tasks. The obtained physiological parameters along
with information from therapeutic devices and other pa-
tient-related data (demographic, medical record, etc.)
must be interpreted and validated. In addition to this
data overload, health professionals must reach diagnostic
conclusions and prescribe therapy plans based on their
expertise and clinical judgment. However, the complexity
of most clinical cases and the inherent vagueness among
symptoms, signs, and diseases often impede accurate and
reliable clinical decisions. It also requires a high degree of
expertise that varies significantly among health profes-
sionals or even is not available (e.g., in rural health cen-
ters). In addition, the acuity of the clinical environment
frequently necessitates real-time decision making, prompt
response to life-threatening events, and handling of a va-
riety of medical devices.

In this sense, patient monitoring might become a valu-
able tool if specialists’ expertise and knowledge can be
used in the assessment of patient health status. Today,
several patient monitoring systems are computer-based
and collect and analyze patient data from a variety of
medical devices. They provide processed data, and in some
cases, they incorporate medical knowledge to help health
professionals in the decision-making process. The capacity
of such patient monitoring systems can be enhanced with
artificial intelligence.

Artificial intelligence (AI) aims to simulate the way
medical professionals analyze, think, reason, and draw
decisions in patient care. Artificial intelligent systems can
represent, organize, and/or learn the practical and theo-
retical medical knowledge of experienced specialists. They
are autonomous and automated systems endowed with
large quantities of knowledge on relations among a pa-
tient’s symptoms, signs, laboratory results, and other clin-
ical findings, and their underlying pathologies to reach
diagnostic and therapeutic decisions. Rather than simply

collecting and storing a patient’s vital signs and providing
raw data, the role of an intelligent patient monitoring
system is to perform data interpretation and validation to
offer the health professionals the information actually
needed. Intelligent patient monitoring systems are re-
sponsible to assess a patient’s physiological status, notify
of alarm conditions, give expert advice, react to critical
events, make diagnostic decisions, and take, if possible,
therapeutic actions. In addition, they contribute to the
automation of the clinical workflow, carry routine clinical
tasks, and control the function of life-supporting devices.

Such systems can be a part of clinical environments for
the collection and processing of data from various medical
devices that are located in different units. Usually, these
systems are connected to the hospital information sys-
tems. They are parts of an integrated hospital environ-
ment and in most cases save time and make the patient
management more effective.

Monitoring of critically ill patients in the OR and ICU
encompasses the involvement of medical personnel and a
variety of bedside computer-based monitors and other spe-
cialized equipment. For example, anesthetists are respon-
sible to monitor and control the depth of anesthesia to
avoid awareness during surgical procedures, ensure pain
relief, and achieve muscle relaxation. Monitoring the
depth of anesthesia aims also at decreasing anesthetic re-
quirements and thus provides faster emergence from an-
esthesia and ultimately faster discharge from the post-
anesthesia care unit. On the other hand, intensivists’ re-
sponsibilities range from monitoring the function of a pa-
tient’s vital organs to the adjustment of the mechanical
ventilation settings and the determination of weaning
from the patient. This complex and dynamic process in-
volves heavily instrumented patients often connected to
many monitoring and therapeutic devices and the record-
ing of a variety of data.

In other hospital departments, temperature readings,
multilead ECG recordings, and laboratory chemical and
hematological results are also collected from hospitalized
patients. These data are recorded from bedside point-of-
care monitors and in-hospital telemetry units and are
transmitted through the hospital’s network to a central-
ized system to generate alerts and daily reports and to be
integrated into the computer patient record for additional
analysis.

Increasingly, such data are also obtained from patients
in out-hospital environments. Continuous or intermittent
monitoring of patients during their daily life or at the
point-of-need, e.g., the accident sites, ambulances, outpa-
tient surgeries, and remote places (rural areas, on-board
ships, battlefields, etc.), becomes feasible through tele-
medicine solutions. Development of ambulatory and
home monitoring systems facilitates the management of
acute and chronic diseases, evaluation of the rehabilita-
tion progress and early diagnosis, prevention, and prompt
medical care. These systems often involve noninvasive
sensors and record patients’ vital signs through portable
or wearable devices. Traditional systems store collected
data on tapes or smart cards to be used later by specialists,
whereas up-to-date telemonitoring systems involve stan-
dard or advanced communication means. Such systems
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are capable of automatic collection and transmission of a
patient’s vital signs to physicians’ offices and/or to cen-
tralized systems at hospitals, as well as the provision of
medical services locally. These so-called patient-centric
systems, however, require advanced wearable devices, mi-
cro- and nanotechnology, and access to data networks.

In general, intelligent patient monitoring systems are
preferable, because they are unbiased and their decision
competence is always in favor of the patient. Some sys-
tems exhibit high specificity when operated in their lim-
ited domain of expertise. They lack, however, flexibility
and effectiveness when they are applied to more generic
fields. Many systems and architectures have been devel-
oped over the last three decades primarily for the intelli-
gent monitoring of patients in critical care environments.
The emerging advances in information and communica-
tion technology and the rapid developments in biomedical
instrumentation have revolutionized outpatient monitor-
ing systems as well.

2. A REALISTIC SCENARIO

In a clinical environment equipped with intelligent pa-
tient monitoring systems, health professionals have the
opportunity to be extremely effective and improve the
quality of health care. They are the decision-making per-
sonnel, but this process is assisted and complemented by
monitoring devices. The following scenario describes their
clinical actions and the role of patient monitoring devices.

A 50-year-old man suffering from paroxysmal atrial fi-
brillation is admitted to the emergency room with chest
pain and short-breath symptoms. A clinician examines the
patient with an ECG microprocessor-based monitor and
asks for biochemical and hematological tests. The process-
ing algorithms of the monitor detect ST segment devia-
tion, and the monitor indicates acute myocardial
infraction, which is also confirmed by the biochemical
findings. Immediately, thrombolytic treatment is offered
to the patient, and the patient is transferred to the coro-
nary ICU (CICU or CCU). A CCU nurse places a 12-lead
ECG and attaches a blood pressure cuff to the patient,
which are properly connected to the measurement mod-
ules of a bedside physiological monitor. At short time in-
tervals, blood analysis tests are carried out at the point-of-
care with a blood sample cartridge also connected to the
monitor. The ECG waveforms, the blood pressure, and the
test results are displayed on the monitor and are auto-
matically transferred to the CCU information system.
Trend plots and reports of the measured data are gener-
ated periodically for review and evaluation. Suddenly, the
monitor detects a significant variation in the R–R inter-
vals (the time interval between two consecutive ventricu-
lar depolarizations), and its decision-support capabilities
classify this arrhythmia as atrial fibrillation. A visual and
audible alert is set off, and the CCU professionals are
prompted to provide the proper medication. The patient’s
acute condition eventually results in a brain stroke, and
the patient must be transferred to the ICU, where his res-
piration now is supported by a ventilator. To assess his
pulmonary function, a finger-clip pulse oximeter measures

the level of oxygen saturation (SpO2), electrodes are ap-
plied for transcutaneous blood gas measurements, and a
Swan–Ganz catheter is inserted through an arterial line to
measure the cardiac output. Ventilator settings (inspira-
tion, expiration rate, tidal volume, etc.) are controlled and
adjusted according to a patient’s pulmonary function. Pos-
sible detachment of the breathing mask as well as of any
other sensor will immediately trigger an alarm to notify
the ICU personnel.

This case makes clear how monitoring systems en-
dowed with intelligence can contribute to the automation
of the various stages of the monitoring process. It also il-
lustrates the plethora of data to be collected and the va-
riety of devices that must be handled by the medical staff.
It becomes manifest that proper interpretation of data,
provision of alarms, and accurate assessment of the actual
clinical situation are essential elements for physicians to
obtain a better view of the patient status and perform ef-
fective decision making.

3. ACQUISITION AND ANALYSIS OF PHYSIOLOGICAL
MEASUREMENTS

Biosensors, electrodes, and transducers interface with the
human body to measure bioelectrical activity, physiologi-
cal, chemical, and other biological events. Most monitored
physiological parameters can be either directly sensed or
transduced. We can classify physiological measurements
into two categories:

* Invasive: The sensor is either inserted subcutane-
ously after a small incision or even placed inside the
patient after a short operation.

* Noninvasive: An external sensor for the transcuta-
neous measurement of a physiological parameter.

External and intravascular sensors are used for measur-
ing blood pressure; strain gauges and impedance for re-
cording respiration rate; optical sensors for determining
oxygen saturation; and electromagnetic probes for the
transcutaneous monitoring of blood flow (1). Furthermore,
novel pressure and flow sensors as well as miniature cath-
eters have been developed for the assessment of a variety
of cardiopulmonary parameters. Significant advances
have also been made in the noninvasive measurement of
blood gases (PO2, PCO2) with electrodes on the skin sur-
face, pH through fiber optics, and other ‘‘dry’’ chemical
sensors to determine the concentration of substances in
solutions. An instantaneous value of these parameters is
available after appropriate signal conditioning (amplifica-
tion, calibration, filtering) and processing (e.g., compen-
sation, detection of peak values). In addition, some other
indicators can be derived from indirect measurements,
such as cardiac output and pulmonary parameters.

However, the analysis of biosignals, such as the ECG
and electroencephalogram (EEG), to obtain physiological
parameters, such as heart rate and level of sedation, and
to detect related events (arrhythmia, ischemic episodes) is
not a trivial process. It involves advanced signal process-
ing techniques for noise reduction, artifact removal, and
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calculation of signal characteristics and other information
not evident in the raw signals. These techniques are usu-
ally based on the extraction of waveform features, such as
R–R and QRS (the wave in ECG that corresponds to ven-
tricular depolarization) complex morphology features in
ECG and the estimation of the spectral content (with, for
example, fast Fourier transform) (2). These features can
then be used for statistical analysis, trend detection, and
classification purposes (e.g., arrhythmia classification). In
general, biosignal analysis is a faceted and wide domain
involving a large corpus of research groups working
worldwide.

4. PATIENT MONITORING TECHNOLOGY

The earliest monitors in the hospital settings were stand-
alone devices solely dedicated to displaying physiological
signals, with limited processing capabilities related to
noise removal, filtering, and detection of values lying out
of predefined upper and lower thresholds. Collection of
various vital parameters and laboratory tests required the
employment of multiple devices. Physicians had to spend a
lot of time with data collection, storage, and printing and
deal with raw signals and numeric values to transform
data into valuable information.

Nowadays, since significant developments in biomedi-
cal instrumentation, monitors offer multiple embedded
measurement modules that can simultaneously record
and display an enormous amount of signals from a vari-
ety of sensors (Fig. 1). Real-time data analysis and ad-
vanced signal processing techniques are built in to provide
numeric data and multichannel waveforms, extract fea-
tures, issue alarms, and detect events. Clinicians and
nurses can consult trend plots and statistical data and re-
call interesting recordings (3). These tasks can be per-
formed at the patient’s side through user-friendly
interfaces. In addition, bedside monitors and other de-
vices transmit vital data and device settings to the exist-
ing information systems. Integration of patient signs with
information from medical records and shift reports, access
to data from remote sources and central laboratories, au-
tomatic generation of daily reports, reminders, and pager
alerts assist physicians in their effort to achieve informed
decision making and offer advanced patient care. In this
respect, the Institute of Electrical and Electronics Engi-
neers (IEEE) standards committee has developed a stan-
dard for medical device data communication, IEEE Std
1073—the Medical Information Bus (MIB) (4). Using this
standard, interconnection of bedside monitors, intrave-
nous (IV) infusion pumps, and ventilators becomes feasi-
ble in acute care environments. The IEEE committee
makes a considerable effort to support interoperability
with information systems based on Health Level 7 (HL-
7) (5). Even though communication and data exchange
between point-of-care devices is imperative for the con-
struction of intelligent patient monitoring, interoperabil-
ity between medical devices remains problematic so far
mainly because of the inherent technological difficulties.

Many patients recovering from an operational proce-
dure or being discharged from the ICU need additional

bedside monitoring and treatment in clinic and peripheral
wards. After stabilization of their health condition, pa-
tients can be offered telemetry monitoring of their vital
signs for increased mobilization and comfort. In the early
days of patient monitoring, Holter ECG offered continuous
monitoring of patients with arrhythmia symptoms (such
as palpitations, frequent loss of consciousness). This early
type of portable monitoring device does not support pro-
cessing, communication, or other capabilities. Today, wire-
less portable monitors communicate a patient’s vital signs
to the information system to be integrated with other rel-
evant information. Radio standards for telemetry units
are the industrial, scientific, and medical (ISM) (802.11),
Bluetooth, and the new wireless medical telemetry service
(WMTS) (6) in the United States and Canada. These sys-
tems have a short coverage range and are suitable for in-
hospital use. Both ISM and Bluetooth support video trans-
mission, whereas WMTS is currently restricted to bi-
osignal transmission. However, only WMTS telemetry
systems are protected from radio-frequency inferences,
as for the first time, all medical telemetry becomes a pri-
mary user of a frequency band. As of 2003, all medical
vendors must comply with the WMTS standard.

5. ARCHITECTURE OF INTELLIGENT MONITORING
SYSTEMS

An intelligent monitoring system consists of the following
three modules:

Figure 1. Physiological monitor (CMS 2002, courtesy of Philips
Medical systems).
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* The data management module, which performs the
acquisition of the patient measurements and data re-
trieval from databases and other sources.

* The knowledge base, which represents, stores, orga-
nizes, or learns the expert medical knowledge neces-
sary for the formulation, modeling, and solution of
the problem.

* The inference mechanism (or engine), which includes
the reasoning strategies and interacts with the
knowledge base to draw decisions and carry out mon-
itoring actions.

As there is no consensus on the definition and structure of
an artificial intelligent system, the aforesaid structure de-
picts only the basic modules and the functional specifica-
tions met in most intelligent systems (7). Figure 2
illustrates the architecture of an intelligent patient mon-
itoring system. Common to all up-to-date monitoring sys-
tems is the systematic collection of all necessary patient
data either directly from bedside monitors and therapeu-
tic devices or retrieved from databases. In systems en-
dowed with artificial intelligence, the data management
module is responsible to interface with the incoming data
and often incorporates appropriate submodules for low-
level signal processing, feature extraction, and data vali-
dation. The inference engine applies the expert knowledge
of the system to provide suitable decisions. These deci-
sions are either presented to health professionals through
user interfaces in the form of graphics, menus, illustra-
tions, and so on and/or they intervene with life-supporting
devices to control or modify their function.

6. DATA MANAGEMENT MODULE (DMM)

Physiological parameters and other patient-related data
applied by intelligent monitoring systems are as follows:

* Alphanumeric values such as patient gender, date of
admission, and an instantaneous value of body tem-
perature and oxygen saturation

* Signals including raw single-channel or multichan-
nel waveforms, time-series data like data trending,
feature vectors [e.g., ST segment (the distance be-
tween the S and the T waves in ECG) deviation],
ventilator settings, and so on

* Images (e.g., x-rays, echocardiogram)
* Imprecise data (for instance, partial presence of

symptoms, lack of precise sensor information)
* Symbols such as stable, improved, out-of-limit value,

type, and dose of medication
* Other information (e.g., electrode detachment, types

of alarms, contradiction of drugs) or even data in ad
hoc format (e.g., manual entry, documents)

These data can be either directly acquired from real-time
recordings or retrieved from medical records, databases,
and another hospital information system. Data sources
may be internal to the system, including nearby sensors,
monitors permanently devoted to the data capture, and
internal databases. On the other hand, external data stem
from remote locations (laboratories, telemetry units), tem-
porary sources, commercial databanks, the World Wide
Web (WWW), and so on. Nevertheless, those terms can be
interchanged and may have several or overlapping defini-
tions.

Physiological Monitor

Life-supporting Devices
(e.g., ventilator)Other Devices

(e.g., Infusion Pump)

Patient

Other Patient-Related
Data

Laboratory
Results,

X-Rays, etc

CPR

DECISION

User
Interface

Data Management

Knowledge
Base

Inference
Mechanism

Figure 2. Architecture of an intelligent patient
monitoring system.
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6.1. Low-Level Processing and Feature Extraction

The role of the DMM is primarily to collect the patient
data and select the problem-specific information. Toward
data acquisition, the DMM needs to interact with data
sources (disregard an instrument in case of malfunction,
request additional information, etc.) and dynamically re-
configure data acquisition (e.g., in response to variations
in signal characteristics, clinical situation, etc.). DMM of-
ten incorporates low-level signal processing and feature
extraction. In many cases, raw data are either not avail-
able in numerical form (e.g., patient gender, type of disor-
der) or they are provided as time series (ECG, EEG).
Feature extraction is primarily performed to enumerate
all patient-related data, reduce their dimensionality, or
even apply linear or nonlinear combinations between the
signal characteristics to generate new input variables. A
well-designed preprocessing strategy may provide infor-
mative features and result in a reduced number of input
variables, while retaining the clinical context of them.
This process can drastically increase the generalization
ability (i.e., make reliable predictions for new inputs) of
the system and reveal the data with the practical useful-
ness in the problem solving. Feature selection is usually
accomplished by either simply selecting several important
features with selection criteria or by the application of a
dimensional reduction technique (e.g., principal compo-
nent analysis) (8).

7. KNOWLEDGE BASE MODULE

The knowledge base (KB) module contains or learns the
necessary medical knowledge for understanding, formu-
lating, and solving the problem under investigation.
Knowledge is a collection and representation of facts,
rules, concepts, procedures, formulas, and examples. The
acquisition, however, of the expert knowledge is not a
trivial and straightforward task.

7.1. Knowledge Acquisition

Knowledge acquisition (KA) is the collection, accumula-
tion, and transfer of the medical knowledge. This process
may also add, refine, or otherwise improve knowledge to
the existing KB. Methods for efficient and cost-effective
knowledge extraction, elicitation, and transformation in-
clude interviews, sophisticated editors, and machine
learning techniques.

One common technique for eliciting knowledge is by
interviewing health experts (usually referred to as knowl-
edge engineering). Interviews must be well planned and
organized and should include focused and specific ques-
tioning, posing of counterexamples, drawing analogies,
and use of questionnaires. Such an approach ensures the
accurate interpretation and integration of the elicited in-
formation into knowledge. Other KA methodologies in-
clude medical databases, observation of physicians in
clinical practice, and editing tools that guide experts to
build the knowledge base.

KA editing tools can be roughly categorized as (9) sym-
bol level (e.g., Tieresias, originally developed for the MY-

CIN infection monitoring system), method oriented, task
specific (OPAL), and ontology oriented as the Protégé. The
interface of the task-specific KBWEdit tool is illustrated in
Fig. 3. KBWEdit is an editor that constructs the KB of the
KBWean ventilation management system (10). The editor
enforces a certain prestructuring of the KB’s components
to prevent any syntactic and other errors common in KA.

7.2. Machine Learning Techniques

Machine learning can be considered as a specialized and
autonomous form of KA. The knowledge of the system is
learned through examples with either memorization (rote
learning) or machine learning capabilities. The latter in-
cludes pattern recognition, artificial neural networks
(ANNs or simply NNs), and support vector machines
(SVMs). Fuzzy logic models and generic algorithms com-
plement these techniques that are all together known as
soft computing methodologies (11). In this class of knowl-
edge acquisition, neither explicit formulation of expert
knowledge is necessary nor a priori domain-specific
knowledge. Learning through experimental data and ex-
amples can recover and associate the underlying depen-
dencies between the patient-related data and his/her
clinical status (pathologies, physiological performance,
etc.). For this reason, these techniques are usually re-
ferred to as data-driven as opposed to the knowledge-
based reasoning, which is based on existing human knowl-
edge.

Learning of ANNs is a typical paradigm of machine
learning. It is achieved with data from known cases to
train a model (the network) to respond effectively in un-
known cases. The most common application of ANNs is in
classification problems (e.g., classification of arrhythmia
to a cardiac disorder). Training is the process of adjusting
the parameters (weights) of the network nodes (or neu-
rons) with input data of which the class (output of the
network) is known. The training dataset (consisting of the
input vectors and their corresponding class) is iteratively
tuning the nodal weights until an error function is satis-
fied. The classification ability of the trained model (mea-

Figure 3. The KBWEdit knowledge acquisition tool for building
a ventilation management system.
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sured for sensitivity, specificity, accuracy, and predictive
power) is thereafter tested on unknown cases with a dif-
ferent dataset, namely, the test set. The trained ANN rep-
resents a high-dimensional, nonlinear mathematical
model, which is obtained experimentally. The capability
of providing such a mathematical model depicts the sec-
ond application area of ANNs (and SVMs), which is the
functional approximation and the mapping of input–out-
put variables (regression). Clinical applications of func-
tional approximation in patient monitoring include the
estimation or optimization of a treatment plan (adjust-
ment of the ventilator parameters (12)), development of
closed-loop controllers (for instance, to determine the ti-
tration of anesthetic agents infused by IV pumps (13)),
and so on.

Feature extraction and selection are key processes in
machine learning as they can greatly reduce the training
time and can reveal those features with high discrimina-
tive power for the classification problem. For instance, in a
recent clinical study (14), a four-layer ANN was used by
researchers for the discrimination of the anesthetic states
of patients undergoing abdominal surgery from mid-la-
tency auditory evoked potentials (MLAEPs) and hemody-
namic parameters. The input variables to the network
were chosen from a set of 11 candidate features (five la-
tencies, three MLAEP-associated characteristics, and
three hemodynamic parameters). The level of anesthesia
was annotated by the pressure, rate, sweating, and tears
score and was modeled as a four-class state. Best identi-
fication accuracy was achieved with only the five latencies,
whereas additional use of the hemodynamic features
yielded poorer results. This study suggested that the

MLAEP contains useful information for assessing the an-
esthesia depth.

7.3. Standard Reference Databases

As already discussed, use of carefully selected datasets of
representative cases is a key point for the construction,
training, and evaluation of machine learning techniques.
However, in most cases, large amounts of clinical data are
either not available or deficient, are poorly characterized,
or not acquired in a standardized and repeatable way. In
this respect, various reference databases have been devel-
oped to facilitate researchers and practitioners in the bio-
medical field to overcome the aforesaid problems. For
example the multiparameter intelligent monitoring for in-
tensive care (MIMIC) database (15) includes two or three
ECG signals as well as any other available parameter,
such as arterial blood pressure, respiration, and pulse oxi-
meter of about 90 patient records, each one typically con-
taining between 24 and 48 hours of continuous recording
from monitors in the ICUs and CCUs of Boston’s Beth Is-
rael Hospital. Each record is accompanied by detailed
clinical data derived from the patient’s medical record
and from the hospital’s online medical information sys-
tems. Other available reference databases are the MIT-
BIH Arrhythmia Database for arrhythmia classification,
the European Society of Cardiology ST-T Database, and
other multiparameter databases such as the MIT-BIH
Polysomnographic Database for sleep and apnea monitor-
ing. The recordings in these databases are annotated by
medical experts and can be used for the selection of train-
ing and test datasets (Fig. 4).

Figure 4. A sample of MIMIC Database re-
cord 248. An alarm notification is marked at
the center, which indicates that the monitor
issued an alarm for multiform premature
ventricular contractions (PVCs).
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7.4. Knowledge Representation

Once KA has been completed, the acquired knowledge
must be organized and represented in the KB. Production
rules are typical paradigms of knowledge representation,
and their use resulted in the first knowledge-based med-
ical systems. The knowledge is represented in the form of
IF–THEN rules that represent condition-action pairs,
namely:

IF condition (premise), THEN action (or conclusion)

Each rule represents a piece of medical knowledge and
results in the ‘‘production’’ of a microdecision, which mim-
ics to some extent the human cognitive behavior. This in-
ference mechanism produces a chaining of reasoning and
will be further discussed in the next section (16).

The first development of these so-called expert systems
in clinical practice was the well-known MYCIN (17). Two
offsprings of MYCIN were the ventilator manager (VM)
(17) system for the data interpretation and advice-giving
on the management of ICU patients who needed ventila-
tion support and the PUFF system (18). The latter was
designed for the interpretation of pulmonary function
tests with lung disease. One example of the rule 31 of
the PUFF system is as follows:

RULE31

IF

1. The severity of obstructive airways disease of

the patient is greater than or equal to mild AND

2. the degree of diffusion defect is greater than

or equal to mild AND

3. the TLC observed/predicted ratio is greater

than or equal to 110, AND

4. the observed/predicted difference in RV/TLC is

greater than or equal to 10

THEN

1. There is strongly suggestive evidence (0.9)

that the subtype of obstructive airways disease is

emphysema, and

2. It is definite (1.0) that ‘‘OAD, Diffusion De-

fect, elevated TLC, and elevated RV together indi-

cate emphysema’’ is one of the findings.

The PUFF system contains about 400 production rules
(initially written in LISP) to deal with 76 clinical param-
eters (pulmonary function test, patient demographics, and
data derived from the rules such as findings associated
with a disease). The production rules operate on associa-
tive triples (attribute-object-value), where attributes are
the clinical parameters, the object is the patient, and the
values are given by the clinical parameters. The system
comes up with a set of interpretation statements and pro-
vides with a final diagnosis accompanied with explanation
reasoning and report. The PUFF system became opera-
tional in 1979, and since then, it has undergone several
modifications and has been used by health professionals
on a routine basis in hundreds of hospitals.

One major advantage of rule-based systems is the sep-
aration of the KB and the inference mechanism. New or
updated knowledge can be inserted in the KB without al-
tering the reasoning process. Several additional types of
knowledge representation exist including decision trees,

frames, semantic networks, and object-oriented ap-
proaches.

8. INFERENCE MECHANISM

If intelligent systems get their power from knowledge, the
inference mechanism endows the system with the reason-
ing strategies to draw decisions. Reasoning about the
problem solving can be heuristic (i.e., rule of thumb) and
empirical or may be based on a deeper understanding of
the structure and the function of the system.

There are two strategies of making inferences in rule-
base systems: the forward and backward reasoning
(chaining). In backward reasoning, there is a goal to be
satisfied that in turn causes a chaining of rules to be in-
voked (19). In the aforementioned PUFF system, a back-
ward reasoning (goal-driven) approach has been followed.
The goal of the system is at any time to determine an ap-
propriate value for a given clinical parameter. In this re-
spect, it tries a list of rules whose actions conclude values
for the clinical parameter. In case the rules fail to conclude
a value for a parameter, a question is then asked to the
user to obtain that value. In forward reasoning, the algo-
rithm starts with input data and if a condition matches
the situation, a conclusion is made. For example, a for-
ward reasoning system was proposed in (20), which clas-
sifies cardiac beats as normal or ischemic. The system is
founded on the following rule:

IF

ST depression 4 0.08mV AND ST slope 4 651

OR

ST elevation 4 0.08mV

OR

T-wave is inverted

OR

T-wave close to 0V (flattening)

OR

T becomes more negative

THEN the beat is ischemic

ELSE the beat is normal

where ST and T-wave are well-known ECG features. In
case of ischemic beat classification, a windowing tech-
nique (sliding adaptive window) is applied to detect is-
chemic episodes. In general, rule-based alarming systems
are often developed with forward reasoning, because their
task is to issue a notification when a condition is met.

Rule-based and other heuristic monitoring systems ex-
hibit high competence in their domain of expertise; they
fall short, however, when employed in more generic and
complex fields. Intelligent systems, on the other hand,
with deep inference mechanisms can model the functional
components of a system and their interactions (21). Such
models may also describe the temporal behavior of the
system and reason with uncertainties.

Monitoring of a patient’s status over time can yield
valuable prognostic information about the patient’s future
behavior and can assist in the selection of suitable therapy
plans and control actions (22). Temporal parameters such
as periods of stability, gradual evolution, and periodicity
can provide an overview of the clinical condition. The VM
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system was the first to introduce temporal reasoning in
patient monitoring. Based on a temporal abstraction of the
patient’s physiologic status, it suggests adjustments to the
therapy plan of patients undergoing mechanical ventila-
tion. VM is an open-loop system that is it is not designed to
intervene in the ventilation’s operation but only make
proposals to the ICU personnel (9).

NéoGanesh (22) is a ventilator management system in-
tended to perform automatic closed-loop control of the
ventilator. Temporal reasoning is applied to keep the pa-
tient in a comfortable condition (control task) and gradu-
ally reduce ventilation support as well as assess the point
of weaning from the mechanical ventilation (planning
task). The system is connected to the ventilator for re-
cording the respiratory rate and tidal volume and to a gas
analyzer for measuring end tidal partial pressure of CO2

(PETCO2). Temporal abstraction relies on two basic mech-
anisms: aggregation of similar observed situations and
forgetting of nonrelevant information. Based on an object-
oriented paradigm and forward chaining rules, the pa-
tient’s evolution is modeled as a discrete-state transition
problem. The system tries to keep the patient within a
respiratory rate range, a tidal volume above a minimum
threshold, and a PETCO2 below a maximum threshold. All
patients are ventilated in the pressure support mode to
reach and stay at the above-defined targets. Action plans
are dynamically adapted depending on how long the pa-
tient has been at a given state. For example, in case of
stable normal ventilation, the support may be lowered,
and in case of persistent tachypnea, the support is greatly
increased. Special knowledge is introduced to allow differ-
entiation between apnea and disconnection. NéoGanesh
develops a therapeutic strategy to gradually re-educate
the respiratory muscles of the patient and evaluates the
capacity to breathe without mechanical support. NéoGa-
nesh and its commercial successor Automedon have been
tested and evaluated by a multicenter European study in-
volving six university hospitals for their ability to both
control the level of assistance in accordance to the pa-
tient’s needs and determine the point of weaning. A sim-
ilar methodology has been also followed by the Vie-Vent
project (23) designed for the mechanical ventilation of
newborn infants to optimize therapy planning and to sup-
port neonatologists in their daily routine. An extensive
review of knowledge-based ventilation management sys-
tems can be found in reference 22.

Fuzzy logic has been introduced into patient monitor-
ing to describe uncertainties in the response of the patient
to an acute condition and changes of a therapy plan. In
addition, physiological measurements and other biomedi-
cal variables can be defined as fuzzy sets. The degree to
which a variable or an observation belongs to a fuzzy set is
expressed through its membership function. Several fuzzy
advisor systems for ventilator management have existed
in the ICU. They are rule-based systems with fuzzy rules,
and their fuzzy membership function is obtained either
heuristically or by clinicians and KA editors (as shown in
Fig. 3) (24,25). In an attempt to computationally derive
the rule-based knowledge, an adaptive neuro-fuzzy infer-
ence system (ANFIS) has been used by Kwok et al. (25).
The target was to advise on the acceptable level of the in-

spired fraction of oxygen (FiO2) (ventilator setting) ac-
cording to the values of the arterial oxygen tension (PaO2),
the positive end-respiratory pressure (PEEP) and (FiO2).
To model this input–output mapping, a reference dataset
was constructed with a patient simulator (SOPAVent) in
which nine consultant anesthetists adjusted the FiO2 un-
der 71 clinical scenarios. The derived ANFIS model re-
sulted in 11 rules in the form:

IF (PaO2 is Ai) AND (FiO2 is Aj) AND (PEEP is Ak), THEN

FiO2 is xn,

where Ai, Aj, Ak, are fuzzy sets and xn is a constant. The
developed ANFIS rule-base system was shown to model
the expert’s decision making as well as to be more inter-
pretable by the clinicians. However, the patient simulator
addresses only a limited range of the actual FiO2, PaO2,
and PEEP values and clinicians need to adjust additional
ventilator settings in real practice.

Fuzzy logic has also been applied to medical control
problems (22,26). In the field of anesthesia, fuzzy rule-
based systems have been developed to control the drug
infusion for maintaining the depth of the anesthesia con-
stant, which brings muscle relaxation to the target level
and keeps the patient in a desired state. In reference 26, a
fuzzy controller was used by the authors for the hemody-
namic management of patients with congestive heart fail-
ure. The control variables were the mean arterial
pressure, and the cardiac output and the input variables
were two vasoactive drugs. The controller has three dif-
ferent modes, the critical condition mode and the noncrit-
ical condition modes. The critical mode is rule based,
whereas the noncritical is a fuzzy controller and the sys-
tem switches from one to another when conditions are
met. The system was initially evaluated on a nonlinear
hemodynamic model and then applied in animal trials for
additional enhancement. The study showed an adequate
control of the hemodynamic variables within the pre-
scribed limits and a fast response to input changes.

Other deep reasoning methodologies that have been
proven valuable in patient monitoring include case-based
reasoning (CBR) and causal models. CBR is a problem-
solving paradigm that uses the ‘‘operative’’ knowledge of
previously experienced successful situations, called cases.
Past cases, similar to the current one, are retrieved from a
case library and adapted to tackle the current problem
situation (see also the T-IDDM system in the next section).
On the other hand, causal models describe cause-and-ef-
fect relationships between pathophysiological states and
can be suitably fitted for explanation tasks. In the DIA-
BTel system (27), a causal probabilistic network (CPN) is
applied to diabetic patient monitoring to perform the
‘‘cause identification’’ task. This CPN model detects
whether anomalies in patient data (blood glucose, keton-
ury measurements) appear regularly or sporadically (be-
cause of patient deviation from insulin therapy plans). In
biomedical applications, however, it is difficult to develop
causal systems because of the complexity and the multi-
parametric dependence of biological systems (16). In many
cases, researchers use hybrid systems to benefit from a
combination of reasoning schemes and technologies.
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9. CURRENT TRENDS

In patient monitoring, analysis of complex and dynamic
situations, often under real-time constraints, necessitates
the employment of various reasoning skills as well as the
planning and execution of multiple tasks. Agent-based
systems have been developed to integrate multimodal
knowledge representation and reasoning schemes to per-
form specialized monitoring and diagnostic and control
tasks. Intelligent agents are software entities enriched
with decision support and learning capabilities and some
degree of autonomy that operate in uncertain environ-
ments. They can perform three functions: perception of
dynamic conditions in the environment, action to affect
conditions in the environment, and reasoning to interpret
perceptions and draw inferences. Agents can also be
highly adaptive to currently available information and
can modify their behavior. Furthermore, intelligent multi-
agent systems in distributed environments can share com-
mon knowledge and coordinate their actions as a team,
with each agent performing specialized monitoring and
diagnostic subtasks. In addition, mobile agents operating
in a decentralized manner can be suitable for remote pa-
tient monitoring systems.

Guardian (28) is a knowledge-based system for moni-
toring and diagnosis of post-cardiac surgery patients in
the ICU. It is designed as an autonomous agent-based
system with a flexible and adaptive blackboard architec-
ture, in which several algorithms cooperate to address a
wide range of problems under hard real-time conditions.
The proposed reference architecture supports two levels of
physical and cognitive behaviors. The physical level inter-
acts with the external environment to perform perception
of the patient’s physiological condition (through data ab-
straction and reduction), action to set closed-loop ventila-
tor parameters, and action to communicate with
clinicians. The cognitive level employs a variety of rea-
soning activities, such as condition monitoring, diagnosis,
planning, and explanation. The physical level sends per-
ceived information and feedback from action execution to
the cognitive level, which in turn sends control plans to
the physical level. Guardian’s knowledge is based on a
shared ontology to accommodate and support the inter-
pretation and therapy tasks of the agent. The system has
been tested on a series of realistic scenarios with simu-
lated and recorded patient data.

Patient monitoring is performed on the basis of infor-
mation collected from different sensors and sources. In-
formation fusion is the process that associates, correlates,
and combines data and information from single and mul-
tiple sources to provide with better estimates of the envi-
ronment and assist in the decision-making process (29).
Fusion can be applied to redundant data from sensors that
are recording the same physiological process and/or to
complementary data representing different types of infor-
mation. It is modeled as a multilevel hierarchical process
in which the role of the low-level fusion is to carry out data
association and correlation, whereas the high-level fusion
is responsible for detection, assessment, or even decision-
making tasks. AI techniques are widely used in this pro-
cess to support and complement fusion at the high-level

processing. Information fusion may either be an open-loop
or a feedback closed-loop process in which a sensor man-
ager continuously uses information from the fusion levels
to plan and refine future sensor actions. Intelligent fusers
have been successfully employed in many engineering
problems, such as military applications for identification
of targets, and transportation problems for traffic control.

A multisensor fusion has been proposed for the detec-
tion of atrial and ventricular activity in CCU patient mon-
itoring (30). In this method, multilead ECG signals are
associated with complementary hemodynamic parameters
and esophageal ECG signals. A distributed three-level
fuser enhances the activity of interest, associates sensor
data for false alarms minimization, and performs local
event detections. Local detections are thereafter merged
with a data fusion method (optimal fusion) to produce final
detection of atrial and ventricular activities. SIMON
(21,31) is another monitoring system that employs sensor
fusion. The system is based on a distributed architecture
and supports signal interpretation tasks for CCU patient
monitoring.

9.1. Out-Hospital Monitoring

Availability of remote monitoring and the delivery of
prompt expert medical care are of vital importance for pa-
tients in out-hospital conditions. Telemedicine provides
the information and communication tools for remote mon-
itoring or telemonitoring (32). The World Health Organi-
zation defines telemedicine as ‘‘ythe practice of medical
care using interactive audiovisual and data communica-
tions including medical care delivery, diagnosis, consulta-
tion and treatment, as well as education and the transfer
of medical data’’ (33).

A plethora of medical cases necessitate monitoring of
patients at their home, during their daily life, or at the
point-of-need. For instance, patients discharged from hos-
pital health care often need home monitoring until their
health status is stabilized. Systems that assess their
health progress and notify physicians of any complication
may also save the costs of possible prolonged hospitaliza-
tion and promote patient mobility and comfort. Further-
more, patients with symptoms can be short- or long-term
monitored (ranging from 24 hours to several weeks) dur-
ing their normal activities, which facilitates the recording
of their symptoms or even makes possible the detection of
intermittent and rare events, while eliminating the need
for patient visits to health-care institutions.

In addition, availability of medical expertise to patients
suffering from permanent and chronic diseases (e.g., dia-
betes, asthma) can aid the lifelong management of their
disease and ensure their welfare. Such monitoring sys-
tems may determine their health condition and provide
reminders and expert advice on their correct medication
dosage. This so-called ‘‘continuity of health care’’ can also
support elderly and disabled people in independent living
and personal care (34). In other cases, athletes rehabili-
tating from an injury or an operation can benefit from
monitoring systems that evaluate their progress and sug-
gest alternative exercise plans, which may also ultimately
result in reduced follow-ups and the earlier recovery to
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their activity. Furthermore, systems to support pregnant
women to self-monitor their blood glucose, fetal ECG,
uterine contractions, and other parameters can prevent
preterm labor and other gestation-related complications
(35).

Telemonitoring systems can also provide effective and
prompt care in emergency conditions and at remote or
isolated areas (36). Ambulances equipped with telemetry
monitors and wireless links to hospitals assist in the pre-
hospital patient management and survival. Portable mon-
itors, cameras, and other imaging devices (e.g., portable
ultrasound units) can be used at the accident site as well
as throughout the patient transfer to the hospital. Real-
time wireless transmission of vital signs and on-scene im-
ages to a centralized station at a hospital institution al-
lows specialists to advise the paramedical staff on a series
of handling actions. Furthermore, understaffed rural and
other areas, such as remote villages, board ships, battle-
fields, and space expeditions also require telemedicine so-
lutions for expert consultation and immediate decision-
making support.

A telemonitoring system encompasses two physically
separated units, namely, the

* Telemedicine unit, which is located at the patient’s
site and often consists of two modules: the signal ac-
quisition and the communication module. The former
is responsible for the collection and storage of patient
measurements and in many cases can be comple-
mented with data analysis and decision-making ca-
pabilities. Usually, these two modules are
incorporated into a desktop, portable, or wearable
device.

* Centralized unit, based at a hospital, a doctor’s office,
or a health provider. This unit receives and analyzes
data from the communication module and stores
them in a database. Physicians can either have di-
rect access to the data or the central system can de-
liver patient information to the physician’s site. Also,
in many cases, the telemonitoring system must sup-
port bidirectional (two-way) interactive communica-
tion among the physician, the central system, and the
patient.

Figure 5 illustrates the architecture of a remote mon-
itoring system. Communication among the various parties
of a telemonitoring system (that is the patient, the physi-
cian, and the centralized unit) is supported by a network
infrastructure, such as the telephony system, data lines,
and mobile telephone networks. Patients may have their
physiological parameters monitored while at home or dur-
ing their daily activities.

One major consideration in the development of a tele-
monitoring system is the mode of data communication.
Most telemonitoring systems are designed to operate ei-
ther in the store-and-forward (asynchronous) or in the
real-time (synchronous) mode. In the former modality, the
telemedicine unit stores locally the acquired patient data
and initiates data transfer at a later instance. In real-time
communication, the centralized module is ‘‘present’’ dur-

ing data collection and can synchronously provide infor-
mation as well as interact with the telemedicine module.
There are significant technological and time-efficiency dif-
ferences between the two modalities. Asynchronous data
transmission can be performed over standard data lines
(with the telephony system or TCP/IP networks) and usu-
ally has low-cost and transmission rate requirements. On
the other hand, real-time data exchange necessitates ad-
vanced telecommunication networks. Especially, trans-
mission of biosignals and images demands broadband
communication technologies. Moreover, in continuous am-
bulatory monitoring and in emergency conditions, estab-
lishment of point-to-point connections among the various
parties of the telemonitoring system often imposes wire-
less communication solutions. These solutions include mo-
bile telephone networks (e.g., GSM, GPRS), satellite links,
or other customized and ad hoc wireless infrastructures.

A typical paradigm of disorders requiring continuous
monitoring and personal management is type 1 diabetes
mellitus (also referred to as insulin-dependent diabetes
mellitus, IDDM), one major chronic disease deriving from
no endogenous secretion of insulin. In recent studies
(27,37), decision support systems have been developed
for the analysis of home monitoring data and the prescrip-
tion of effective insulin treatment. IDDM patients often
need intensive insulin therapy consisting of three to four
exogenous insulin injections per day or subcutaneous in-
sulin pumps to regulate the blood glucose metabolism. Ef-

Centralized Unit at Hospital

Home Monitoring

Ambulatory PatientPhysician

Network (Internet, GSM, Satellite

Figure 5. The architecture of a telemonitoring system.
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fective prescription and update of therapeutic insulin pro-
tocol requires, however, the patient self-monitoring of
blood glucose level, recording of the injected insulin dos-
age together with additional information on patient’s diet
and lifestyle, as well as periodic assessment of the
achieved metabolic control. The telematic management
of the IDDM (T-IDDM) system (37) incorporates a web-
based architecture and a multimodal reasoning method-
ology to support both IDDM patients and their clinicians.
The system relies on a patient unit (PU) located at the
patient’s home or other nonclinical environments and a
medical unit (MU) used by diabetologists at the hospital.
The PU is a computer-based platform with a degree of au-
tonomy and is responsible to collect data from a blood glu-
cose reflectometer, to asynchronously upload
measurements to the MU through a telecommunication
system (Internet or public switched telephone network,
PSTN), and if needed, to suggest insulin dosage adjust-
ments. The MU is a web-based application that performs
data analysis, treatment suggestions, and final selection.
Temporal abstraction is employed to handle missing data,
aggregate BGL values, and interpret the therapy effects.
Thereafter, the system provides a set of suggestions and a
rule-based system adjusts the current insulin dosage ac-
cording to the suggestions. To handle poorly controlled
patients, the system also incorporates a CBR methodology
to exploit the contextual knowledge of past successful
problem-solution cases similar to the current one. In this
sense, the rules are ‘‘specialized’’ on the basis of a patient’s
characteristics and the final protocol selection is provided
to the clinician. The patient is automatically informed of
any updates in the insulin and diet plans through the PU.
The T-IDDM system has been evaluated at hospitals in
four European countries involving, however, clinical trials
limited to a small number of patients with the absence of a
control group.

Another system is a web-based ECG system (38), which
facilitates collection, review, analysis, and archiving of a
longitudinal ECG record for the home monitoring of at-
risk patients. The system consists of a PC-based measure-
ment module used for the acquisition of ECG signals at
the patient’s home and a central database server where
patient information and clinical data are uploaded. An in-
telligent software agent is activated either at regular in-
tervals or whenever new incoming clinical data are sent to
the server to compare historical data with the newly ac-
quired data. An interpretation module performs disease
classification with ANNs. A short report, along with re-
minders and suggestions for action, is sent to the doctor
and patient by e-mail.

In another research project (USBone, ultrasound in
bone healing) (39), an ultrasound wearable platform has
been developed for monitoring and enhancement of the
osteogenesis process of long bones (femur, tibia, etc.). The
system is applicable to patients with open fresh fractures,
to delayed unions treated with external fixation, as well as
to distraction osteogenesis1 cases. Two miniature ultra-

sound transducers are implanted into the affected region
to operate in the axial-transmission mode. The system
comprises two units, namely the ultrasound wearable unit
and the centralized unit. The wearable unit is imple-
mented as a small battery-operated device composed of
two functional modules: the sensing and the control mod-
ule. The wearable unit initiates, on a daily basis, therapy
sessions of subcutaneous low-intensity pulsed ultrasound
to enhance and accelerate the repairing mechanisms of
the healing bones. Moreover, the system makes use of the
axial wave propagation to determine the mechanical prop-
erties of the healing bone. Ultrasound measurements are
commanded by the surgeon on duty through the central-
ized unit or automatically by the control module at short
time intervals. The measurements are wirelessly trans-
ferred to the centralized unit to provide an estimation of
the healing progress, to notify of complications (e.g., de-
layed union), and to identify the endpoint of healing and
the time for fixation removal. Machine learning is em-
ployed to tackle the problem because of the limited knowl-
edge of the relation between the properties of a healing
bone and the ultrasound wave propagation through it.
Bone healing is modeled as a four-stage process, and an
annotated dataset has been constructed from a series of
animal experiments and clinical trials.

There is a plethora of leading-edge telemonitoring sys-
tems. Most systems have not gone into clinical and com-
mercial practice; they constitute, however, a natural
starting point for the home-based and ambulatory patient
monitoring process. Incorporation of automation and AI in
this process contributes significantly to the effective and
expert provision of patient care, followed also by major
social and economical benefits. However, security, safety,
privacy, confidentiality, and other issues originate from
these so-called patient-centric systems.

9.2. Future Emerging Directions

Advances in micro- and nanotechnologies, information
processing, and communication networks offer the possi-
bility for smart miniaturization, noninvasive (or even non-
contact) sensing, as well as wearable computing. For
example, digital signal processing microchips provide
high-performance, high-speed computational frameworks
suitable for embedded solutions and neuroprocessors can
be designed to perform ANNs operations.

Related research work has been focused on the devel-
opment of frameworks for distributed, intelligent health-
care devices in the home. The so-called ‘‘health smart
home’’ equipped with sensors, cameras, wearable devices,
and so on will permit the continuous monitoring of pa-
tients’ health state, prevent harmful events (falls, acci-
dents), understand facial expressions, and recognize when
an individual is in pain, experiencing an elliptic seizure, or
having a heart attack (40). Smart clothes (with sensors
fabricated within fibers and textiles) will continuously re-
cord vital signs, floors (e.g., smart carpets) incorporating
pressure sensors will measure a patient’s weight and ki-
netic data, and smart toilets will perform chemical urine
analyses. In addition, intelligent spaces supplied with
novel sensors (e.g., laser rangers, humidity sensors, etc.)

1An orthopedic technique for the correction of skeletal deformi-
ties, for example, the gradual elongation of limbs to restore ex-
tensive loss of bone mass.
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dispersed in and around the home may also track a pa-
tient’s location and provide environmental data. Distrib-
uted sensors and data fusion modules will provide highly
adaptive schemes to process information within context.

Smart homes and ‘‘hospitals without walls’’ require
pervasive (or ubiquitous) computing environments. In
such environments, computers and communication are
available everywhere, anytime with minimal obstruction
to an individual’s activities. Sensors and smart devices are
context-aware and interact with one another. Mobile
agents and intelligence are embedded into the environ-
ment to support monitoring and other health-care deci-
sions.

10. DISCUSSION AND CONCLUSIONS

Patient monitoring is a multifarious process involving the
contextual acquisition and interpretation of patient-re-
lated data as well as the performance of diagnostic and
therapeutic tasks. AI techniques have been incorporated
into computer-based patient monitoring systems to assist
health-care professionals in their decision making and
automate the monitoring process. Many intelligent mon-
itoring systems have been primarily developed for critical
care environments, where immediate response to acute
events and therapeutic actions are of vital importance. In
general, intelligent patient monitoring systems are pref-
erable, because they are unbiased and their decision com-
petence is always in favor of the patient. Most systems are
designed to operate in specific clinical applications; they
lack, however, effectiveness and flexibility when operated
in more generic domains.

Telemedicine solutions have revolutionized monitoring
systems in out-hospital conditions. Home-based and am-
bulatory systems make feasible the monitoring and man-
agement of patients throughout their everyday live, with
minimum obstruction to their normal activities. Availabil-
ity of patient-centric monitoring systems and the provi-
sion of the so-called ‘‘continuity of health care’’ is
associated with significant social and economical benefits.

However, legal and ethical concerns originate from the
diffusion of information technology in medical practice
(41). Security, privacy, and confidentiality are key issues
to be resolved because of the sensitive nature of medical
information (19). On the other hand, the particular rela-
tionship between patients and physicians will only benefit
from innovation in technology. Physicians will continue to
be the responsible personnel for making medical decisions.
AI aims to offer automation, assistance, and complemen-
tary arguments in this process.
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1. INTRODUCTION

1.1. Functions of the Intestine. Importance of Bowel Motility

All organisms need to assimilate nutrients and eliminate
waste. The functions of the human digestive tract com-
prise food digestion, transport, and absorption. The small
bowel is the part of the digestive apparatus that extends
from the pylorus to the cecum (Fig. 1a). Its main functions
are to continue the digestive process initiated in the stom-
ach and facilitate nutrient absorption. Approximately 6–
12 L of partially digested food, water, and bile, pancreatic,
and gastric secretions reach the small bowel daily. Of this
amount, only about 1.5 L reach the colon. Thus, most nu-
trients, electrolytes, and water are absorbed in the small
bowel (1,2).

For these absorption and transport functions to take
place, chyme arriving from the stomach must be subjected
to different segmentation, propulsion, and mixing actions.
Each region of the digestive tract has adapted its motility
to its specific physiological functions. Intestinal motility is
responsible for mixing and transport of the lumen con-
tents. The different muscular layers of the intestinal wall
can independently contract and distend, generating con-
tractile patterns that are in turn associated with intesti-
nal motility.

Under physiological conditions, after food ingestion, a
bowel motility pattern referred to as the postingestion or
postprandial pattern is observed, which is dependent on
the amount and composition of the ingested food. Fur-
thermore, under fasting conditions, the small bowel is not
in a resting state but generates organized and repetitive
contractions. This fasting motility pattern goes over the
entire intestine and is known as the interdigestive mi-
grating motor complex (IMMC).

Hospitals routinely receive patients with acute abdom-
inal pain associated with gastrointestinal disorders of
variable seriousness. The low specifity of the symptoms
produced by these pathologies and the difficult access of
the organs involved often make it difficult to establish a
diagnosis with the techniques currently available. Patient
observation periods are often required for diagnosis,
which in turn can worsen the disease. The study of gas-
trointestinal motility can help in diagnosing these pathol-
ogies. Disorders such as bowel ischemia, irritable bowel
syndrome, intestinal obstruction, or paralytic ileum (to
name but a few) are all associated with intestinal motor

dysfunction. Therefore, the registration and analysis of
intestinal motor activity has a clinical value.

1.2. Basic Anatomy of the Small Bowel

The small bowel is the longest component of the human
digestive tube and measures almost 5 m in length, with a
diameter that progressively decreases in the distal direc-
tion. The small bowel is coiled and folded onto itself and
occupies the central and lower portion of the abdominal
cavity, with the colon bordering it on both sides and su-
periorly.

The small bowel is divided into three segments: duode-
num, jejunum, and ileum. The duodenum (marked in a
darker color in Fig. 1a) is approximately 21 cm long and
extends from the gastric pylorus to the duodenojejunal
angle, which is sustained by the ligament of Treitz (angle
of Treitz). It is the least mobile segment of the intestine.
The jejunum in turn commences at the angle of Treitz and
represents two fifths of the remaining extent of the small
bowel. It gives rise to the ileum, which extends to the
cecum and represents the other three distal fifths. The
distinction between jejunum and ileum is based on histo-
logical criteria, because no clear visual or macroscopic dis-
tinction can be made between them. Unlike the
duodenum, both the jejunum and the ileum are suspended
by the mesenterium, which confers them important mo-
bility.

As can be seen in Fig. 1b, the intestinal wall consists of
four layers. The outermost serosal layer of the small bowel
is composed of mesothelial cells and connective tissue, and
it contains nerve fibers and blood and lymphatic vessels.
The muscle layer consists of two smooth muscle layers.
The fibers of the outermost muscle layer are arranged
parallel to the long axis of the intestine; this is known as
the longitudinal muscle layer and in turn lies external to
the inner circular muscle layer. This inner layer is thicker
than the outer and contains muscle fibers distributed con-
centric to the intestinal lumen. As has been shown by
electron microscopic studies, the smooth muscle fibers are
composed of individual cells in which the cell or plasma
membrane of neighboring cells join to form nexuses that
intervene in electrical conductivity phenomena among the
smooth muscle cells. The so-called myenteric plexus in
turn lies between the two intestinal muscle layers. The
innermost submucosal and mucosal layers are in charge of
nutrient absorption and secretion. Meissner’s submucosal
plexus, together with the myenteric plexus, form the ent-
eric nervous system, which has been described as repre-
senting a ‘‘primitive brain’’ (3). In this context,
experiments have shown that despite sectioning of the va-
gus nerve, the intestine continues to perform its functions,
which demonstrates the independent function capability
of the enteric nervous system from the parasympathic
nervous system.

1
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2. BOWEL MOTILITY

2.1. Basic Intestinal Contractile Activity

The intestine produces two basic types of movement: pro-
pulsion movements, which allow displacement of food
along the bowel lumen at a rate adequate for digestion
and absorption, and mixing movements, which keep the
intestinal contents constantly mixed with enzymes and
other substances. The motor activity required for both
types of movement is produced by the muscle layer of the
bowel wall.

Peristalsis is the basic propulsion movement of the in-
testine and involves the formation of a contracting ring
around the bowel lumen that progressively displaces dis-
tally. The luminal contents ahead of this contracting ring
are displaced along the bowel length as a result.

Peristalsis is fundamentally a consequence of contrac-
tion of the circular muscle layer of the gut (1,3) and is
moreover usually accompanied by longitudinal shortening
and lengthening of the bowel segment as a result of ac-
tivity of the longitudinal muscle layer. Peristalsis rapidly
dissipates in the oral direction but continues a consider-
able distance (3–5 cm) in aboral direction.

In most parts of the digestive tube, mixing movements
take place as a result of local constriction contractions.
These contractions usually last a few seconds and are fol-
lowed by other constrictions in other bowel segments,
thereby contributing to disaggregate the luminal contents.
The maximum frequency of these segmentation contrac-
tions is determined by the frequency of the so-called slow
waves (SWs) of the muscular layer.

2.2. Bowel Motility Patterns

Under physiological conditions, bowel motility can be di-
vided into two states: a fasting (interdigestive) state and a
postingestion (digestive or postprandial) state.

The functions of the gut differ considerably in each of
these two states, which gives rise to different and charac-
teristic motility patterns: an interdigestive migrating mo-

tor complex during the fasting state and a postingestion
pattern after food ingestion.

2.2.1. IMMC. Under fasting conditions, stomach and
bowel motility is characterized by cyclic contractions cor-
responding to the IMMC. This complex is also known as
the interdigestive migrating myoelectric complex when
referring to bowel electrical activity instead of bowel pres-
sure (Fig. 2). IMMC was first described by Szurszewski
(4), who recorded the myoelectric activity of the intestinal
muscle in dogs and reported the existence of a cyclic ac-
tivity pattern.

Such contractile activity has two purposes: On the one
hand, it avoids the accumulation of continuous secretions
in the stomach and bowel lumen, and on the other pre-
vents the oral migration of germs and bacteria by sweep-
ing the luminal contents toward the cecum. Because of
this cleaning function, the IMMC has been referred to as
the ‘‘intestinal housekeeper’’ (5).

In humans, the IMMC lasts 90–130 minutes versus 80–
120 minutes in the dog (Fig. 2). The complex can be di-
vided into three phases according to the degree of motor
activity involved: (1) intestinal resting phase I, with a du-
ration of about 60 minutes in humans; (2) irregular con-
tractility phase II, during which both peristaltic and
segmentation contractions appear, with a duration of ap-
proximately 40 minutes in humans; and (3) maximum ac-
tivity phase III, during which maximum or peak
frequency and amplitude contractions are observed (with
a duration of about 5 minutes in humans). Phase III is
usually originated in duodenum, although it can also start
in different locations from stomach to proximal ileum. Mi-
gration along the intestine is a defining characteristic of
phase III. Propagation of phase III can be observed in Fig.
2. The conduction velocity of phase III is approximately
7 cm/minute in humans and decreases in the distal direc-
tion. Some authors postulate the existence of a phase IV,
which is defined as the short time period in which activity
returns to the resting or quiescent condition of phase I.

serosa
longitudinal muscle
circular muscle

submucosa
mucosa

lumen

Meissner's plexus

myenteric plexus

(a) (b)

Figure 1. (a) Human digestive apparatus. Small bowel
is colored, and duodenum is marked in a darker color.
(b) Transversal section of small bowel.
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The study of this pattern requires the quantification of
motor activity; in this sense, although different motility
indexes have been proposed, none has received universal
acceptance to date.

Most interest in gastrointestinal motility has focused
on the study of the IMMC, because it is the only electrical
activity that can be predicted in certain time periods. Ac-
cordingly, the IMMC can be used to evaluate different
physiological and pathological events as well as pharma-
cological actions. However, important intra- and interin-
dividual variations have been reported for different IMMC
characteristics, including duration, propagation velocity,
and contraction amplitude (6). Furthermore, other factors
such as sex, age, intrinsic IMMC variability in the course
of the 24-hour day, or the different bowel regions involved
all contribute to complicate the comparison of different
studies (7). As a result of such important variability, it is
difficult to propose characteristics representative of nor-
mality.

2.3. Postingestion Pattern

As can be seen in Fig. 2, food ingestion (minute 180) in-
duces irregular contractile activity shortly after swallow-
ing. The activity observed between the time of ingestion
and phase III of next IMMC is called the postingestion
pattern.

After food ingestion, an increase in peristaltic activity
could be expected because of mechanical distension of the
wall of the digestive tract. However, the intensity and
number of peristaltic contractions have not been found to

modify significantly, although an increase is observed in
the number of nonpropulsive (i.e., mixing) contractions.
The number of contractions per unit time depends on the
physical and chemical composition of the ingested food.
Likewise, the duration of this activity pattern depends on
the amount and composition of food ingested (5).

Some authors have suggested that food ingestion only
masks the IMMC and that the migrating motor complex
‘‘clock’’ continues to function under postingestion condi-
tions. The postprandial pattern therefore seems to be su-
perimposed on the IMMC (8).

3. DETECTION OF SMALL BOWEL MOTOR ACTIVITY

3.1. Background

The first methods used to study the intestinal motor func-
tion date back to the nineteenth century and consisted of
direct visualization, taking advantage of the existence of
posttraumatic or postsurgical fistulas. The first docu-
mented study was made in 1833 by Beaumont, while
treating a gunshot wound that left an aperture in the ab-
domen with the size of a human hand. The interest raised
by these initial observations soon led to attempts to quan-
tify the mechanical action of the small bowel. In the late
nineteenth century, Bayliss and Starling began to record
intestinal pressure. Such pressure-based techniques re-
main the most widely used approach for studying intesti-
nal motility.

However, a range of diverse techniques has been de-
veloped with variable success in evaluating the mechan-
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Figure 2. Time evolution of intestinal motility index: energy over 2 Hz of serosal electroentero-
gram, i.e., spike bursts energy, recorded at duodenum (upper trace), angle of Treitz (middle trace),
and jejunum 20 cm from angle of Treitz (lower trace) of conscious dog. Recording started after more
than 8 hours of fast. Animal was fed in minute 180.
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ical activity of the bowel. An approach used from the early
twentieth century to measure such motor function has
been radiological observation involving the transit of bar-
ium contrast or other tracer substances along the bowel
lumen (6). This technique made it possible to identify an-
atomical anomalies, although it lacked sensitivity in iden-
tifying alterations of physiological origin. Moreover, x-ray
based methods are subjective and are therefore of limited
use in quantifying the observed phenomena. In fact, ra-
diological observations, the hydrogen breath test, scinti-
graphic techniques, postingestion sulfasalazine detection
in blood, telemetric capsules, and other similar methods
have been used to study intestinal transit rather than
bowel motility as such or the contraction patterns associ-
ated with transit. Furthermore, these techniques not only
measure bowel transit but also gastric emptying or the
level of nutrient absorption within the small bowel—a fact
that complicates the strict assessment of intestinal motor
function.

Likewise since the early twentieth century, abdominal
auscultation has made it possible to detect the sounds
generated during intestinal contractions. Their analysis
allows the calculation of motility indexes such as the du-
ration and number of sounds or their associated energy.
This methodology is imprecise in application to the study
of bowel motility, although recent research has drawn im-
portant conclusions in application to the diagnosis of cer-
tain pathologies (9).

3.2. Recording of Small Bowel Pressure

Intestinal motility refers to the small bowel functions of
segmentation, propulsion, and mixing of chyme arriving
from the stomach. To this effect, the smooth muscle of the
intestinal wall contracts and the magnitude of intestinal
motility is therefore reflected by the changes in pressure
at the intraluminal level. In effect, the recording of muscle
layer pressure changes constitutes the most widely used
method for identifying small bowel motor activity, pre-
cisely because it is acknowledged to directly measure in-
testinal motility (1).

Several methods have been developed to record such
mechanical activity and all can monitor for prolonged time
periods. One advantage afforded by some manometric re-
cording techniques (e.g., intraluminal probes) is that they
require no surgical intervention; as a result, they have
potential applications in the human clinical diagnostic
setting.

Nevertheless, these manometric techniques have gen-
erated considerable controversy from both the physiolog-

ical perspective and in terms of biomedical engineering
aspects. In general, their greatest limitation is that they
involve artifacts, fundamentally attributable to body
movements of the study subject (10). Figure 3 shows a
manometric recording with artifacts in seconds 42 and 65.
On the other hand, the pressure signal is a characteristic
direct current (DC) recording where the amplifier must
not filter the DC level. Consequently, a baseline appears
indicating muscle tone as a physiological interpretation.
However, from the instrumentation perspective, the fluc-
tuations in baseline may be from offsets or variations in
catheter mechanical loss, temperature, amplifier devia-
tions, and other nonquantifiable factors. A baseline devi-
ation of about 5 mm Hg can be observed in Fig. 3.

Such artifacts and baseline variations completely mask
the normal pressure waves, which thus makes it neces-
sary to develop digital signal processing systems (11). To
eliminate these artifacts, a first step is the application of
low-pass filters. To eliminate the baseline fluctuations, the
latter are estimated by linear interpolation of the minimal
pressures or by approximations based on the exponen-
tially weighted moving average (EWMA). With the pur-
pose of discerning the pressure wave artifacts, studies
based on threshold techniques have also been published,
although threshold determination implies subjective cri-
teria. Minimum pressure and wave duration values can be
determined for defining a contractile event. Another pos-
sibility is to establish minimum slope values in the pres-
sure variation curve.

The most widely used method for recording bowel pres-
sure is the application of perfusion catheters. This tech-
nique involves the placement of a probe or catheter with
one or more distal tip orifices in the bowel lumen. At the
external end of the catheter, in addition to the pressure
sensor, a perfusion pump is connected to maintain the
corresponding baseline pressure and to avoid the orifice
occlusion, which implies a constant fluid flow (normally
physiological saline solution) into the bowel lumen. An-
other system for intraluminal recordings involves cathe-
ters equipped with a small pressure transducer (strain
gauges) at the distal tip, although these are comparatively
much more expensive.

The catheters are usually inserted via the nasal route,
and the recording point is normally verified via flu-
oroscopic or radiological techniques, which may be one of
the most complex aspects of such techniques, because it is
no simple matter to place the catheter tip exactly at the
required recording point. For this reason, the clinical ap-
plication of this methodology is limited to certain highly
specialized centers (6). The success of recording is largely
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Figure 3. Smooth muscle pressure recorded at a
duodenal ring 10 cm distal to pylorus. Subject in
study moved in seconds 42 and 65.
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dependent on the medical team performing the technique,
particularly in relation to the difficulty of displacing the
catheter through the pylorus—this difficulty having gen-
erated considerable controversy over the applicability of
the technique (10). Surgical implantation has also been
used to precisely position the catheter tip, although in this
case the technique becomes invasive and therefore loses
one of its principal advantages.

Other authors have discussed the technical problems
and recording errors caused by occlusion of the catheter
orifice, because chyme is relatively dense in some parts of
the small intestine. On the other hand, insertion of the
catheter in the bowel lumen can induce non-normal mo-
tility patterns by triggering the mucosal peristaltic reflex
(1). An added potential problem is bowel lumen obstruc-
tion by the catheter (12).

To avoid abnormal bowel motility patterns produced by
catheter invasion of the lumen, other manometric tech-
niques place sensors in the small bowel wall. In this con-
text, a technique has been developed for implanting a
small latex balloon in the bowel submucosa, with exteri-
orization through a catheter connected to a pressure
transducer (13). Several studies have also been published
involving the implantation of strain gauges (14). In most
of these studies, the gauges are implanted in the target
bowel segment at the serosal surface and can be oriented
longitudinally or circularly, thereby making it possible to
discriminate between longitudinal and circular muscle
layer activity (1). Recently, implantable miniature ultra-
sonic transducers have been used to measure longitudinal
distance, circumference, and wall thickness in vivo canine
jejunum (15). This technique also allows independent
measurements of longitudinal and circular muscle layer
activity. In chronic experiments, sonometric dimensions
correlated with manometric recordings (15).

The three techniques perform direct bowel motility
measurements, but they require surgical implantation.
Their use is therefore restricted to research aims. An in-
herent disadvantage of strain gauges is their rigidity; be-
cause they are implanted in the intestinal serosa, they
necessarily affect intestinal contractility. Controversy also

exists regarding the impossibility of distinguishing be-
tween the target pressure recording and other intraperi-
toneal mechanical activities attributable to study subject
breathing movements and positioning and other noncon-
trollable factors (see artifacts in Fig. 3).

4. MYOELECTRIC ACTIVITY OF THE SMALL BOWEL

Smooth muscle contraction of the small bowel is condi-
tioned by changes in the membrane action potential of the
muscle cells; i.e., contraction is under myogenic control.
These changes in membrane potential generate bioelec-
trical signals that can be recorded. Recording of this myo-
electric signal offers an alternative approach for studying
intestinal motor activity.

The intestinal myoelectric signal is referred to as the
electroenterogram (EEnG) and can be considered a mul-
ticomponent signal formed by SWs and rapid action po-
tentials.

4.1. Slow Waves

The long-lasting (3–4 s) and small-amplitude waves (15–
30 mV) of the smooth muscle cell membrane potential are
known as SWs. It is important to point out that these are
not action potentials but slow and oscillating changes in
the resting membrane potential; as a result, they have
also been referred to as the basic electrical rhythm (BER)
of the intestine.

These SWs are always present (lower trace Fig. 4), re-
gardless of whether the bowel is in the contracting or non-
contracting state (1,2). The underlying physiological
mechanism has been the subject of controversy for years.
At present, it seems that the SWs are generated by the
interstitial cells of Cajal.

The shape and amplitude of the SWs vary slightly in
different regions of the intestine. The frequency is almost
constant at each point of the bowel but decreases in the
distal direction. In humans, the frequency is about 12 cy-
cles per minute (cpm) at the antroduodenal junction,
10.8 cpm in the duodenum, and 9.6 cpm in the jejunum.
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Figure 4. Simultaneous recording of intestinal
smooth muscle pressure (upper trace) and smooth
muscle myoelectrical activity (lower trace) at the
same gut ring. Recording was carried out with a
submucosal latex balloon and serosal bipolar elec-
trode, respectively.
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In dogs, frequency is 18 cpm in the duodenum and de-
creases distally (there are nine SWs in 30 s in lower trace
Fig. 4). Extracellular recordings show that the SW usually
presents a sinusoidal configuration in which a rapid de-
polarization phase is followed by a slow repolarization
phase with a positive potential plateau.

SWs first propagate circumferentially and subse-
quently move in the aboral direction. The fundamental
SW pacemaker is located in the proximal duodenum. Un-
der conditions of bowel ischemia, subsidiary pacemakers
can appear. These subsidiary pacemakers are located
more distally than the dominant one and can give rise to
retrograde conduction patterns (16).

4.2. Rapid Action Potentials

Rapid action potentials are sudden changes in membrane
potential, of short duration (10–20 ms) and large ampli-
tude (60–70 mV). A regular sequence of action potentials
lasting 0.1–0.2 s is known as a spike burst (SB). Around
second 8 of lower trace in Fig. 4, an SB superimposed on
the SW is observed. SBs are directly related to bowel con-
tractions and are responsible for the above-mentioned
propulsion and segmentation movements. The upper trace
of Fig. 4 shows four ring contractions associated with the
four SBs of the myoelectric recording (lower trace).

Action potentials are only triggered when the required
membrane potential threshold is reached, i.e., during the
SW potential plateau. Consequently, SW frequency deter-
mines the maximum frequency for the appearance of SBs.
As a result, the SWs have also been described as repre-
senting electrical control activity (ECA) or pacemaker po-
tential (PP). This second type of intestinal electrical
activity (i.e., action potentials) has also been referred to
as potential peaks or SBs, needle potentials, or electric
response activity (ERA), in contraposition to ECA.

Smooth muscle contraction is the fundamental event
underlying gastrointestinal motility. The appearance of
contraction and thus of action potentials depends on acti-
vation by the enteric nervous system (1). However, as has
been mentioned, action potentials only appear during the
SW plateau. As a result, the appearance of action poten-
tials requires the coincidence of both conditions: enteric
nervous system activation and SW plateau status. If the
neurohumoral conditions at a given point of the intestine
are favorable, the action potentials displace at the same
velocity and in the same direction as the SWs.

5. RECORDING OF SMALL BOWEL MYOELECTRIC
ACTIVITY

The first recording of intestinal electrical activity in mam-
mals was made by Alvarez and Mahoney in 1922. How-
ever, the time constant of the galvanometer used did not
allow the recording of rapid action potentials. Since then,
myoelectric recording techniques have experienced impor-
tant advances in parallel to the development of electronic
instrumentation and signal processing techniques. The
main advantage of such methods versus other recording
approaches such as manometry is that they afford in-
creased recording simplicity and quality. For over a de-

cade, physiologists have been working with these
techniques for the development of models of the electrical
properties of intestinal smooth muscle (17). The role of
intersticial cells of Cajal in the generation of pacemaker
activity as well as the propagation and synchronization of
action potentials in small bowel have been deeply studied
(18). In this context, bowel smooth muscle can be consid-
ered one important source of information on electrical
coupling for physiologists specializing in smooth muscle
of different body organs.

Recording of the electrical activity of smooth muscle
can be based on the use of intracellular electrodes, mainly
for investigating physiological phenomena in vitro. The
resting potentials measured intracellularly vary from
� 50 to � 70 mV in the case of smooth muscle cells. In
clinical research, extracellular electrodes are usually used
in the context of in vivo experimentation. In terms of
magnitude, the signal amplitude is equivalent to a few
millivolts when registered at the serosal level, although
the amplitude depends on several variables including the
point of measurement and the type of electrode used. The
electrical potentials recorded at the bowel wall using ex-
tracellular electrodes actually represent the sum of elec-
trical phenomena occurring in the cells in contact with the
electrode or even in the cells surrounding it. Different
studies have shown extracellular recording with a mono-
polar electrode to be equivalent to the second time deriv-
ative of the corresponding intracellular recording. In
general, bipolar recording is preferred, because it involves
less background noise and fewer interferences.

Intestinal myoelectric signal recording (lower trace Fig.
4) can be carried out using electrodes positioned within
the bowel lumen or implanted in the serosa. Although the
recorded signal differs in each case, in both cases, SWs and
SBs can be identified. If the aim of the study is to record
motor activity associated with SB or to analyze SW fre-
quency, the differences between both techniques are not
relevant.

The advantage of intraluminal electrodes is that unlike
serosal electrodes, they can be inserted with probes, and
thus they do not require surgery for their placement. The
main inconveniences are the same as those associated
with the intraluminal pressure probes described above:
i.e., difficult access to the lumen, possible occlusion, or the
induction of reflex peristalsis. Furthermore, absorption
function is eliminated in the region where recording is
carried out. In this sense, the most widespread practice is
to position the electrodes in the bowel serosal layer (4,13).

Serosal recordings are made suturing the electrodes to
the surface in such a way that the sensing needle is po-
sitioned between the bowel muscle layers (Fig. 5). Implan-
tation is usually made on a chronic basis, with recording
by cables exteriorized through the skin. The most common
electrodes are stainless steel Ag-AgCl electrodes, which
afford better performance than stainless steel electrodes
at low frequencies. This advantage is lost after the first
week of implantation, however.

Recording of the myoelectric activity of the intestinal
muscle layer is both popular and widely used, although
the invasive character of implantation largely restricts its
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use to the experimental setting (e.g., the study of normal
and pathological patterns, the effect of drugs, etc.).

6. INTESTINAL MYOELECTRIC SIGNAL ANALYSIS

Since the correlation studies between electrical and ex-
traluminal contractile activity carried out by Bass and
Wiley in the 1960s (14), some authors have postulated the
existence of an association between the intensity of the
myoelectric activity and the bowel motor activity (19).
Nevertheless, such a relation had to be assumed or deter-
mined separately (1). The intensity of intestinal myoelec-
tric activity has been interpreted in different ways (with
variable success) by the scientific and health-care commu-
nities. Biomedical engineering has provided answers to
these doubts thanks to the development of different ana-
lytical techniques.

6.1. Time-Domain Techniques

The study of gastrointestinal signals in the 1980s and
during part of the following decade was based on the use of
time-series analytical techniques. The work carried out in
this line attempted to define parameters capable of char-
acterizing intestinal motility based on the time course of
the recorded signal. Such research can be divided into two
major groups: signal characterization by threshold levels
and direct signal processing.

The techniques based on threshold levels attempt to
characterize the SWs, and particularly the SBs (i.e., the
signal component directly related to motor activity), based
on the obtainment of parameters such as the amplitude,
duration, number of SBs, and the number of spikes per
burst episode. These parameters are obtained using ana-
log (19) or digital comparison techniques (20). In general,
to facilitate the extraction of parameters, signal filtering is
performed in an attempt to separate the SWs from the
SBs. The bandwidth used varies among authors, although
on an orientational basis, the SWs can be filtered between

0.03 Hz and 4 Hz and the SBs from 4 Hz to more than 7 Hz.
In any case, the setting of the comparison thresholds is
always based (to a variable extent) on subjective criteria,
as acknowledged by the authors (19).

A lack of consensus likewise exists over which param-
eter best represents intestinal motor activity. The ampli-
tude and number of peaks characterizing the SB has been
directly correlated to bowel muscle contraction strength
(14). A relation has also been established between SB du-
ration and the amplitude and duration of the correspond-
ing pressure wave. However, the most widely used
parameters are the percentage of SWs accompanied by
SBs during a given time interval (1 or 2 minutes) (1,21),
and the number of SBs generated in 1 minute. It should be
pointed out that these parameters provide discrete motil-
ity indices based on the number of contractions (approx-
imately 12 possible values in human duodenum), but they
do not assess the intensity of myoelectric activity. It has
also been shown that the SW period is correlated to the
number of SB peaks, probably because the presence of ac-
tion potentials prolongs the duration of the SW repolar-
ization phase, with a resulting increase in period.

The other major group of time analytical techniques
applied to gastrointestinal myoelectric signals is repre-
sented by direct signal processing. Among these tech-
niques, mention should be made of rectification and
posterior integration of the myoelectric signal during con-
crete time periods, or obtainment of the effective value or
energy of the signal. These techniques yield more objective
signal energy indicators, because they evaluate not only
the presence of contractions but also their intensity. Still,
the relationship between the intestinal motility indices
derived from these direct signal processing techniques
with bowel motor activity has not been evaluated. The
validity of these indices has been assumed or just checked
by visual comparison with the myoelectric signal.

6.2. Spectral Techniques

The gastrointestinal myoelectric signal is a characteristic
signal that in the same way as other bioelectrical signals
presents concrete and differentiated spectral components.
Considering the morphology of the signal, the frequency of
the EEnG coincides with its definition as either an SW
(low frequency), which reflects no bowel motility as such,
or an SB (high frequency), only when contractile activity is
observed. It is therefore possible to apply correlation and
spectral analytical techniques to these signals with the
aim of studying energy associated with the SB (13) and
frequency of the basic electrical rhythm (SW frequency)
(22,23).

Linkens and Cannell designed one of the first studies to
apply these techniques to gastrointestinal myoelectric sig-
nals (22). In this sense, the recorded myoelectric signal
was filtered with an upper cutoff frequency of 0.5 Hz, fol-
lowed by digital processing involving a fast Fourier trans-
form (FFT), a correlation between channels, or digital
filtering based on the elimination of harmonics in the
FFT and the obtainment of the inverse Fourier transform.
Thanks to the application of this technique, the periods of
the SWs were fully characterized along the entire gastro-

Figure 5. Electrode implantation for serosal recordings of
smooth muscle myoelectrical activity. Bipolar electrode is placed
in a longitudinal axis.
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intestinal tract. In this sense, frequencies of 0.05 and
0.2 Hz were recorded in the human stomach and duode-
num, respectively (compared with 0.1 and 0.3 Hz in the
dog). The frequency decreases along the entire small
bowel in the aboral direction.

At present, both the classic and the parametric spectral
estimation techniques (see spectral analysis) for studying
SW frequency under normal and pathological conditions
are widely used (23). In general, the use of parametric
techniques (mainly autoregressive models) is preferred
when few data are available and precision determinations
of signal peak frequency are required. Techniques based
on the FFT are in turn preferred when studying the signal
energy distribution in frequency (13,23).

The relation between the frequency of smooth muscle
myoelectric signal and contraction has been demonstrated
using spectral techniques in application to other parts of
the body such as the colon (24), stomach (25,26), and
uterus (27). However, surprisingly few studies defend
the use of spectral estimation techniques not only in ap-
plication to SWs but also to the global EEnG when inves-
tigating contractile activity (13). It has been shown that
parameters derived from the power spectrum distribution
(PSD) of the internal myoelectric signal such as the total
energy (EF), energy over 2 Hz (EF2), and mean frequency
(MF), are directly correlated to intestinal pressure activity
(13). These parameters can be calculated from a power
density distribution [P(w)] as

EF¼T �

Z w0

0
PðwÞ � dw; ð1Þ

EF2¼T �

Z w0

wSW

PðwÞ � dw; ð2Þ

MF¼
1

EF
�

Z w0

0
w � PðwÞ � dw; ð3Þ

where T is the time interval considered (window), w0 is the
signal bandwidth, and wSW (¼ 2 Hz) is the frequency limit
for excluding the SW energy.

Figure 6 shows the PSD of the EEnG during intestinal
quiescence (black trace) and during the maximum con-
tractile activity period (gray trace). The calculated PSD is
the Welch periodogram of 20 rectangular windows of 1
minute length. Energy below 2 Hz, which corresponds to
SW energy, is not significantly different in phase III and in
phase I. However, energy over 2 Hz is different in both
cases, which demonstrates that spectral parameters are a
powerful tool to quantify intestinal motility.

A frequency analysis of the motility index has also been
applied (28). The FFT was applied to the discrete time
signal: number of SBs per minute. The power spectrum
was obtained under fasting conditions, feeding the patient
with glucose, and after returning again to the fasting mo-
tility pattern. The results showed that after food intake,
the energy displaces toward higher frequencies, with a
decrease in the power spectrum in the maximum peak
range. These observations coincide with the idea that
postingestion contractile activity presents greater vari-

ability and less organization than under fasting condi-
tions—a situation that complicates the definition of
normality for this postingestion pattern.

The application of spectral estimation techniques to the
study of intestinal myoelectric signals has been ques-
tioned by different investigators. They defend the fact
that spectral techniques do not afford information on
time intervals or individual cycles when applied to long
time windows. Moreover, these techniques are based on
the signal stationary principle, which is not applicable in
the case of gastrointestinal myoelectric signals, funda-
mentally because of the appearance of SBs or different
types of arrhythmias.

6.3. Time-Frequency Techniques

If it is accepted that the spectral parameters of the EEnG
allow one to define the motor activity of the intestine, and
the signals involved are not stationary over long time pe-
riods, then these signals should be studied in the time-
frequency domain.

In the late 1980s, the first time-frequency studies of the
gastric myoelectric signals were carried out (these signals
being similar to those found at the bowel level). These
early studies applied the short-time Fourier transform
(STFT), which assumes the stationary nature of the sig-
nals for sufficiently small time windows. Soon afterward,
Challis et al. applied this approach to the study of the SWs
of intestinal myoelectric activity (19). In this article, the
spectrogram of the EEnG was obtained after eliminating
the potential peaks, which constituted a time-frequency
representation based on the calculation of FFTs of 512
points, in blocks of 1 minute and with a total duration of
360 minutes (19).

Since then, different time-frequency techniques (see
time-frequency analysis) have been used to characterize
the myoelectric signals of gastric origin, although little
attention has focused on such activity at the intestinal
level (29). In this study, for each minute of signal, six time-
frequency distributions were obtained: Wigner–Ville
(WVD), Choi–Williams (CWD) (trace a in Fig. 7), Zhao–
Atlas–Marks (ZAM) (trace b in Fig. 7), and three spectro-
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Figure 6. Power spectrum density obtained from duodenum
electroenterogram during please III of the IMMC, i.e., maximum
contractile activity (gray trace), and during phase I of the IMMC,
i.e., intestinal quiescence (black trace).
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grams with a Hamming window of duration 0.32 s (trace c
in Fig. 7), 1.28 s, and 5.12 s (trace d in Fig. 7). Distributions
such as the WVD were found to be nonapplicable to the
study of the EEnG because of the cross-terms effect. In
contrast, the spectrogram and reduced interference dis-
tributions (CWD and ZAM) proved useful for characteriz-
ing the EEnG in the time and frequency domains (Fig. 7).
All showed an energy band below 2 Hz at all timepoints
corresponding to SW energy. This energy band was ac-
companied by high-frequency energy peaks when SB ap-
peared.

In this sense, local functions such as power [P(t)],
power over 2 Hz [P2(t)] or local mean frequency (/wSt)
derived from t-f distributions, can be helpful to character-
ize intestinal myoelectric activity. In continuous time and
frequency, equations of these local functions are summa-
rized as

PðtÞ¼

Z w0

0
Pðt;wÞ � dw; ð4Þ

P2ðtÞ¼

Z w0

wSW

Pðt;wÞ � dw; ð5Þ

hwit¼
1

PðtÞ
�

Z w0

0

w � Pðt;wÞ � dw; ð6Þ

where P(t,w) is the time-frequency distribution in study,
w0 is the bandwidth of the signal, and wSW (¼ 2 Hz) is the
frequency limit for excluding the SW energy. However, be-
cause of the negativity of CWD and ZAM, these local func-
tions may yield values that are difficult to physically
interpret.

On the other hand, the use of the spectrogram is sub-
ject to a compromise between resolution in time and fre-
quency on selecting the length of the window. The narrow-
band spectrogram (trace c in Fig. 7) shows good time res-
olution, but it is poor in frequency domain. SW energy al-
most disappears; only quick depolarization energy is
identifiable. On the other hand, the wide-band spectro-
gram (trace d in Fig. 7) has better resolution in the fre-
quency domain but worse in the time domain. SW energy
is clearly appreciated, but the energy of SB is scattered in
time.

7. FUTURE PERSPECTIVES. NONINVASIVE RECORDINGS

At present, the approaches most widely used for studying
intestinal motor activity involve pressure tracings and in-
ternal myoelectric signal recordings. However, these tech-
niques are of limited clinical applicability because of the
need for invasive procedures in positioning the probes or
electrodes. The development and validation of noninvasive
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Figure 7. Time-frequency distributions calculated
from 1-minute length internal electroenterogram:
(a) CWD, (b) ZAM, and spectrograms with Hamming
window and segments of (c) 0.32 s and (d) 5.12 s.
Distributions are normalized by the total energy.
Only positive terms are shown.
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techniques for recording bowel motility is thus required.
In this sense, there have been numerous bioengineering
proposals for resolving this problem. The main working
lines involve the study of intestinal sounds, ultrasound
techniques, and surface recording of the intestinal myo-
electric or magnetic signals.

7.1. Recording of Intestinal Sounds

The different studies conducted to date are based on the
hypothesis that intestinal peristaltic contractions and lu-
men transport generate acoustic signals dependent on the
motility patterns involved, the bowel contents, and the
conditions of the gut wall. It is believed that these and
other factors are considerably altered in different intesti-
nal disorders, and that such changes can be reflected by
important alterations in bowel sounds (BSs). At present,
as a result of technological innovations and advances in
computer science that have facilitated both data recording
and storage and processing, this field has gained renewed
interest in the scientific community.

Intestinal sounds can be recorded noninvasively and
for prolonged time periods using microphones or acceler-
ometers positioned on the shaved abdominal surface of the
subject in study. One principal limitation of this technique
is represented by interferences from other sounds gener-
ated by the heart, stomach, breathing, muscles, and envi-
ronmental sources (9). Heart sounds are the main source
of acoustic interference, and moreover, they present a
bandwidth superimposable to that of the intestine. Acous-
tic interference attributed to breathing can in turn be di-
vided into two types: (1) sound generated by airflow within
the airways and lungs and (2) breathing-related body
movement. As a result, many authors have centered ef-
fort on improving the quality of the recordings obtained.
To this effect, recording is typically carried out under con-
ditions of adequate acoustic isolation, applying advanced
signal processing techniques such as adaptive filters and
wavelets.

Recent studies have simultaneously recorded intestinal
contractions and bowel transit and intestinal sounds (30).
Specifically, a study was made of the relation between BSs
and the different phases of the IMMC under fasting con-
ditions. The results have shown an increase in BSs during
phases II and III of the IMMC, with maximum values be-
ing recorded at the end of phase II, followed by a slight
reduction in phase III, where contractile activity is max-
imum. This suggests a correlation of BSs with intestinal
propulsion rather than with the degree of motor activity.
Comparison of bowel transit recordings and intestinal
sound registries has corroborated this idea.

Some authors are conducting studies of the effect of
different pathologies on intestinal sounds. Thus, the latter
are observed to be modified in patients with mechanical
obstruction and ileus because of acute appendicitis. Nev-
ertheless, several problems continue to limit the applica-
tion of these techniques nowadays, including a lack of
quantitative information (with the exception of the num-
ber of BSs per unit time), or the fact that sounds from
different intestinal segments are registered simulta-

neously without being able to discriminate their precise
origin.

7.2. Ultrasound Techniques

Ultrasound techniques have been widely used for evalu-
ating intestinal structure and bowel wall thickness under
both normal and pathological conditions and less exten-
sively for investigating intestinal motility (31).

Doppler ultrasound allows graphic visualization of in-
testinal movement, with the added possibility of qualita-
tive and quantitative analyses of these movements. Based
on this technique, bowel movements have been classified
as peristaltic and nonperistaltic according to their associ-
ated amplitude and duration (31).

The main advantage afforded by ultrasound methods is
that they allow recording under physiological conditions.
However, the presence of intestinal gas produces rever-
beration artifacts practically throughout the intestinal
wall. Pressure on the sensor head applied by operator, as
well as patient breathing movements, constitutes addi-
tional sources of artifacts. The interpretation of ultra-
sound recordings moreover requires careful evaluation
and considerable experience on the part of the clinical
personnel (31).

7.3. Surface Recording of Intestinal Magnetic Signal

The bioelectric currents associated with gastrointestinal
electric activity generate magnetic fields that can be mea-
sured. Biomagnetic fields are nine orders of magnitude
less intense than the terrestrial magnetic field, as a result
of which highly sensitive instruments are required to de-
tect them. The use of a superconducting quantum inter-
ference magnetometer (SQUID) has made it possible to
record the intestinal magnetic signal (23).

Simultaneous recordings of the magnetic field at the
surface and of the myoelectric signal at the serosal level
have confirmed the strong correlation between the SW
frequencies of both signals (23). Moreover, the use of this
surface recording technique has allowed the noninvasive
detection of rabbit bowel ischemia of both arterial and ve-
nous origins.

One advantage of these techniques with respect to sur-
face myoelectric recording is that magnetic fields are com-
paratively less affected by abdominal layer conductivity,
because magnetic tissue permeability is relatively con-
stant. The main inconveniences are the demanding pro-
tocol required and the various interferences involved. The
study patients are required to follow a nonmagnetic diet in
the 72 hours before the experiment (23), although more
recent studies have reduced this requirement to an 8-hour
prestudy fast (32). The studies must be carried out in a
fully screened area to which access cannot be gained dur-
ing the recording sessions, to avoid signal distortion.
Moreover, cryogenic freezing is required of some elements
of the SQUID. The main sources of interference are at-
tributable to the power supply and other magnetic fields in
the surroundings, as well as to other biological sources,
particularly the heart and stomach (23,32). Breathing and
the movement of magnetic components in the intestine
can also produce interferences. In addition to the impor-
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tant cost of these systems, such problems must be resolved
to facilitate introduction of the technique in the clinical
setting.

7.4. Surface Recording of Intestinal Myoelectric Signal

The variations in the membrane electric potential of the
intestinal smooth muscle cells generate electric currents
that circulate through the extracellular spaces. Contact
electrodes positioned on the abdominal surface can be
used to record the electric potential associated with these
circulating currents through the abdominal wall layers.
The waveform of these recordings and their frequency
spectrum are affected by the tissues, which exert an insu-
lating effect between the signal source and the recording
electrodes.

These techniques have been widely used and developed
for recording electrical signals generated by the brain
(electroencephalogram, EEG) and heart (electrocardio-
gram, ECG) and, in the last two decades, have also been
applied to record gastric signals (electrogastrogram, EGG)
(25,26). The gastric myoelectric signal is similar to that
generated by the intestine and likewise comprises an om-
nipresent SW over which action potentials associated with
contractile activity are superimposed. Surface EGG re-
cording has been shown to be of diagnostic value. How-
ever, the application of these techniques to the intestine
has been limited to date (23,33). These studies have
stressed the small amplitude of the intestinal electric sig-
nal recorded at the abdominal surface level (in the few
hundred microvolts range) and have focused effort on the
study of the SW component, which is not associated with
intestinal motility.

In 1993, Chen et al. (33) carried out one of the first
studies involving intestinal electric signal recording at the

abdominal surface since the first noninvasive gastrointes-
tinal studies conducted in 1922. Chen et al. used pairs of
contact monopolar electrodes spaced 5 cm apart and posi-
tioned over the distal stomach and alongside the navel.
The signal recorded over the intestinal area presented a
dominant frequency of 9–12 cpm, in coincidence with the
typical SW frequency value in humans (12 cpm at duode-
nal level, with frequency decreasing aborally). Simulta-
neous recording of respiratory frequency made it possible
to discard breathing as a possible source of this signal (33).
In 1997, Bradshaw et al. carried out a spectral analysis of
the electric (internal and external) and magnetic signals
that showed a peak frequency of 15 cpm for the three types
of signal acquired in rabbits, which coincides with the
bowel SW frequency (23). This study also showed attenu-
ation of the electric signal recorded at the surface level on
interpositioning an electric insulating material in the ab-
dominal layers.

Other studies have investigated the complete surface
signal, not only activity associated with the SWs (34). Fig-
ure 8 shows that intestinal SW can be detected on external
recordings. Concretely, nine complete SWs can be appre-
ciated in internal and external EEnG recordings in intes-
tinal quiescence (left traces in Fig. 8). When contractile
activity appears (right traces in Fig. 8), high-frequency
activity can be observed in surface recording (upper trace)
corresponding to SB activity of the internal signal (lower
trace). Correlation studies based on spectral parameters
derived from simultaneous recording of the myoelectric
signal detected internally and on the abdominal surface
suggest a direct relation between both signals (34). Ac-
cordingly, parameters such as energy at 2 Hz or mean fre-
quency of the abdominal recordings could be of great use
for quantifying intestinal motor activity without the need
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Figure 8. Electroenterogram acquired on abdominal surface (upper trace) and in small bowel
serosa (lower trace) in a period of quiescence (left traces) and of maximum contractile activity
(right traces). Bowel segment in study was attached to internal abdominal wall to avoid external
and internal recording area disagreements.

INTESTINAL MOTILITY 11



for invasive recordings. Still, to compare external and in-
ternal recordings of EEnG and to prevent recording area
disagreements, in these works (33,34), the bowel segment
in study was sutured to the internal abdominal wall. Al-
though the small bowel has natural adherences to the in-
ternal abdominal wall, this artificial attachment may
improve electrical contact between bowel and surface elec-
trodes. More studies without such artificial attachment
should be performed to confirm these results.

The main sources of interferences in surface recordings
of an EEnG are represented by the cardiac or gastric sig-
nals, with the possible added influence of breathing. Move-
ment by the study subject can also cause artifacts and as
such must be eliminated. The application of techniques
such as adaptive filtering makes it possible to improve the
signal-to-noise ratio and eliminate interferences.

The use of modern signal acquisition and processing
techniques for studying intestinal electrical signals re-
corded at the abdominal surface level may be useful for
the noninvasive detection of bowel motility and associated
pathologies. Specifically, it could be possible to detect dis-
orders that affect smooth muscle electrical activity, such
as intestinal pseudo-obstruction, paralytic ileum, mechan-
ical obstruction, dysmotility syndromes, intestinal is-
chemia, or irritable bowel syndrome.
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As most of the molecules present in living systems are
highly soluble in water but poorly soluble in nonpolar sol-
vents (including the hydrophobic interior of the mem-
brane lipid bilayer), biological membranes pose a
formidable barrier to most water-soluble molecules, main-
taining the large differences in concentration of many
substances between the cytoplasm and the extracellular
fluid. However, various proteins embedded within the
membrane lipid bilayer make also a mosaic of highly se-
lective permeability functions, which regulate the move-
ments of molecules (from smaller O2, N2, CO2, and H2O, to
much larger nutrients, specific metabolites, secreted mol-
ecules and excrete waste products) and ions (Naþ , Kþ ,
Cl� , Ca2þ ) into and out of the different types of cells and
in the various membrane-bound organelles, which is cen-
tral to the life of the cells (1).

The small, nonpolar (hydrophobic) molecules, including
oxygen (O2) and nitrogen (N2), and small uncharged polar
(hydrophilic) molecules, such as carbon dioxide (CO2),
move through biological membranes simply by diffusing
across the lipid membranes of cells (2). Much larger, polar
organic molecules not very soluble in the membrane lipids,
such as glucose, amino acids and others, move trough
membranes via specific transport protein carriers (ionic
channels) (3). On the other hand, hydrated ions, such as
sodium (Naþ ), potassium (Kþ ), chlorine (Cl� ), or calcium
(Ca2þ ), can move both through nonspecific (nongated or
pores) and specific (gated or gated pores) ionic channels
(4).

1. INTRODUCTION

As hydrophilic ions electrostatically attract water dipoles
(cations attracted to oxygen atoms and anions attracted to
hydrogen atoms of water molecules), thus being sur-
rounded by electrostatically bound shells of water (waters
of hydration), these hydrated ions are too bulky to dissolve
effectively in the membrane. So, in order to traverse the
membrane, ions can do so almost exclusively by going
through the protein pores embedded in the membrane,
called ionic channels. In contrast to the lipid bilayer, ionic
channels provide an effective polar environment for ions
(enabling their waters to pass to this polar medium, de-
creasing partly hydrated ionic overall effective diameter)
and also the diameter of the channels is large enough (so
that ions traversing the channel need not be stripped com-
pletely of their water shells). Although some transport
proteins are simple aqueous ionic channels, many of these
are highly selective for ions (Naþ , Kþ , Ca2þ , and Cl� ) or,
in the case of aquaporins, for water; others are enzymes or
receptors for chemical messages from other cells (1).

Ionic channels are intrinsic transmembrane proteins
that span the membrane (with inner diameters of about
one-tenth of the membrane thickness (about 8 to 10 nm),
and with distances between neighboring channels about
10 times greater than the thickness of the membrane) (5).
Ionic channels themselves can be subdivided into two cat-
egories: passive or active.

Passive channels are nongated, being always open in
the cell at rest (contributing significantly to the resting
membrane potential, and influencing synaptic integra-
tion). Active channels are gated, having a gate either
open or closed, controlled by membrane potential, by
synaptic transmitters, or, in the case of receptor cells, by
various physical stimuli (contributing significantly to the
action, synaptic, and receptor potentials).

The opening and closing of a channel involve confor-
mational changes. In all ionic channels so far studied the
channel protein has two or more conformational states
that are relatively stable. Each of these stable conforma-
tions represents a different functional state. For example,
each ionic channel has at least one open state and one or
two closed states. The transition of a channel between
these different states is called channel gating. The molec-
ular rearrangements that occur during the transition from
closed to open states appear to enhance ionic conduction
through the channel not only by creating a wider lumen,
but also by shifting relatively more polar amino acid con-
stituents into the surface that lines the aqueous pore.

The direction and magnitude of ionic fluxes across
membranes depend on both the concentration difference
and the electrical difference (the membrane potential), and
these two driving forces are collectively known as the
electrochemical gradient (electrochemical difference)
across a membrane (4). The greater the number of open
channels, the greater the ionic flux across the membrane
for any given ion concentration difference. A single ionic
channel may open and close many times in a single sec-
ond, suggesting that the channel protein fluctuates be-
tween two (or more) conformations. The results of various
investigations show that ionic channels in nerve and mus-
cle cell membranes can assume multiple conformations,
one of which is more permeable to the ion in question than
the others (4,7).

There are three general physical models for channel
gating: (1) a localized conformational change that occurs
in one region of the channel; (2) a generalized structural
change that occurs along the length of the channel; and (3)
a blocking particle that swings into and out of the channel
mouth (8). The two unresolved issues of the (semi)classi-
cally addressed problems in molecular biophysics should
be especially pointed out: unreasonably long time neces-
sary for change of biopolymer conformations and long-
range directiveness of selective molecular recognition pro-
cesses—suggesting their quantum-resonant nature (9–11).

1.1. General Characteristics of Ionic Channels

All ionic channels have a basic glycoprotein component
consisting of a large integral-membrane protein with car-
bohydrate groups attached to its surface. A central aque-
ous pore through the middle of the protein spans the

1
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entire width of the membrane, but in many channels the
pore-forming region is made up of two or more subunits
(dimers, trimers, tetramers, pentamers, hexamers), which
may be identical or different. The ionic channels can be
constructed as heterooligomers from distinct subunits, as
homooligomers from a single type of subunit, or from a
single polypeptide chain organized into repeating motifs,
where each motif functions as the equivalent of one sub-
unit. In addition to one or more pore-forming a-subunits,
which comprise a central core, some channels contain
auxiliary subunits (b, g, or d), which modulate the inher-
ent gating characteristics of the central core. These sub-
units may be cytoplasmic or embedded in the membrane
(8).

One way of making sense of remarkable diversity of
ionic channels is to classify them according to their func-
tional characteristics (electrophysiologic behavior, inhibi-
tion or stimulation by pharmacologic agents, activation by
extracellular agonists, and modulation by intracellular
messengers) or structural characteristics (amino acid se-
quence homology and the kinds of subunits of which they
are composed) (4).

1.1.1. Electrophysiology. This approach consists of an-
alyzing ionic currents by voltage-clamp techniques and
then characterizing the ionic channels on the basis of their
selectivity (Naþ , Kþ , Ca2þ , and Cl� channels), voltage
dependence (in electrically excitable cells, e.g., nerve, skel-
etal muscle, heart—these channels being generally also
highly selective for Naþ , Ca2þ or Kþ ions), gating (reg-
ularly every millisecond or every second, or irregularly by
bursts of activity followed by periods of relative inactivity).

1.1.2. Pharmacology. Currents that are virtually indis-
tinguishable by electrophysiological criteria can some-
times be distinguished pharmacologically. For example,
subtypes of voltage-gated Naþ channels can be distin-
guished by their sensitivity to the peptide toxin m-cono-
toxin, which is produced by Conus geographus, a
venomous marine mollusk. This toxin strongly inhibits
the Naþ channels of adult skeletal muscle but has little
effect on the Naþ channels of neurons and cardiac my-
ocytes.

1.1.3. Extracellular Agonists. Some channels are char-
acterized by their unique ability to be activated by the
binding of particular molecule termed an agonist. These
agonist-gated channels respond to different chemical ac-
tivators such as acethylcholine (ACh), glutamate, seroto-
nin (5-hydroxytryptamine [5–HT]), gamma-aminobutyric
acid (GABA), and glycine. The types of agonist-gated
channels are numerous and diverse, and they differ on
the basis of electrophysiological and pharmacological cri-
teria.

1.1.4. Intracellular Messengers. Channels can be cate-
gorized by their physiological regulation via intracellular
messengers. For example, channels underlying [Ca2þ ]i
stimulated Kþ and Cl� currents are known as Ca2þ -
gated Kþ channels and Ca2þ -gated Cl� channels, respec-
tively, while in light-sensitive rod cells of the retina a cer-

tain type of channel is directly activated by intracellular
cyclic 30,50 -guanosine monophosphate (cGMP).

It should be noted that the four presented functional
criteria (electrophysiology, pharmacology, extracellular
agonists, and intracellular regulators) for characterizing
channels are not mutually exclusive. For example, Ca2þ -
gated Kþ channels and cGMP-activated channels are both
structurally related to the family of voltage-gated chan-
nels.

1.1.5. Sequence Homology. Because of the diversity of
channels based on functional criteria, a molecular biologic
approach is ultimately required to classify ionic channels
structurally. Amino acid sequencing of purified channel
proteins provided the information needed to prepare oligo-
nucleotide probes that could be used to isolate the coding
sequences of channels from coding deoxyribonucleic acid
(cDNA) clones derived from messenger ribonucleic acid
(mRNA). This approach has led to the cloning of many
different types of ionic channels and has confirmed that
the diversity of channels foreshadowed by physiological
research corresponds to an enormous diversity at the mo-
lecular level.

Molecular information obtained from sequence analy-
sis and structural information on channel proteins has
revealed the possibility to gain insight into the evolution-
ary inter-relationships of proteins by comparing their de-
duced primary amino acid sequences, as well as nucleotide
sequences of genes that encode them. By aligning various
protein sequences and computing the relative similarity of
each pair protein sequences, it is possible to reconstruct a
hypothetical family tree (dendrogram) of evolutionary re-
lationships. The branch lengths of the tree correspond to
relative evolutionary distances as measured by sequence
similarity. In case where the functional properties of
cloned channel genes are known from their behavior in
expression systems, their functions are consistent with
the classification of channel subtypes based on molecular
evolution.

2. BIOPHYSICS OF IONIC PASSIVE AND ACTIVE
MEMBRANE TRANSPORT

Biophysical transport of ions through biological mem-
brane will be considered here as an interplay between
(gated) active membrane transport (which explains the or-
igin of different ion concentrations: Naþ , Kþ , Cl� , ... from
the inside and from the outside of the cell membrane) and
(nongated) passive membrane transport (explaining the
resting potential of the membrane, as a consequence of the
concentration gradient established by active transport)
(12,13). Although there is good evidence that the mem-
brane has separate gated channels for Naþ , Kþ , Cl� , and
Ca2þ , it is not clear whether different ions have separate
nongated channels or whether they all share a common
(leakage) pathway (6).

2.1. Passive Membrane Transport

Living cells are characterized by 10–20 times increased
concentration of Kþ ions and decreased concentrations of
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Naþ and Cl� ions inside the cells compared to the cells’
environment (Ci

K þ cCe
K þ ; C

i
Naþ{Ce

Naþ ; C
i
Cl�{Ce

Cl� ). As
a consequence of these ionic gradients across the
(B10 nm-thick) membranes, there appears experimen-
tally observed potential difference between the cell cyto-
plasm and its environment (Dj¼ji � je � �80 mV).

This potential difference (resting potential) is a conse-
quence of dynamic equilibrium of nongated ionic diffusion
across the membrane (caused by ionic gradients across the
membrane) and nongated ionic drift under the embedded
electric field within the membrane (which counterbal-
ances the diffusion process), whence the Hodgkin–Katz
formula for the membrane resting potential can be de-
duced:

Dj¼
RT

F
ln

PK þC
i
K þ þPNaþC

i
Naþ þPCl�C

e
Cl�

PK þC
e
K þ þPNaþC

e
Naþ þPCl�C

i
Cl�

; ð1Þ

where F is Faraday’s number, R is the molar gas constant,
T is the absolute temperature, and PK þ ; PNaþ ; PCl� are
permeability coefficients of the membrane for Kþ , Naþ

and Cl� ions, respectively (P¼ mRT/FDx, where m is the
ion mobility, and Dx is the membrane thickness).

2.2. Active Membrane Transport

An increased concentration of Kþ ions and decreased con-
centration of Naþ ions inside the cell are determined by
the active membrane transport, which proceeds against
the electrochemical potential gradient. It should be
pointed out that active transport is one of the most im-
portant features of life processes in general, as it resolves
the contradiction between the preservation of spatial het-
erogeneity and metabolism—the exchange of matter and
energy with the surrounding medium—in the framework
of nonequilibrium thermodynamics of open biological sys-
tems.

Active transport is accomplished through the sophisti-
cated indirect coupling (in stationary nonequilibrium
state) of diffusion fluxes to the exergonic reactions that
take place in the bulk of the membrane: the transfer of
matter occurs at the expense of the free energy liberated
in chemical reactions (as a rule, in hydrolysis of adenosine
triphosphate, ATP). This is a transport facilitated by a
chemical reaction (facilitated/mediated transport), which
is accelerated due to the presence of carriers, the mem-
brane proteins that interact with the transported ions or
molecules, but do not leave the membrane, so that the cir-
culation of carrier occurs.

In case of the sodium pump, the key role is given to the
protein carrier Kþ ,Naþ -activated adenosine trip-
hosphatase—ATPase (C), which is the enzyme with high
affinity for Kþ (CK) in dephosphorylated state, and with
high affinity for Naþ (CFNa) in phosphorylated state (as a
result of corresponding conformational changes of the
ATPase, accompanied by hydrolysis of ATP). So, the over-
all membrane process, which makes use of the free energy
of ATP for the active transport of Naþ and Kþ ions in the
direction of their increasing concentrations, might be de-

scribed as:

CKþATPþNaþ$CFNaþADPþKþ ð2Þ

and can be understood as a sophisticated gated ionic
transport facilitated by a chemical reaction, consisting of
two cycles that drive each other (12,13): (1) the exchange
of Kþ and Naþ ions (ion-exchange cycle) and (2) the phos-
phorylation and dephosphorylation of ATPase (chemical
cycle).

2.3. Neuronal Ionic Currents

The previous discussion of the sodium pump is only a
simplified model of active membrane transport: the search
of the electrophysiologial basis of the varying intrinsic
properties of different types of neurons of vertebrates and
invertebrate revealed a wide variety of ionic currents. So,
in vertebrate neurons, two distinct Naþ currents have
been identified and five distinct Ca2þ currents and a
plethora of distinct Kþ currents are known (cf. Table 1)
(14). Each type of ionic current is characterized by several
features: (1) the type of ions conducted by underlying ionic
channels (e.g., Naþ , Kþ , Ca2þ , Cl� , or mixed cations); (2)
their voltage and time dependence; and (3) their sensitiv-
ity to second messengers.

3. MAJOR STRUCTURAL FEATURES OF KNOWN FAMILIES
OF IONIC CHANNELS

Here we summarize the major structural features of the
known families of ionic channels that have been identified
in mammals by cloning of their pore-forming subunits,
where the hypothetical membrane topologies are based
primarily on hydropathy analysis. Thus, the folding dia-
grams should be considered a ‘‘best-guess’’ representa-
tion—and on the basis of the data bank of mammalian
channel-protein sequences derived from cloning methods,
at least 18 distinct families of channel proteins are recog-
nized (4). When annotation of the human genome is com-
pleted, it will eventually be possible to provide a definitive
survey of channel types and functions.

3.1. Connexins

The connexins have four transmembrane segments. Six
connexins surround a central pore to form a connexon.
Two connexons from neighboring cells stack end to end to
form a gap junction channel, which connects two cells with
a large, unselective pore (about 1.5 nm in diameter) that
allows ions and small molecules as large as 1 kDa to pass
between cells. These gap junction channels (GJCs) inter-
connect hepatocytes of the liver, cardiac muscle fibers of
the heart, and smooth muscle of the gut, â cells of the
pancreas, epithelial cells in the skin, and even in the cor-
nea of the eye, to name just a few. GJCs provide pathways
for chemical communication and electrical coupling be-
tween cells (which are probably also morphofunctional
substrate for acupuncture meridians and their reflex-
ogenic points (15–19)).
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In one mode of regulation, increases in [Ca2þ ]i can
cause GJCs to close, but in addition, gating of GJCs can be
regulated by the voltage difference between the coupled
cells, as well as by phosphorylation. For Ca2þ -depending
gating, in the absence of Ca2þ , the pore is in an open con-
figuration and the connexin subunits are tilted 7 to 8 de-
grees from an axis perpendicular to the plane of the
membrane; after the addition of Ca2þ , the pore closes
and the subunits move to a more parallel alignment. The
gating of the GJC may thus correspond to a conformatio-
nal change that involves concerted tilting of the six con-
nexin subunits to widen (open) or constrict (close) the
pore, which can be studied by measuring electrical cur-
rents through GJCs, using two patch electrodes simulta-
neously placed in a pair of coupled cells.

3.2. Voltage-Gated Cation Channels

The superfamily of voltage-gated channels consists of Kþ ,
Naþ , and Ca2þ channels that have a common structural
motif. The main part of each of these channels consists of

four subunits or domains, each of which contains six
transmembrane segments denoted as S1 through S6. Kþ

channels are believed to represent the evolutionary pre-
cursor form of these channels because their pore-forming
subunit contains only one S1 through S6 domain; several
types of voltage-gated Kþ channels are tetramers of these
simple subunits. The pore-forming subunits of Naþ and
Ca2þ channels both comprise four domains (I, II, III, and
IV), referred to as pseudosubunits; each of these four do-
mains contains the S1 through S6 structural motif that is
homologous to the basic Kþ channel subunit. Members of
the voltage-gated superfamily of channels are also recog-
nized by a characteristic structure of the S4 domain in
which four to seven positively charged residues (lysine or
arginine) are located at every third position. This unique
S4 domain appears to function as the protein’s voltage
sensor.

Voltage-gated Ca2þ channels also illustrate another
feature of some ionic channels: they are multisubunit
complexes consisting of accessory proteins in addition to

Table 1. Neuronal ionic currents (14), modified

Current Description Function

Naþcurrents
INa,t Transient; rapidly activating and inactivating Action potentials
INa,p Persistent; noninactivating Enhances depolarization;

contributes to steady-state firing
Kþcurrents
IK Activated by strong depolarization Repolarization of action potential
IC Activated by increase in (Ca2þ )i Action potential repolarization and

interspike interval
IAHP Slow afterhyperpolatization; Slow adaptation of action potential

sensitive to increases in (Ca2þ )i discharge;
its block by neuromodulators
enhances neuronal excitability

IA Transient; inactivating Delayed onset of firing;
lengthens interspike interval;
action potential repolarization

IM Muscarine sensitive; activated by Contributes to spike frequency
depolarization; noninactivating adaptation;

its block by neuromodulators
enhances neuronal excitability

Ih Depolarizing (mixed cation) Contributes to rhythmic burst firing
current; activated by and other rhythmic activities
hyperpolarization

IK,leak Contributes to neuronal resting Its block by neuromodulators
membrane potential results in a sustained change in

membrane potential
Ca2þcurrents
IT, Transient; rapidly inactivating; Underlies rhythmic burst firing
low threshold threshold negative to - 65 mV
IL, Long-lasting; slowly inactivating; Underlies Ca2þ spikes prominent in
high threshold threshold around - 20 mV dendrites; involved in synaptic

transmission
IN Neither; rapidly inactivating; Underlies Ca2þ spikes prominent in

threshold around - 20 mV dendrites; involved in synaptic
transmission

Ip Purkinje; threshold around - 50 mV ?
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the channel-forming subunits. For example, voltage-gated
a2 are composed of a large pseudotetrameric a1 subunit
with domains I through IV that form the pore, plus four
additional structurally unrelated subunits known as a2, b,
g, and d. Like the homologous á subunit of Naþ channels,
the large á1 subunit of Ca2þ channels specifies most of the
basic channel functions, while the functional role of b, g,
and d subunits is largely unknown.

3.3. Cyclic Nucleotide-Gated Channels

Several other types of channels that are not considered
voltage-gated are nevertheless clearly evolutionarily re-
lated to the voltage-gated superfamily. One example is a
family of cation-selective channels that are directly acti-
vated by intracellular cGMP or cyclic adenosine 3050-mono-
phosphate (cAMP), with important role in visual and
olfactory sensory transduction. The cyclic nucleotide-
gated channels have the same basic S1 through S6 motif
as Kþ channels, but they contain a unique cyclic nucleo-
tide binding domain at the C terminus.

3.4. Ca2+ -Activated K+ Channels

A second family of Kþ channels, large conductance Ca2þ -
activated Kþ channels, is also related to the superfamily
of voltage-gated channels. The pore-forming subunit of
these Ca2þ -activated Kþ channels has the basic S1
through S6 structure; however, it also has a transmem-
brane segment named S0 at the N terminus, plus a large
C-terminal region that contains binding sites for Ca2þ .

3.5. Inward Rectifier K+ Channels

A third family of Kþ channels consists of the inward rec-
tifier Kþ channels. The basic pore-forming subunit of this
family of channels contains only two membrane-spanning
segments, structurally related to the S5-S6 portion of the
S1 through S6 domain of the voltage-gated Kþ channels.
It appears that inward rectifier Kþ channels contain the
minimal structural unit required for forming a Kþ -selec-
tive pore.

3.6. Agonist Activated Channels

In addition to the voltage-gated superfamily, the agonist
activated channels as an example of ligand-gated chan-
nels are also represented by two large and diverse gene
superfamilies. These receptor channels are gated by the
binding of ACh, serotonin, GABA, glycine, and glutamate.

As a representative, the acethylcholine receptor (AChR)
is a channel that is a pentamer comprising four different
homologous subunits. The a subunit is represented twice;
therefore, the pentamer has a subunit composition of
a2bgd. The nicotinic AChR channel (nAChRC) is located
in a specialized region of the skeletal muscle membrane,
at the postsynaptic nerve terminal. The receptor responds
to ACh released from the nerve terminals by opening and
allowing cations to flow through its pore. Images of the
AChR show a pentameric radial symmetry that corre-
sponds to a rosette-like arrangement of the five subunits,
as an extracellular entrance to the cation-selective chan-
nel. The structural changes induced by ACh binding that

control opening and closing of the channel appear to occur
in a central region of the protein that lies within the plane
of the lipid bilayer.

3.7. Others

Other important channels are two types of membrane
channels selective for Cl� (anion channels): the cystic fi-
brosis transmembrane conductance regulator (CFTR) and
ClC (transport Cl- and, to a lesser extent bicarbonate ion
[HCO3� ], can take place). Amiloride-sensitive Naþ chan-
nels are prominent in Naþ -transporting epithelia. Finally,
there are two types of Ca2þ release channels: one is pres-
ent in the endoplasmic reticulum membrane and is gated
by the intracellular messenger inositol 1,4,5-triphosphate
(IP3), and the second is located in the sarcoplasmic retic-
ulum membrane of muscle and plays a critical role in the
release of Ca2þ during muscle contraction.

This rich variety of ionic channels in different types of
cells may make it possible to develop drugs that can ac-
tivate or block channels in selected regions of the neuro-
muscular system. Such drugs would, in principle, have
maximum therapeutic effectiveness with a minimum of
side effects. That detailed knowledge of the genetic basis of
channel structure and function may one day make it pos-
sible to devise new pharmacological therapies for specific
neurological and psychiatric disorders or other diseases.

3.8. Channelopathies

Cells cannot survive without functional ionic channels.
The single genetic abnormalities that cause over 600 hu-
man diseases have now been identified (2). Many of the
diseases are rare, but others are more common and some
cause conditions that are severe and eventually fatal. Ex-
amples include variety of channelopathies, diseases that
mostly affect muscle and brain tissue and produce episodic
paralyses or convulsions.

There is a number of different mechanisms by which
this may occur (20): (1) mutations in the coding region of
ionic channel genes may lead to gain or loss of channel
function, either of which may have deleterious conse-
quences; (2) mutation in the promoter region of the gene
may cause under- or overexpression of a given ionic chan-
nel; (3) other diseases result from defective regulation of
channel activity (by cellular constituents or extracellular
ligands), which may be caused by mutations in the genes
encoding the regulatory molecules themselves or defects
in the pathways leading to their production; (4) autoanti-
bodies to channel proteins may cause disease by downreg-
ulating channel function—often by causing
internalization of the channel protein itself; (5) finally, a
number of ionic channels are secreted by cells as toxic
agents, being inserted into the membrane of the target cell
and forming large nonselective pores, leading to cell lysis
and death.

Traumatic brain injury (traumatic depolarization) also
causes massive amino-acid-mediated ionic fluxes across
the membrane of neurons (20), as well as ischemic brain
injury (anoxic depolarization) which causes neuronal cell
damage by initiating massive ionic fluxes. These two
forms of brain injury may account in part for the injured
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brain’s increased susceptibility to hypoxia. The excitatory
amino acids appear to play a vital role in these processes,
as they transport glutamate into glia rather than neurons.
Glutamate uptake into neurons and glia is important be-
cause glutamate is an excitotoxin that kills cells by over-
stimulating them. There is evidence that during ischemia
and anoxia, loss of neurons is increased because gluta-
mate reuptake is inhibited (2).
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1. INTRODUCTION

X-rays, g-rays, and small atomic particles emitted from
radioactive materials are all ionizing radiations. The im-
portant property that sets them apart from other types of
radiation is that a single photon or particle carries enough
energy to separate an orbital electron from an atom, the
process called ionization. The ionization process is dam-
aging to biological tissues. It may kill cells or produce
subtle changes in their genetic make-up leading to devel-
opment of abnormal cell populations. The prime target for
initiation of such damage is the nuclear deoxyribonucleic
acid (DNA).

Experiments on cells in culture media have been used
to investigate biological effects of radiation at the cellular
level (1–5), which have shown that large particles such as
a-particles are more damaging than x-rays or g-rays in
relation to the amount of energy released. Other experi-
ments have demonstrated that when similar doses of x-
rays are delivered at lower dose rates, less damage is pro-
duced, which is related to the cell’s natural repair pro-
cesses. If several ionization events occur close together
within one DNA molecule, the damage is more difficult to
repair, which is more likely to occur at higher dose rates.
Although cells are able to repair damage, some of the mil-
lions of damaged cells will not be repaired or will be re-
paired incorrectly. Another important finding is that cells
undergoing division are more readily damaged, and as a
result, tissues with larger numbers of dividing cells are
more sensitive to radiation.

Information about the effects of radiation on human
populations has been derived from epidemiological studies
of groups exposed to very large doses, including the sur-
vivors of the atomic bombs exploded over Japan (6–8) and
hospital patients treated with radiation (9–11). Exposure
to large localized doses can produce a variety of effects in
sensitive organs, whose severity is a function of dose.
These effects are called tissue reactions or deterministic
effects and will only occur once a certain dose threshold is
exceeded (5,12). These effects determine the tolerance lev-
els of normal tissues exposed during radiotherapy treat-
ments (2,3,13,14). Other longer-term effects of radiation
exist, which may even occur after exposure to low doses of
radiation. These effects are referred to as stochastic ef-
fects, because the occurrence is governed by the laws of
chance. These effects are the induction of cancer in the
exposed individual and of genetic defects in their descen-
dents (1–6,15,16). Results from epidemiological studies
show that certain organs are much more likely to develop
cancer following radiation exposure, but that cancer will
not develop until many years after the exposure. In addi-
tion, the risks are greater among those exposed as chil-

dren or fetuses. Risks of cancer have been estimated from
epidemiological studies, by extrapolating dose-response
data down to the low doses received by radiation workers.

This chapter looks first at mechanisms by which radi-
ation produces damage at the cellular level. The use of
radiation for treatment of cancer is discussed. The effects
from human exposure and the methods used to extrapo-
late data on cancer incidence in human populations to de-
termine risks are reviewed. Finally, areas of current
research and debate are considered.

2. RADIATION DAMAGE AT THE CELLULAR LEVEL

2.1. Absorbed Dose and Energy Deposition

X-ray and g-ray photons interact with biological tissue in a
number of different ways. They may be stopped completely
and lose all their energy (total absorption), change direc-
tion and lose some energy (inelastic scattering), or change
direction with no change in energy (elastic scattering).
The energy lost in these processes results in ionization or
excitation of atoms within biological molecules. Radiation
dose is evaluated in terms of a quantity called the ab-
sorbed dose, which is a measure of the energy deposited in
unit mass of tissue. The unit normally used for measuring
absorbed dose is the gray (Gy), where 1 Gy¼ 1 J kg� 1. A
gray represents a high radiation absorbed dose, and doses
of this order are used in radiotherapy for killing malig-
nant cells. Doses from diagnostic medical radiation proce-
dures are the order of milligrays (mGy) or micrograys
(mGy). The absorbed dose relates to the mean energy ab-
sorbed in a tissue but does not take any account of vari-
ations in energy deposition within the tissue.

Ionizing radiation is much more harmful than chemical
or other agents in terms of the amount of energy absorbed.
A person takes several hundred times more energy into
their body when drinking a cup of coffee than is deposited
from a lethal dose of radiation. The difference is that the
deposition of energy from ionizing radiation is localized on
the atomic scale. Relatively large volumes of each cell re-
ceive no energy at all, but the energy released locally in
each ionization event is more than enough to break atomic
bonds. The ionization process leaves an atom with an elec-
tron missing, called a positive ion, which may not be the
end of the interaction process, as the electron that has
been ejected may have sufficient energy to ionize further
atoms (Fig. 1). Single ionization events produce small
clusters of ion pairs, each depositing about 100 eV. Typi-
cal ionizing radiation events release 20 times more energy
than is required to break one of the covalent bonds within
a strand of a DNA molecule, and 300 times the energy of
hydrogen bonds, which bind the strands of a DNA mole-
cule together and are responsible for the accuracy of DNA
replication.

Although the amounts of energy from an ionization
event are large on the atomic scale, they are still ex-
tremely small. Therefore, any radiation exposure, even a
relatively small one such as a dental x-ray, which will in-
volve over a million x-ray photons with energies between
20 keV and 70 keV, will create many millions of ion pairs in
the exposed tissues. Any one of these ion pairs may dam-
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age a sensitive macromolecule. This sensitivity where ev-
ery photon or particle has enough energy to ionize an atom
is unique to ionizing radiations. X-rays and g-rays form
part of the spectrum of electromagnetic radiation, which
includes visible light, ultraviolet, infra-red, and radio-
waves, but are the only photons that have enough energy
to ionize atoms. However, ultraviolet radiation induces
photochemical reactions in the skin, which produce ery-
thema, tanning, and long-term effects. Various charged
and uncharged particles, for example, alpha particles (the
nuclei of helium atoms), b-particles (electrons), neutrons,
and protons, will also cause ionization.

2.2. Interaction Mechanisms and Cell Damage

Only about 1% of the events that produce direct ionization
occur close enough to important cellular macromolecules
to be potentially harmful. About 80% of each cell is made
up of water, so the majority of radiation interactions in-
volve the ionization of water molecules. The positive ion
produced breaks down to form an Hþ ion and an OH0

radical, whereas the free electron associates with a water
molecule, forming a hydrated electron. The free radicals
are highly reactive and usually recombine within milli-
seconds to reform water molecules. However, if a free rad-
ical is formed within a few nanometers of a biological
macromolecule, it may interact with the macromolecule
and initiate a chain of subcellular events through indirect
action, producing microscopic changes in the cell. One im-
portant reaction is that between two OH0 radicals to form
hydrogen peroxide (H2O2). The OH0 radical is thought to
be responsible for initiation of about two-thirds of all the
events from external exposure of the body to x- or g-rays
(1,2,4,6). The free electrons can cause damage, but the
probability is lower. The microscopic damage is more se-
vere after high doses and more likely to produce changes
in normal tissue function that will be apparent clinically.

Molecular oxygen has a high affinity for free radicals, giv-
ing rise to further reactive products and acting to fix the
free radical damage. The presence of oxygen in tissues in-
fluences the level of cell killing by radiation.

Radiation can most readily harm cells by damaging the
DNA within the cell nucleus. The DNA molecule is a dou-
ble helix consisting of two strands each made up of a se-
quence of nucleotides. A nucleotide is a subunit in which a
base is linked through a sugar to a phosphate group. The
sugar-phosphate groups make up the two strands of the
double helix, which are held together by hydrogen bonding
between the bases. Four different bases exist, each of
which only pairs naturally with one other type of base,
so that the two strands of a DNA molecule have comple-
mentary sequences. Genes are specific sequences of DNA.
They send out messages that are translated into proteins
and, in this way, particular genes control specific cellular
functions. Effects produced by radiation exposure of nu-
clear DNA in cells, together with an indication of their
relative frequency of occurrence, are given in Table 1(6).
Damage to DNA is a common starting point for acute tis-
sue injury after moderate and high-dose (Gy) exposure,
and increased risk of cancer development after low-dose
(mGy) exposure. Nearby breaks in the two strands of a
DNA molecule (Fig. 1) are considered to be particularly
important in terms of biological damage.

Other potential targets for radiation damage are cellu-
lar membranes. Transient changes in intracellular mem-
branes may suppress the activity of tissues that have
secretary functions such as the lachrymal and salivary
glands. Damage to the external cell membrane may tem-
porarily reduce cell-to-cell adhesion or increase cell wall
permeability and motility. Changes of this nature contrib-
ute to transient tissue edema, inflammation, and skin
erythema observed within hours of exposure to high doses
of radiation.

3. EFFECTS OF RADIATION ON CELLS

Some of the simplest experiments that are employed for
studying biological effects involve the irradiation of cell
cultures (1–4). Clonogenic cells are removed from a tumor
or other tissue, are placed in a defined growth environ-
ment, and their ability to produce a sizeable colony of de-
scendents is evaluated. The proportion of clonogenic cells

Figure 1. Schematic diagram illustrating how double strand
breaks in DNA molecules may be produced by the passage of a)
one or b) two photons / particles. Simulated tracks of an a-particle
(a) and a b-particle (b) with the distribution of interactions in tis-
sue are shown, on a similar scale to the DNA molecules. The open
circles represent ionization of an atom and the closed circles
atomic excitations.

Table 1. Types of DNA Damage and Estimated Yields in
Mammalian Cells (6)

Type of Damage
No. of Defects Per Cell

mGy� 1

Single-strand breaks (SSBs) in
DNA double helix.

1

Base modification/deletion 0.5
Cross linkage of adjacent

strands of DNA by covalent
bonding

0.15

Double-strand breaks (DSBs)
within close proximity in the
DNA molecule

0.04
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that survive an exposure to a given radiation dose can be
assessed by comparing the number of irradiated cells that
are able to form colonies with the number for a nonirra-
diated control population. Experiments can be carried out
to study cell survival after irradiation with different types
of radiation and a variety of dose levels and exposure re-
gimes. The results are generally plotted in the form of the
log (surviving fraction of cells) versus dose, known as cell
survival curves (Figs. 2 and 3), to assess cellular radio-
sensitivity.

3.1. Differences Between Effects of X-Rays and Particle
Radiations

When similar cultures of the same type of cell are irradi-
ated with x-rays and neutrons, the survival curves are
different (Fig. 2). The plot is linear for neutrons, but fewer
cells are killed by similar doses x-rays. This difference is
attributed to the patterns of ionizing radiation damage
produced by the two radiations. A clear link has been es-
tablished between the creation of clusters of ionization
events and the killing of cells by radiation. Neutrons are
not charged, but damage biological matter through colli-
sions with hydrogen atoms or protons. Neutrons and pro-
tons have similar masses, so transfer of energy from one to
the other occurs readily. Protons being charged interact
strongly with other atoms. As a result, neutrons interact
with tissue producing clusters of ionization events around
the paths of individual particles, so that the passage of one
neutron would create a number of ionization events within
the volume occupied by a double strand of DNA. a-parti-
cles produce dense accumulations of ionization events
along their tracks in the same way (Fig. 1). The amount
of energy deposited along the track of a particle or photon
is called the Linear Energy Transfer (LET), measured in
keV mm� 1 (1–5). a-particles (LET 50 keV mm� 1) and neu-
trons are high LET radiations.

The secondary electrons produced by the ionization
process will often have enough energy to induce further
ionization resulting in a cluster of ionized atoms from one
ionization event. Ionization events occur less frequently
along the tracks of b-particles (Fig. 1) and x-rays (LET

0.2 keV� 10 keV mm�1), which are classed as low LET ra-
diations. A single x-ray photon is unlikely to produce two
ionization events close together, which might cause a DSB
in a DNA molecule. An SSB in a DNA strand can be re-
paired readily. Higher doses of x-rays will increase the
chance of two or more events occurring within a small
volume, which might produce DSBs that the cells are un-
able to repair. Curves of the form shown in Fig. 2 are pre-
dicted by a linear quadratic model, in which two or more
‘‘hits’’ are required within a sensitive ‘‘target’’ on the scale
of a DNA molecule in order to kill a cell. The net result is
that fewer cells are killed per gray by lower doses of x-
rays. The killing of cells and other effects of radiation such
as the induction of chromosome aberrations can be de-
scribed by linear-quadratic dose-effect relationships of the
form:

Effect¼ aDþbD2;

where D is the dose and the terms with coefficients a and b
could be considered to represent the passage of one or two
photons/particles respectively required to induce a DSB in
a DNA molecule (Fig. 1) (1,2,5,6). For high LET radiations,
the a-coefficient predominates, whereas for low LET radi-
ation, the b-coefficient will be more significant.

The damage produced by different types of radiation
are compared with x-rays by using the quantity Relative
Biological Effectiveness (RBE), which is defined as:

RBE¼
Dose of X�rays

Dose of other radiation

to produce a defined biological

or clinical effect:

The RBE is used in determining doses used for radiother-
apy treatments. In radiation protection, radiation weight-
ing factors are defined for each type of radiation in order to
approximate differences in biological effectiveness. An-
other unit, the sievert (Sv) is used for this biological equiv-
alent dose. The weighting factor used for x-rays, g-rays,
and electrons is one, so for these radiations, 1 Sv¼ 1 Gy.

3.2. Influence of Dose Rate, Fractionation, and Oxygenation

Cell experiments show that fewer cells will be killed by the
same dose of x-rays, if the dose is given at a low dose rate
than at high dose rate (Fig. 3a), because at low dose-rates,
the natural DNA repair capacity of the cells is effective.
The cells are able to repair less serious forms of DNA
damage, so that recovery can occur even during exposure.
With large acute doses and at higher dose rates, the DNA
repair capacity of the cells is overwhelmed and more cells
are killed per unit dose (1–6).

Even with high dose-rate exposure, if the total dose is
divided into two or more fractions (Fig. 3b), each separated
by more than a few hours, damage, such as SSBs, can be
repaired between exposures. Even potentially lethal DNA
damage such as DSBs may be repaired. As a result, more
clonogenic cells survive and are able to continue replica-

Figure 2. Examples of the variation in survival of mammalian
cells following single exposures from X-rays (solid line) and neu-
trons (dotted curve) at high dose rates.

IONIZING RADIATION, BIOLOGICAL EFFECTS OF 3



tion, so the overall radiation tolerance is improved. The
fractionation of doses into smaller amounts delivered each
day to patients during radiotherapy treatment is an im-
portant factor in protecting normal tissues.

The concentration of oxygen in a cell or tissue affects
the degree of damage from high radiation dose levels.
Cells that have very low oxygen levels are less responsive
to radiation, probably because of the involvement of oxy-
gen in the free radical interactions. The body’s blood sup-
ply provides oxygen for metabolic requirements and, as a
result, normal tissue is well oxygenated. However, most
solid tumors contain regions of hypoxic cells, which may
reduce response to radiotherapy for these tumors.

4. DNA DAMAGE AND REPAIR PROCESSES

4.1. DNA Repair and Protective Mechanisms

Irradiation of cells, even at low doses, activates specific
genes, which respond to the production of damage. Certain
genes encode enzymes that act as the catalyst for pro-
cesses related to cellular repair. ‘‘Housekeeping’’ genes are
involved in rejoining breaks using ‘‘cut and patch’’ en-
zymes that semi-conservatively replicate and replace the
damaged part of a single DNA strand. Other genes per-

form a variety of functions that affect the repair process,
such as regulating the control of gene transcription and
arresting the progress of cells through the cell cycle. As a
result, most point mutations and SSBs on DNA molecules
are repaired within a few hours. If the repair is carried out
correctly, then cellular function should return to normal.
Thus, minor changes in irradiated DNA probably do not
contribute significantly to acute radiation effects. How-
ever, a chance of about one in a thousand exists that SSBs
will be mis-repaired and the wrong two strands joined to-
gether. More complex repair mechanisms, requiring the
action of a number of enzymes, are involved in rejoining
DSBs (1,2,4). If the repair process does not join the correct
ends of the broken molecular chains, it will alter the
chromosomal sequence of bases and so the cell’s genome
may not be re-established, which causes what are called
sister chromatid exchanges, with the formation of hybrid
chromosomes (Fig. 4).

Cells that are dividing pass through a set of well-de-
fined phases, during which the cell chromosomes are rep-
licated before cell division (Fig. 5), which produces two
daughter cells with an identical set of chromosomes to the
parent. The phase of the cycle during which cells divide is
called mitosis. Cells that undergo mitosis with damaged
DNA may die. The repair process is facilitated by the ar-
rest in the cell cycle of cells with DNA damage, which
prevents SSBs being converted into DSBs during DNA
synthesis and allows time for damage to be repaired.

Two ways exist in which the cell population is protected
from genetic damage, one is by repair of DNA damage to
keep the cell alive, and the other is by removal of damaged
cells. If breaks in both strands of a DNA molecule exist
that cannot be repaired, a cell may be prevented from
progressing to mitosis, be induced to differentiate to a
nonproliferation state, or be removed by apoptosis (pro-
grammed cell death) (Fig. 5). Evidence exists that these
protective mechanisms may be enhanced by exposure to
low doses of radiation, called adaptive responses. They
develop as a physiological response to stress over a few
hours and may last for several weeks. This enhanced re-
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Figure 3. Examples of cell survival responses for exposures to X-
rays from different patterns of dose delivery. a) exposures at dif-
ferent dose rates and b) illustration of increased survival (recov-
ery) when the x-ray dose is delivered in 2 Gy fractions at 10 h
intervals (bold line), compared to a single dose (narrow line).

Figure 4. Examples showing how recognizable chromosomal ab-
errations can be formed in irradiated cells where the wrong DNA
strands are joined, with double breaks in a DNA strand forming a
ring chromosome, and breaks in two adjacent chromosomes form-
ing a dicentric.
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sistance to DNA damage following low doses of radiation
may mean that subsequent exposure to a higher dose is
less damaging (17–20). The adaptive responses are more
effective for doses in the range 50 to 200 mGy and disap-
pear above 500 mGy.

4.2. Post-Irradiation Cellular Responses

Recent research has shown evidence of cellular responses
that appear to produce genomic change. The effects can be
divided into two categories, radiation-induced genomic in-
stability and post-irradiation bystander signalling be-
tween cells. Genomic instability describes a state where
multiple changes occur within a cell that lead to loss of
genomic control, which persists over many cell cycles. The
instability takes the form of increased frequencies of chro-
mosome aberrations and gene mutations. It can result in a
chain of biological changes that are often found during
carcinogenesis (21–23).

Another process that influences the effect of radiation
on cells is the bystander effect (23–25), which relates to
damage to a cell that occurs when the cell is not traversed
by a radiation track. Bystander cells are believed to be
responding to signals from their irradiated neighbors.
Studies of the bystander effect have been made possible
through the development of microbeam irradiation facili-
ties. Most studies have involved high LET a-particles or
protons.

4.3. Chromosome Aberrations

If breaks in DNA strands are not repaired, they will result
in the formation of imperfect chromosomes when the cells
are preparing for mitosis. Examples of the formation of

chromosome aberrations through joining together of the
incorrect DNA strands are shown in Fig. 4. Lethally irra-
diated cells often have dicentric chromosomes, ring chro-
mosomes, and acentric fragments. Dicentric and ring
chromosomes may lead to failure of separation of chro-
matids and death of the cell when it attempts mitosis.

As the number of chromosomal aberrations increases
with radiation dose, they can be used as a retrospective
biological dosimeter. Scoring of di-centric aberrations in
peripheral blood lymphocytes has been used to evaluate
the doses persons have received, but the technique is only
sensitive enough to detect changes after doses over
100 mSv (20 mSv is the annual dose limit for radiation
workers). The technique would only be used in the case of
a suspected incident when an individual might have been
exposed to a relatively high radiation dose.

4.4. Transformation of Cells and Cancer Induction

Alterations in some genes may increase the risk of malig-
nant transformation of cells, which may occur at low ra-
diation doses. These genes are called proto-oncogenes and
they control cellular growth, proliferation, and differenti-
ation. Through mutation, radiation can convert proto-on-
cogenes into oncogenes, which may lead to inappropriate
gene expression and the malfunction of cellular regula-
tion. Other genes are thought to be important in prevent-
ing the development of cancer. Damage to these tumor
suppressor genes may be another starting point for initi-
ation of cancer. However, the development of cancer is not
a simple process dependent on the mutation of one gene.

An illustrative model of possible processes in the de-
velopment of malignancy is shown in Fig. 6 (26), but this is
in itself a simplification and the processes will vary be-
tween different types of cell. In this example, a mutation
(m1) leads to the creation of a benign change in cells, which
forms an intermediate state (I) in a malignant transfor-
mation. These intermediate cells divide and may form a
large population of cells, which could then be the target for
a second mutation (m2), which could convert one cell to a
malignant state (M). The malignant cell then divides and,
in time, produces a detectable tumor. Thus, the develop-
ment of clinical cancer is a complex multistage process
involving not only initiation but also progression and pro-
motional events. The promotional events may involve risk
factors other than radiation, such as hormonal and viral
exposure. The precise role of radiation exposure in these
processes has not yet been fully established, but it does not
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Stem cells
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Intermediate
cells

Malignant
cells

Detectable
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Time lag
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�2

Figure 6. Example of steps in a two mutation model for induc-
tion of cancer (26).

Apoptosis may be triggered if
damage detected is irreparable

Progress
through the
cycle may
be halted,
if damage
is sensed

Mitosis

S phase
DNA synthesis

G1 phase

G2 phase
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Cells that cease division

6 h − 8 h

2 h − 5 h
8 h or more

Figure 5. Diagram showing the phases in the cell cycle for a
replicating cell and mechanisms used to protect against replica-
tion of damage to DNA. Damage caused by exposure to ionizing
radiation may halt a cell’s progress through the G0 phase to fa-
cilitate repair, and if damage cannot be repaired the cell may be
removed by apoptosis. If cells with DNA damage progress through
the cycle they may die during mitosis.
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appear to involve any particular genetic locus or chromo-
some.

5. SENSITIVITIES OF DIFFERENT CELLS AND TISSUES TO
RADIATION

5.1. Radiosensitivities of Different Cells

A fundamental law of radiobiology, which was established
by Bergonié and Tribondeau in 1906, states that ‘‘the more
rapidly a cell is dividing, the greater is its sensitivity’’ (27).
Cells that are dividing pass through well-defined phases
in the cell cycle (Fig. 5) (1,2). They are particularly sen-
sitive to damage when in the G2 and mitosis phases. The
radiosensitivities of different tissues are a function of the
types of cells that make up the tissues and, in particular,
whether those cells are dividing. In very simple terms,
cells can be classified into three types:

* Stem cells exist to produce cells for another cell pop-
ulation (e.g., bone marrow, spermatogonia). They di-
vide frequently and are very radiosensitive. Stem
cells do not yet have a specialized function and are
said to be undifferentiated.

* Transit cells are ones moving to another population,
such as reticulocytes, which are immature red blood
cells.

* Differentiated cells have fully developed their mor-
phology and function. They do not exhibit any mitotic
activity and will not evolve further and so form static
cell populations. Examples are adult muscle cells or
nerve cells.

In practice, the situation is more complicated and there
are, for example, more highly differentiated cells that can
still divide. For example, endothelial cells (blood vessel
walls) and fibroblasts (connective tissue) divide on an ir-
regular basis in response to stimulating factors, and liver
cells regenerate if the liver is damaged or a portion is ex-
cised.

5.2. Radiosensitivity of Tissues

Many organs and tissues continue to grow throughout
childhood until the cell masses reach a predetermined size
in the adult. The majority of cells in adult tissues are dif-
ferentiated. Such cells are programmed to die eventually
by the process of apoptosis. In many tissues, the rate of
death of differentiated cells is balanced by renewal from a
reservoir of stem cells in order to maintain the cell pop-
ulation. The relative number of stem cells and differenti-
ated cells varies in different tissues, but stem cells usually
only make up a few percent of the cell population in any
organ. The full details of the operation of the feedback
mechanism, which enables the tissue to maintain the bal-
ance between cell proliferation and cell death, are not fully
understood. However, if sufficient numbers of cells are
prevented from dividing at the required stage, the tissue
will lose its ability to function effectively.

Organs are made up from a variety of tissues, which
can be grouped under the general headings parenchyma

and stroma. The parenchyma is the functional tissue,
whereas the stroma is the connective tissue and va-
sculature that provides the structure and support for the
parenchyma tissue. The radiosensitivity of a tissue de-
pends on that of the individual components. Organs that
need to maintain a high level of cellular proliferation tend
to be more sensitive to radiation damage. Examples are
the skin, the bone marrow, and the gastrointestinal tract.
The effects from high doses of radiation to these organs
become apparent more rapidly because of the loss of di-
viding cells. The severity of the effect depends on dose, so
that for the skin a dose of 1–3 Gy will cause severe ery-
thema and higher doses will produce dry desquamation
(5 Gy), moist desquamation (20 Gy), and necrosis (50 Gy)
(28). The effects on the skin will occur several weeks after
exposure, although initial erythema is observed after 1–2
days. The function of organs such as the lungs and the
kidneys depends more on the stromal elements, such as
the microvasculature. They can still be damaged by radi-
ation, but the rate of cell division is slower and their sen-
sitivity is less (2,13,14).

5.3. Effects of Radiation on Humans

Studies on cell cultures have enabled a detailed under-
standing of many factors that influence the effects of ra-
diation at the cellular level. Studies on animals have
contributed to the knowledge of how tissues respond to
radiation and provided data on which risks of mutagenic
changes in offspring of irradiated individuals is based.
Studies of human populations, who have been exposed to
large doses of radiation, provide more definitive informa-
tion on the level of risk to humans (6). The effects can be
divided into two types. The first group is tissue reactions,
often called deterministic effects, which result from higher
doses and occur within hours, days, or weeks of exposure.
The severity of these effects increases with the dose. The
second group is stochastic effects, which, if they occur at
all, are not apparent until many years after the exposure.
The likelihood of these effects occurring is very small, but
the probability increases with the radiation dose received.

6. TISSUE REACTIONS

6.1. Radiosensitive Tissues

Tissue reactions or deterministic effects occur when the
cumulative effects on the cells in the body are sufficient to
produce a measurable clinical response (1–3). Information
about these effects has been collected from various ex-
posed groups, including radiotherapy patients, survivors
from the atomic bombs dropped on the Japanese cities of
Hiroshima and Nagasaki, and individuals exposed during
nuclear reactor accidents (12). The tissues that are most
sensitive and the tissue reactions produced are summa-
rized in Table 2 (12). The severity of all these effects in-
creases with dose once a threshold has been exceeded, but
the threshold depends on the tissue irradiated. The
threshold doses are well above the doses received by ra-
diation workers or by patients in diagnostic radiology, but
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may be exceeded by patients being treated with radiother-
apy.

6.2. Whole-Body Exposures and Radiation Sickness

Acute whole-body exposure to x- or g-radiation can induce
radiation syndromes, which produce the symptoms asso-
ciated with radiation sickness, including haemorrhage,
infection, low blood cell count, diarrhea, and vomiting, and
may lead to death of the individual (3,12). Tissues that
have a high level of cell proliferation are more sensitive.
Doses of 1 Gy to 6 Gy induce the bone marrow syndrome,
doses of 5 Gy to 15 Gy induce reactions occurring from
damage to the gastrointestinal tract and the lung va-
sculature, whereas doses over 15 Gy affect the central ner-
vous system and cardiovascular system. 50% of the
exposed group will die at doses of between 3 Gy and
5 Gy. The period of survival depends on the dose, but if
death is to occur, it is usually between 30 days and 60 days
after exposures below 6 Gy.

6.3. Radiation Tolerances of Individual Organs

The body can tolerate much higher localized exposures to
individual organs than whole-body doses. Data on this
subject has been accumulated both from animal studies
and from the experience of patients undergoing radiother-
apy treatments (1–3,13,14,28–30). Radiation effects on
normal tissues can be split into two types: early and late
reactions. The early effects occur in tissues with rapidly
proliferating cells, such as the skin, gastrointestinal tract,
and bone marrow. They are observed during the course of
radiotherapy treatment, but are transient and usually re-
solve within 1–3 months. They include effects such as skin
erythema and reduced blood cell count. Late effects occur

several months or even years after treatment in the tis-
sues with fewer dividing cells, such as the central nervous
system, lungs, and kidneys. Examples of changes induced
by radiation that can lead to late effects are vascular oc-
clusion and mucosal ulceration. Both early and late effects
limit the tolerance of normal tissues and must be taken
into account in prescribing radiotherapy. A quantity called
the tolerance dose is defined as the dose that it is consid-
ered acceptable for a particular organ to receive during
radiotherapy treatment (2,3,14). Organs such as the go-
nads, the lens of the eye, and the bone marrow are the
most sensitive to radiation and have tolerance doses of a
few gray or less (Table 2), whereas those for other tissues
are a few tens of gray. Tolerance doses for some normal
tissues are given in terms of doses delivered in 2 Gy frac-
tions in Table 3, together with the risk of a clinical effect at
the tolerance dose (2).

In organs such as the lungs and kidney latent damage
to DNA can impair the ability to provide new cells in the
longer term (13). These organs have a greater dependence
on the integrity of the stroma elements of the tissue, such
as the microvasculature. Damage to blood vessels by
higher doses of radiation can affect blood flow leading to
impairment of function and ultimately organ failure. Ef-
fects because of impaired blood flow may also occur in the
spinal cord, which has a substantial need for oxygen and
nutrients. Thus, although the spinal cord is largely made
up of nerve fibres, which are not particularly radiosensi-
tive, the dose must be kept below a tolerance level.

As radiotherapy treatment by external radiation beams
can give high doses to the skin where the beams enter, the
skin tolerance dose is of particular importance (28). Doses
to the skin above the threshold (Table 2) have been re-
ceived in some prolonged interventional radiology and

Table 2. Threshold Doses for Tissue Reactions in the Most Sensitive Tissues for 1% Incidence of Morbidity (12)

Tissue Net Effect Absorbed Dose (Gy) Time for Effect to Develop

Skin Erythema 3–6 1–4 weeks
Skin Temporary epilation (hair-loss) o4 2–3 weeks
Lens of eye Detectable opacities 40.5 Several years
Lens of eye Cataract 3 Several years
Bone marrow Depression of blood formation 0.5 3–7 days
Gonads Temporary sterility in males 0.1 3–9 weeks
Gonads Permanent sterility o6 3 weeks

Table 3. Tolerance Doses for Some Normal Tissues (2)

Tissue Effect Risk (%) Dose (Gy)

Lung Pneumonitis 5 20
Kidney Glomerulosclerosis o5 20
Liver Hepatitis 5 25–30
Heart Pericarditis o5 (50) 35–40 (50–60)
Brain, spinal cord Necrosis o1 (5) 50 (60)
Colon, rectum Late fibrosis, fistulae 5 60
Skin Desquamation, Telangiectasia 50 55–60
Bladder Cystitis, ulcers o5 60–65
Nerve plexus Demyelination, fibrosis 5 65
Oral mucosa Confluent mucositis 50 65–70

Figures in brackets give alternative regimes.

(Doses are delivered in 2 Gy fractions).
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cardiology procedures (Fig. 7). There have been a number
of reports in the literature of extensive skin damage and
epilation during complex procedures (31,32). Improve-
ments in fluoroscopic equipment and optimization of tech-
nique mean that such effects are now less likely, but must
still be considered.

7. RADIATION IN THE TREATMENT OF CANCER

Large doses of radiation are used to kill cells for the treat-
ment of cancer by radiotherapy. The desired results are
that the radiation causes shrinkage of the tumor and,
where possible, the disappearance of detectable disease,
and the eradication of all cancer cells that might grow
back into a new tumor. This result must be achieved with
any effects on normal tissues being kept to an acceptable
level. In order to treat all the cells in a tumor effectively, it
is necessary to irradiate a larger volume, including sur-
rounding normal tissue. The radiobiological properties of
cancer cells are similar to those of normal cells. However,
the repair and regeneration functions of normal tissue
may be more pronounced, which can be used to advantage
by delivering the dose over an extended period of time in a
series of exposures or fractions. If the dose given in each
fraction is not too high, damage to the skin and other or-
gans in the path of the radiation beam or adjacent to the
tumor will not be too severe. If sufficient time is allowed
before the next fraction is delivered, it will allow the nor-
mal tissue to recover (1,2,13,14,29).

7.1. Tissue Responses and Biological Factors

The responses of both tumor and normal tissues to radi-
ation follow a sigmoid dose-effect relationship. However,
because treatments are planned so that doses to surround-
ing tissue are lower, it should provide a dose advantage for
tumor control (Fig. 8). The lower the dose for the tumor
control probability (TCP) curve, relative to that for the
normal tissue complication probability (NTCP), the more
favorable the situation for treatment by radiotherapy. The
dose level selected for treatment must be a balance be-
tween that required for successful control or eradication of
the tumor and that tolerated by the surrounding tissue
(30). In particular, doses to critical organs (Tables 2 and 3)
must be kept below the tolerance doses. If the volume of
the tumor is larger, then a greater volume of normal tissue
will be irradiated, moving the normal tissue damage curve
in Fig. 8 to the left, which will reduce the dose that it is
possible to deliver to the tumor while keeping any com-
plications at an acceptable level.

Important radiobiological factors that influence the se-
lection of treatment parameters are:

* Repair of cell damage: Most damage such as strand
breaks in DNA is repaired within a few hours.

* Repopulation of cells: Cells that survive irradiation
may proliferate. Repopulation of normal tissue is nec-
essary for tissue tolerance, but repopulation of the
tumor cells is undesirable.

* Re-oxygenation of tumor cells: As a tumor grows, the
development of neovasculature often lags behind the
growth of the tumor cells, so that it is unable to meet
the increasing demands of the tumor for nutrients,
which leads to the development of regions of the tu-
mor that are hypoxic and, as a result, may be less
sensitive to radiation. The dose from each fraction of
a radiotherapy treatment may be sufficient to destroy
most of the well-oxygenated tumor cells, but may kill
few of the hypoxic cells. During the interval before
delivery of the next fraction, some of the tumor cells
that were hypoxic may take in additional oxygen,
which will increase their radiosensitivity. Thus,

Figure 7. Skin injury attributable to X-rays from fluoroscopy
following multiple coronary angiography and angioplasty proce-
dures, showing tissue necrosis between 18 and 21 months after
exposure. (Reproduced with permission of T Shope (31)).

Figure 8. Relationship between tissue responses in radiotherapy
and the dose delivered to a target point within the treatment field.
Curves show the treatment control probability (TCP) and the
normal tissue complication probability (NTCP). An additional
curve is included to indicate the variation in complication free
control of disease.
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groups of tumor cells may be killed in sequential
fractions as they become oxygenated.

* Redistribution of cells within the cell cycle: Cells that
survive a dose of radiation will tend to be in a resis-
tant phase of the cell cycle but will in time progress to
a more sensitive phase.

* Radiosensitivity of the tumor cells: Radiosensitivities
of different types of tumor cells vary by up to a factor
of four.

All these factors influence the tissue responses for differ-
ent patterns of dose delivery. The relationship between the
total biologically effective dose that a normal tissue will
tolerate and the number of fractions or the dose per frac-
tion can be described in terms of a linear quadratic model
similar to that mentioned earlier for cell killing, with co-
efficients a and b applied to the dose and the square of the
dose, respectively (33). The biologically effective dose for a
treatment in n fractions can be plotted against the dose
per fraction (d) in iso-effect curves, which follow a rela-
tionship of the form:

Biologically effective dose¼nd=½1þdða=bÞ�:

The steepness of the curve is determined by the ratio a/b
for the particular tissue (2,13,14). For a low a/b ratio, most
of the cell killing is because of multiple hit processes,
whereas for a high value of a/b, a larger proportion is be-
cause of nonrepairable single hit damage. The ratio a/b is
lower for late responding normal tissues (kidney, a/b¼
2 Gy) than early responding ones (skin, a/b¼ 10 Gy; tu-
mors, a/b¼ 10–35 Gy). The quadratic term bD2 becomes
more important at higher doses and a larger change in the
total dose occurs with increasing numbers of fractions for
tissues with a lower a/b ratio. Recent studies such as
CHART (Continuous Hyperfractionated Accelerated Ra-
dioTherapy) have attempted to take full advantage of the
difference in a/b ratio between tumor and normal tissue
(34), which has been accomplished through hyperfraction-
ation (i.e., delivery of radiotherapy in more fractions at a
lower dose per fraction, but intensively over a shorter pe-
riod of time) (three fractions per day for 12 days in
CHART). Results have shown increased tumor control.

Important differences exist between tolerances of tis-
sues with different physical forms. Serial tissues, which
are long or tubular, such as the spinal chord, esophagus, or
upper intestine, would fail if a section were destroyed,
whereas parallel tissues, which have thousands of similar
subunits, such as the kidney, liver, or lung, may survive
even if a significant proportion is destroyed.

7.2. Dose Distributions

Dose distributions in radiotherapy are carefully planned
to ensure full coverage of the tumor volume while mini-
mizing the dose to surrounding tissues. Current linear
accelerators used for delivery of treatment with external
beams of radiation have collimators, which consist of mul-
tiple opposing leaves that can move independently. These
leaves allow the shape of the beam to be tailored to that of
the tumor. The intensity of the radiation beam can also be

modified across the beam by moving the collimator leaves,
which is known as intensity modulated radiotherapy
(IMRT) (35) and allows the dose distribution within a tu-
mor to be modulated either to produce a more uniform
dose distribution across an irregular tumor target or cre-
ate high- or low-dose regions to give a higher dose to an
active tumor volume or a lower dose to a sensitive tissue.
Treatments using IMRT are planned by computer often
using a technique called inverse treatment planning,
where the dose contributing to tumor control is maxi-
mized within dose constraints set to maintain complica-
tions in normal tissue at an acceptable level (30). The
flexibility that these techniques offer allows treatment
dose distributions to be planned in more detail, so that,
for example, it is possible to avoid irradiation of serial tis-
sues, such as tubular organs, all around their circumfer-
ence.

Some radiotherapy treatments are delivered using ra-
dioactive sources inserted into tumor tissue or introduced
into a body cavity so that they lie adjacent to the tumor, a
technique called brachytherapy (36–39). Treatments are
usually delivered using a remote afterloading system,
whereby the source on the end of a long cable is driven
into position within a catheter implanted in the patient
The principal reason for choosing brachytherapy is that a
higher dose rate can be achieved in the malignant tissue,
relative to the surrounding normal tissue, through the
proximity of the source. Close to the source, the level of
cell killing will be high, but the extent of the region of cell
killing will depend on the radiosensitivity of the cells at
the particular dose rate. Low dose-rate treatments are
performed by leaving the sources in place for several days.
Cell repair will modify radiation effects at dose rates less
than 1 Gy min� 1, but repopulation will be impaired at
dose rates above 10 mGy min� 1. Sources with higher dose
rates are now used, which allow treatment doses of 2–3 Gy
to be delivered in periods of a few minutes (38,39), which
enables brachytherapy treatments to be fractionated,
which gives more flexibility in selection of optimum pa-
rameters and allows treatments to be delivered on an out-
patient basis.

Radiotherapy is one of the main weapons used in the
fight against cancer. Whether it is appropriate for a par-
ticular case will depend on the separation between the
TCP and NTCP curves (Fig. 8), which is determined by
whether the tumor is localized and its sensitivity to radi-
ation. If the tumor is growing close to or within a critical
radiosensitive tissue, such as the small intestine, then
surgery may be the preferred option, whereas if the tumor
is diffuse or has seeded metastases distant to the primary,
then chemotherapy is more likely to be the treatment of
choice. Techniques can be compared using a therapeutic
index, which is defined in terms of the tumor response for
a fixed level of damage to normal tissue (2).

8. STOCHASTIC EFFECTS OF RADIATION

Stochastic effects are ones whose occurrence is determined
by the laws of chance. The frequency of the effect increases
with dose, but the severity does not. The model of sto-
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chastic damage has many features in common with a lot-
tery, where the jackpot is analogous to a harmful clinical
outcome resulting from the radiation exposure. If a person
buys a ticket (receives a radiation dose), they have a
chance of winning the jackpot (no threshold exists). Al-
though the probability of winning the jackpot (a chance
effect) increases with the number of tickets bought (the
dose), the size of the jackpot (the severity of the effect) does
not. Two types of radiation effect fall into this category, the
induction of cancer and the production of genetic changes,
which may be manifest in the offspring of the person ex-
posed or in subsequent generations. The latter are heri-
table changes that may result from DNA damage in a
germ cell. As a single ionizing event may damage a DNA
molecule, and even diagnostic examinations result in mil-
lions of ionizations, it is usual to assume that no threshold
dose exists for stochastic effects of ionizing radiation. If
some types of radiation damage are truly stochastic pro-
cesses, then the effect of multiple doses will be additive
with no ability to repair or recover from the injury.

8.1. Carcinogenesis: Epidemiological Studies of Atomic
Bomb Survivors

Evidence that ionizing radiation increases the risk of ma-
lignant disease in humans has been obtained from epide-
miological studies of a variety of exposed populations.
Those who survived the atomic bombs exploded over Hi-
roshima and Nagasaki make up the largest group. Many
of the survivors received very high doses, which increased
the overall risk of cancer by 5%, representing 1% of all
deaths in this group. This group is important because it
provides information on the effects of whole-body irradia-
tion following exposures at different ages, and an exten-
sive follow-up study over the life span of exposed
individuals is still ongoing (6,7). The data show that the
risk increases with dose (Fig. 9). Leukemia is one of the
less common cancers, so that excess risk relative to the
natural incidence is higher. Some key findings from the
study of the Japanese survivors are as follows:

* The risk of cancer is not the same for all parts of the
body. Many organs are affected but not all to the same
degree. There are many tissues for which no evidence
for any effect exists.

* A long latent period exists before cancer develops. An
excess of leukemia exists between 5 and 14 years af-
ter exposure, but the risk of solid tumors does not
increase above normal levels until 10 years after the
exposure and is still increasing 50 years later.

* A linear quadratic dose-effect equation provides the
best fit for the relationship between excess incidence
of leukemia and dose, whereas a linear response fits
the data for solid tumors (Fig. 9) (7,8).

* No evidence of a threshold dose exists for most tumor
types within the statistical variation of the data.
However, caution should be exercised in interpreting
this finding, as an increased incidence of cancer was
not seen below 200 mSv (the dose limit for a radiation
worker is 20 mSv per year).

* Risks of cancer were highest in those under 10 years
of age at the time of exposure.

* The model that best fits the data assumes that the
additional risk is related to the natural incidence of
the particular cancer (relative risk model). As the
natural incidence of most cancers varies with age and
is highest in the age group 60–90 years, the risk of
radiation-induced cancer occurring is highest when
the individual reaches the age 60–90 years, although
the exposure may have been many years earlier.

8.2. Carcinogenisis: Other Epidemiological Studies

Cancer incidence has been studied in many other groups
who have been exposed to high doses, and important ex-
amples are summarized in Table 4 (6–11,40–50). The lower
natural incidence of leukemia coupled with the shorter
latent period have meant that more links have been es-
tablished between leukemia and radiation dose than for
other cancers. Brief mention is also made in Table 4 of
some groups from which evidence has been obtained of
trends in cancer incidence with dose toward the lower end
of the dose range.

Figure 9. Plots of excess relative risk per Sv against dose for the
incidence of a) leukaemia and b) solid tumours in the Japanese
survivors of the atomic bombs. The thin and shaded lines repre-
sent a gliding average of the data and 733% respectively. The
bold lines show a) linear-quadratic dose-effect and b) linear rela-
tionships over the dose range for which evidence is available (7).
Data reproduced with the permission of Allen Press Inc., Law-
rence, USA.
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Several studies have demonstrated an increased risk of
thyroid cancer in individuals exposed to doses of 100–
300 mGy in childhood (6,11). Following the Chernobyl ac-
cident, a rise in childhood thyroid cancer has occurred in
areas with high levels of contamination, which is caused
by intake of radioactive iodine, which is concentrated by
the thyroid. The increased risk began about four years af-
ter the accident, so that the latent period is shorter than
had been observed in other studies of solid tumors (6).

Evidence for lung cancer incidence comes from studies
of miners exposed to high levels of the natural radioactive
gas radon and its daughter products, which as solid par-
ticles adhere readily to lung surfaces (40,41). These ra-
dionuclides are particularly damaging, as they decay
through emission of a-particles. Clear links have been es-
tablished between lung cancer incidence and radon expo-
sure. The extent to which the lower levels of radon in
dwellings will cause lung cancer has been a matter of de-
bate, but a report, in which data from 13 studies per-
formed across Europe have been pooled, concluded that
radon in the home causes around 20,000 lung cancer
deaths each year in the European Union (50).

The individuals involved in these studies have been
exposed to radiation doses 100–1000 times greater than
those received by persons working with radiation. The size
of the study population required to show a statistically
significant effect at dose levels currently received by radi-
ation workers would be unrealistically large (many mil-
lions) (8). Several large follow-up studies of radiation
workers, primarily in the nuclear industry, are being car-
ried out (Table 4). Some have shown evidence of a trend in
the risk for leukemia with dose, but not for solid tumors
(51,52). However, all that can really be concluded is that

the data are not inconsistent with current assessments
based on the Japanese atomic bomb survivors.

Studies of the cancer incidence in regions with high
levels of background radiation can potentially contribute
information. However, results are difficult to interpret be-
cause of uncertainties in the accuracy of cancer diagnosis
and other confounding environmental factors, as well as
the accuracy of the dose assessments. Comparisons of
groups within regions of the same country where back-
ground radiation levels are different offer the best oppor-
tunity for assessment. A study of neighboring regions
within China, one with a high background level, con-
cluded that the relative risk for all cancers between the
two groups did not differ significantly from one (53). A
United States study showed that adjusted cancer death
rates were 1.26 times higher in gulf coast states than in
mountain states, where the background radiation levels
were 3.2 times higher, a negative correlation (54).

8.3. Models of Radiation Cancer Risk

Estimates of the risks from low doses of ionizing radiation
have been made based on epidemiological studies listed in
Table 4. The smallest dose that has provided clear evi-
dence of an increased cancer risk is about 200 mSv, but the
annual doses received by individuals working with radia-
tion are between 100 and 1000 times smaller. In order to
predict the risks at lower doses, the dose-effect data has to
be extrapolated. At the present time, a linear no-threshold
(LNT) extrapolation model is the approach adopted by the
International Commission on Radiological Protection
(ICRP) (5,55) and is the basis of legislation worldwide (A
in Fig. 10), which assumes that the incidence of cancer is
directly proportional to the dose received and so is simple

Table 4. Human Populations Used in Studies of Increased Cancer Risks

Examples Effect Studied

Atomic Weapons
Survivors of the Hiroshima and Nagasaki bombs (6–8) Range of cancers
Marshall Islanders exposed near nuclear test sites Thyroid cancer
Occupational
Uranium miners inhaling radioactive dust (40,41) Lung cancer
Radium ingested by dial-painters who licked brushes (42) Bone cancer
Medical Diagnosis
Multiple fluoroscopies used in screening for tuberculosis (9) Breast cancer
Thoratrast (containing 232Th) injected as a contrast agent Liver cancer and Leukemia
Prenatal x-rays (43–45) Leukemia
Medical Therapy
X-ray treatment for ankylosing spondylitis (10) Leukemia and other cancers
Children treated with x-rays for tinea capitis (11) Thyroid cancer
Cervical and breast radiotherapy Breast cancer
Children treated with radiation for enlarged thymus Thyroid cancer
Nuclear Accidents
Chernobyl nuclear accident (6) Thyroid cancer
Studies Showing Evidence of Trends in Cancer Incidence with Dose Below the Level of

Significance
Early radiologists carrying out fluoroscopy (46) Leukemia
Workers at Hanford, Oak Ridge, and Rocky Flats Nuclear Plants (47) Leukemia
UK National Registry of Radiation Workers (NRRW) (48) Leukemia
Workers at Mayak Nuclear Plant in Russia (49) Leukemia
Indoor radon exposure (50) Lung cancer
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to apply. A reduction factor of two is employed for low LET
radiation at the very low doses associated with occupa-
tional and diagnostic medical exposures, based on the best
estimate from epidemiological studies (56).

However, alternative extrapolation options to the LNT
model may be equally valid. The dose-effect relationship
could follow a linear quadratic curve (B). If adaptive re-
sponses occur, there could be a dose threshold, below
which there was no increased risk (C). These alternatives
could mean that the risks at low doses were substantially
lower. The bystander effect in which more cells show dam-
age than were affected by ionization events could also in-
fluence the dose-response relationship. When a greater
proportion of cells are hit, the impact of the bystander ef-
fect could be reduced, so that a linear extrapolation for a-
particle damage could underestimate effects at low doses
and a curve in the form of (D) in Fig. 10 might be more
appropriate in some circumstances. Application of a linear
extrapolation of radon miner epidemiological data could
lead to an underestimate of domestic radon risks by a fac-
tor of four (41,57,58), which has been taken into account in
recent risk assessments for mine and domestic radon ex-
posure. It should be noted that the bystander effect could
also potentially increase the risk at low doses if transfor-
mations were produced in cells that would be killed at
higher doses (25).

8.4. Heritable Effects

Strong evidence exists to show that radiation induces
germ-line mutation. Mutations have been observed in a
wide variety of species, including plants, bacteria, fruit
flies, and mice. However, researchers have failed to dem-
onstrate convincing statistical evidence of hereditary or
genetic changes in humans following radiation exposure,
because of the difficulty in demonstrating a significant in-

crease above the background level of spontaneous genetic
abnormalities. The populations whose offspring have been
studied include the Japanese bomb survivors and patients
treated with radiotherapy as children. The dose of radia-
tion that would double the natural incidence of germ-line
mutation has been estimated from animal studies to be of
the order of 1 Sv (5,6); but whether this amount is appro-
priate for humans is still under review.

9. RISKS TO INDIVIDUALS

It is only appropriate to evaluate risks for individuals, as
different people will be more or less sensitive to radiation
(5). Some of the characteristics that influence the sensi-
tivity of individuals are discussed in this section.

9.1. Age and Sex

The lifetime excess risk of cancer from a radiation expo-
sure is highest among children and adolescents and falls
progressively with age (Fig. 11), which is due, in part, to
an inherently greater sensitivity to radiation damage
among children, because of the higher proportion of di-
viding cells, but also to a greater opportunity for expres-
sion of the damage. Different risk factors should be applied
for individuals of different age. As more than 50% of med-
ical exposures involve patients over 45 years and more
than 25% are on patients over 64 years of age (Fig. 11), the
potential risk factors for cancer induction for most pa-
tients will be lower than the average value for the popu-
lation as a whole. A difference also exists in risks between
males and females (Fig. 11). For example, the risk of
breast cancer is much higher for females (5).

9.2. Genetic Predisposition

Certain individuals have a higher risk of developing spon-
taneous cancer for genetic reasons and may also have an
increased risk factor for radiation-induced cancer (59,60).
The increased risk appears to develop from an impaired
capacity to repair DNA damage that may be related to
defects in the immune system. Tissue-specific cancer risks
may be in the range 5 to 100 times greater than normal

Figure 10. Curves showing alternative models for the dose-effect
relationship between human lifetime excess risk of cancer with
radiation dose. Line A represents current convention - a linear
increase at low doses with no threshold. A reduction of two is ap-
plied to account for low dose, low LET radiation. The curves rep-
resent other possibilities: curve B is a linear-quadratic
relationship; curve C is a dose-effect model including adaptive
responses (radiation hormesis) producing a threshold; curve D is
a supra-linear model in which low dose effects would be higher
than predicted, which may be appropriate for radon exposure.
Doses from background radiation are typically a few mSv per an-
num and doses for diagnostic medical procedures are between
0.01 mSv and 10 mSv.
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Figure 11. Excess lifetime risk of fatal cancer for males and fe-
males following a radiation exposure at different ages, as pre-
dicted by the LNT relative risk model (66). A curve showing the
age distribution of patients undergoing medical radiation exam-
inations in the UK is also shown.
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following moderate to high doses of radiation for individ-
uals with a genetic predisposition. However, as far as is
known to date, such individuals make up well below 1% of
the population. These genetic factors have implications for
radiotherapy treatment of such patients in whom tissue
reactions may be abnormally severe and the risk of a sec-
ond cancer may be substantial. Some research has sug-
gested that a higher percentage of individuals carry germ-
line mutations in low penetrance genes that predispose to
common cancers. If this larger group is more radiosensi-
tive, the risks within the population may be more nonuni-
form than had been thought.

9.3. Implications for Individuals Undergoing Radiotherapy
Treatment

The sequencing of the human genome provides the poten-
tial for identification of the genes and changes in the ge-
nome that could result in increased susceptibility to
radiation effects. The significant improvement in survival
following cancer treatment has resulted in a growing
number of radiation-related second cancers (61,62). Risks
are highest for the small group of patients with high ge-
netic disposition. Assessments of the genetic make-up of
individuals could in the future be used in decisions on the
appropriateness of radiotherapy treatment.

10. FETAL EXPOSURE

The embryo/fetus passes through three stages of develop-
ment. The first is preimplantation, during which the fer-
tilized ovum divides and forms a ball of undifferentiated
cells. In humans, this stage occupies the first 10 days fol-
lowing conception. The second stage is organogenesis,
during which the embryo is implanted in the uterine
wall and begins to differentiate into organs. This stage
runs through until the seventh week after conception.
Stage three is the fetal growth stage, during which the
organs mature by cell differentiation and grow through
cell proliferation. The potential effects of radiation on the
embryo and fetus (63) are:

* Embryonic, fetal, or neonatal death
* Malformations
* Growth retardation
* Cancer induction

In the early stages of development, radiation exposure
could destroy enough of the cells to terminate a pregnancy.
However, because the cells are still undifferentiated, if
enough survive and continue to reproduce, the only effect
would be a delay in development. In the middle stages of
development, when organs are not fully formed, radiation
exposure may cause damage to a particular tissue or stunt
its growth. The central nervous system remains highly
undifferentiated and so is particularly susceptible to radi-
ation damage. One of the main effects that has been ob-
served from high fetal doses is mental retardation. The
most critical period is that from 8 to 15 weeks following
conception, during which the fall in intelligence quotient

(IQ) is 30 IQ points per Sv (63). However, the effect will
only be detectable above threshold doses of 0.1 to 0.3 Gy,
much greater than those involved in medical diagnosis.

All the effects discussed so far are tissue reactions and
are only likely to occur at very high exposure levels. The
most significant effect of fetal exposure at low doses is an
increased risk of cancer, especially leukemia. A number of
studies have examined the risk of cancer following expo-
sure in utero. As the natural incidence of childhood cancer
is low (1 in 650 up to age 15, half of which are fatal), it is
possible to identify lower rates of cancer incidence in ep-
idemiological studies. The largest study of children x-
rayed in utero was carried out in Oxford, UK (43), but
various others have since been reported (44). The average
dose per examination was between 10 and 20 mGy during
the 1950s, and a summary of all the data suggest this
amount increased the risk of childhood leukemia and solid
tumor by about 40%. However, a statistically significant
excess was not found in studies of the Japanese atomic
bomb survivors irradiated in utero. Consideration of data
from all the studies indicates that the risk for doses of the
order of 10 mSv received from the beginning of the period
of organogenesis onward is not zero (45). As a result of the
greater risk, a higher level of clinical justification is re-
quired before an x-ray examination is performed on the
abdomen of a patient who is pregnant. Such a medical
exposure would be likely to be postponed unless the pa-
tient’s medical condition was serious.

11. APPLICATION TO RADIATION PROTECTION

The risks from radiation are influenced by many different
parameters. Complex calculations would not be justified to
evaluate the risks from all radiation exposures received
from work or diagnostic medical procedures. Therefore, a
simplified dosimetry system has been devised as the basis
for radiation protection to control doses to those who
might be exposed as a result of practices using ionizing
radiation.

11.1. Radiation Weighting Factors

First considering the source of radiation, the RBE varies
not only with the type of radiation, but also the exposure
conditions, including dose and dose rate, and the physio-
chemical conditions. For radiation protection purposes at
low dose levels, standard radiation weighting factors (wR)
have been recommended for each type or radiation (R) by
the ICRP related to their biological effect (Table 5) (5).
Similar factors are applied for all low-dose-level expo-

Table 5. Radiation Weighting Factors (5)

Radiation Type Radiation Weighting Factor

x-ray and g-rays 1
Electrons 1
Slow (thermal) neutrons 5
Fast neutrons 20
Alpha particles 20

IONIZING RADIATION, BIOLOGICAL EFFECTS OF 13



sures, which are used to calculate an equivalent dose (HR),
which is measured in sievert (Sv), from the absorbed dose
(DR), measured in Gy, by substituting in an equation of the
form

HR¼wRDR:

The radiation weighting factors are based on established
RBE values and are revised as more radiobiological data
becomes available. For x-rays, g-rays, and b-particles used
in most medical applications, wR¼ 1, so 1 mSv¼ 1 mGy.

11.2. Tissue Weighting Factors and Effective Dose

The results from epidemiological studies have been used
to assess the risks from the exposure of different organs
within the body. These results have shown that, following
large radiation exposures, there have only been higher
incidences of cancer in certain tissues. Most radiation ex-
posures will not irradiate the body uniformly and the risk
will vary depending on the organs that receive the higher
doses. In order to enable risks from different patterns of
exposure to be compared, a system has been developed by
the ICRP that allocates tissue weighting factors to doses to
the organs relating to the risk of cancer or hereditary dis-
ease (5). The weighting factors are based on evidence
available at the time and are revised periodically to take
new findings into account (Table 6). A weighting factor for
the gonads is included, relating to hereditary effects, al-
though in reality its significance will vary with the indi-
vidual patient, as no risk of these effects exists for those
who have passed the reproductive age. The ICRP have
recently proposed adjustments to the weighting factors
including a reduction in the factor for the gonads, in-
creases in those for the breast and remainder organs, and
additional factors for the brain and salivary glands.

The equivalent dose (HT) to each radiosensitive tissue
(T) is multiplied by the appropriate tissue weighting factor
(wT) and an effective dose derived from a summation using
the equation.

Effective dose¼STwTHT:

Essentially, the effective dose is designed to represent the
uniform whole-body dose that would carry the same risk
as the delivered dose distribution. The effective dose is the
third of the important dose quantities used in radiation
protection and these are summarized in Table 7. Limits
are set on doses from occupational exposures in terms of
equivalent dose to single organs (500 mSv per year) to en-
sure that tissue reactions do not occur and in terms of ef-
fective dose (20 mSv per year) to keep the risks of
stochastic effects to an acceptable level (64). Lower dose
limits are set for members of the public relating to expo-
sure from practices using radiation.

11.3. Consequences of Using the LNT Model for Radiation
Protection

The LNT model has been adopted by the ICRP and has
been used, together with the radiation and tissue weight-
ing factors and the relative risk model of cancer incidence,
to calculate cancer risk factors. Good reasons exist for us-
ing this model. It takes into account biophysical consider-
ations of single radiation events resulting in
nonrepairable DNA damage at low doses; it errs on the
side of safety; and parameters used in the model can be
defined more readily than for other models. However, in-
herent in the LNT model is the assumption that any dose,
no matter how small, has an associated risk. Some of the
fundamental principles and concepts of radiation protec-
tion have been constructed from this pretext, namely:

* The ALARA/ALARP principle, which embodies the
need to keep all doses ‘‘as low as reasonably achiev-
able/practicable’’ (5,64).

* Estimation of risks from radiation exposures using a
simple summation of doses and a multiplication fac-
tor (Table 8).

* The concept of collective dose, which is calculated by
summing the doses for all the individuals, for assess-
ing risk to an exposed population.

A risk of 0.05 per Sv (Table 8) means that if 100 persons
representing a broad cross-section of the population were
each exposed to 1 Sv of radiation, five additional fatal can-
cers would in time develop, although the time-scale could
be 40 to 50 years. The collective dose, which is measured in

Table 6. Tissue Weighting Factors

Tissue Tissue Weighting Factors 1991 (5)

Gonads 0.20
Bone marrow 0.12
Lung 0.12
Stomach 0.12
Colon 0.12
Breast 0.05
Thyroid 0.05
Esophagus 0.05
Liver 0.05
Bladder 0.05
Skin 0.01
Bone surface 0.01
Remainder organs 0.05
Total 1.0

Table 7. Dosimetric Quantities Used in Radiation
Protection

Dose
Quantity Definition Unit

Absorbed
dose

Measures the energy deposited
in tissue

gray (Gy)

Equivalent
dose

Takes account of the
effectiveness of different
radiations in producing
biological damage

sievert (Sv)

Effective
dose

Whole-body dose containing
adjustments for variations in
sensitivity to radiation for
different tissues

sievert (Sv)
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man-Sv, might be used in this way for assessing the im-
pact of a radiological practice. However, whether this ap-
proach is appropriate at low doses depends on the validity
of the LNT model.

11.4. Explanation of Risk

It is sometimes necessary to explain risks developing from
a radiation procedure to patients or their relatives (65).
Although simple calculations of risk based on the effective
dose and the factors in Table 8 will not be accurate, they do
give an order of magnitude for a risk. Effective doses from
diagnostic radiology vary from 10 mSv to 0.01 mSv. Appli-
cation of the LNT model using the factors in Table 8 gives
lifetime risks of cancer from 1 in 2.5 thousand to 1 in 2.5
million for these exposures. The general public do not have
an accurate perception of the magnitude of risks, and the
quotation of numerical values tends to give an impression
that the risk is both higher and is known more accurately
than is true in reality (65). Despite the well-defined sys-
tem for quantification of cancer risk, the estimation is a
very uncertain process, because the calculation is an ap-
proximation (66,67) and it depends on the validity of the
underlying assumptions. Moreover, the LNT dose-effect
model is likely to represent a worst case, so the calculated
risks are probably an overestimate. It is more appropriate,
therefore, to use general terminology when describing
risk. Suggested terms for risks associated with different
dose ranges are for o1 mSv, negligible; for 1–10 mSv, very
low; and for 10–100 mSv, low. An alternative is to compare
doses with those from other sources, such as natural back-
ground radiation or cosmic ray exposure during air travel,
to try to put the dose into perspective (64,65). However,
the use of general terminology low, very low, and negligi-
ble is considered to best reflect the state of knowledge and
give a reasonable idea of the level of risk involved.

12. DEBATE OVER RADIATION PROTECTION POLICY FOR
THE FUTURE

The LNT dose-effect model has been accepted as repre-
senting the relationship between cancer incidence and
dose for many years, although the evidence is derived
from epidemiological studies with doses over 200 mSv.
Some researchers suggest that it would be more realistic
to assume that a threshold exists below which there is no
increased risk of cancer with low LET radiation. This has
been the subject of lively scientific debate in recent years
(8,20,55,68–72). Dose response curves included in Fig. 10

show other possible relationships. A threshold could de-
rive from a need for there to be an accumulation of damage
or from an adaptive response that could provide a bene-
ficial effect. Some radiation scientists have further ana-
lyzed existing low-dose epidemiological data (54,68,71)
and suggest that these support the hypothesis that a
dose threshold may exist for cancer induction. In addi-
tion, some radiobiologists involved in studies of DNA re-
pair genes believe that defense mechanisms in cells may
be switched on by exposure to low doses of radiation,
thereby reducing the cancer risk below normal levels (ra-
diation hormesis) (19,20). If the risks at doses less than
100 mSv were significantly lower, or if a threshold existed,
below which there was no increased risk, then the princi-
ples and concepts of ALARA and summation of doses
would not be appropriate.

The LNT model has some significant disadvantages. It
implies that no radiation dose is safe, and the public takes
this implication to mean that all radiation doses are dan-
gerous. Such fears can have considerable social conse-
quences. For example, it is estimated that over 10,000
women in Europe may have chosen to have unnecessary
abortions after Chernobyl based on fears, which were
groundless, that they would give birth to deformed chil-
dren. Alternative models in which a threshold exists do
not have the same severe practical and social implications
for very-low-dose radiation exposure. Their adoption
would simplify the implementation of radiation protection
for many low-dose practices, as at some very low doses, no
associated risk would exist, however many people were
exposed.

For the present, although the possibility of a low-dose
threshold cannot be ruled out, current knowledge sug-
gests it is likely that low doses of radiation will carry some
risk (55). The current LNT model may overestimate that
risk, but this is by no means certain. Sufficient evidence
about the form of the low dose response relationship is
unlikely to come purely from epidemiological studies.
Computational models are now being used to perform
quantitative analyses of radiobiological experiments and
epidemiological data (73). The models are based on a mul-
tistage carcinogenesis process and complement the tradi-
tional statistical approaches for estimating cancer risk.
The parameters within the models relate to biological
functions, so that they can be tested in principle. These
methods may help to untangle the radiation dose-effect
relationship. However, for the time being, based on cur-
rent knowledge, the LNT model is employed. Any change
in the accepted models of the dose-effect relationship
would have widespread implications for radiological pro-
tection practice and must be approached with caution.

13. CONCLUSIONS

Ionizing radiation has earned a place at the heart of mod-
ern medicine in both diagnosis and treatment. In radio-
therapy, the fact that it can both kill and cause cancers is
something of a paradox. It is true that a small number of
patients treated with x-rays will develop second tumors as
a result of radiation. However, with local treatment of

Table 8. A Summary of theMain Risk Factors (Risk per Sv)
(5)

Effect Working Population (18–65 y)Whole Population

Fatal cancer 0.04 0.05
Nonfatal cancer 0.01 0.008
Hereditary effects 0.008 0.013

These are derived based on the relative risk and LNT models, taking into

account the radiation and tissue weighting factors.

IONIZING RADIATION, BIOLOGICAL EFFECTS OF 15



cancer involving surgery or radiotherapy providing cure
rates now running at over 40%, and higher success rates
with radiotherapy for certain types of tumor (2), this is a
small price to pay. In radiology, x-rays and radionuclides
provide the basis for invaluable diagnostic tools, but again
have a small potential health detriment. With modern
technology and optimized procedures, diagnostic x-ray
doses are now very low and the risk correspondingly
small. Each procedure should only be carried out when
the radiologist considers that it is justified by the clinical
information that will be obtained, so the benefits in man-
agement of disease should far outweigh the risks. For ra-
diation workers and the general public, dose limits have
been set well below the threshold for tissue reactions, at a
level such that the risk of radiation-induced cancer is well
below many of the other risks associated with everyday
living (4,65).
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1. DEFINITION

Ischemia is a condition in which the blood supply to an
organ, tissue, or part of the body is insufficient to meet the
metabolic demands and is normally caused by the total or
partial occlusion of an artery. The word ‘‘ischemia,’’ which
is sometimes spelt ‘‘ischaemia,’’ comes from the Greek
words iskhein (‘‘to keep back’’) and haima (‘‘blood’’).

2. DESCRIPTION OF ISCHEMIA

2.1. Concept of Ischemia

The word ischemia literally means ‘‘stoppage of blood,’’ but
in a more clinical sense it could be defined as the transient
or permanent reduction of the arterial blood flow irrigat-
ing a specific tissue. The main cause of ischemia is
atherosclerosis, a disease in which an artery is narrowed
or blocked because of the deposit of fatties, cholesterol, and
other substances in its inner layer.

It is important to distinguish ischemia from other
important pathological situations such as hypoxia or
anemia. Hypoxia is characterized by the significant re-
duction of oxygen in the blood flow irrigating a tissue, but
an oxygen deficiency is not necessarily caused by inade-
quate perfusion. For instance, a decrease in the partial
pressure of oxygen after a respiratory insufficiency could
be a cause of hypoxia. Thus, ischemia always involves
hypoxia, but hypoxia is not necessarily caused by ische-
mia. As for anemia, it is a pathological situation during
which a deficit in hemoglobin in an otherwise normal
blood flow affects the ‘‘quality’’ of the blood irrigating a
tissue, thus causing metabolic impairment. For these
reasons, ischemia is a more serious situation than hypoxia
or anemia because, in addition to a deficient oxygen
supply and a lack of blood ‘‘quality,’’ it implies (1) a
reduction in the supply of nutrients, and (2) a cease of
the washout that the blood stream exerts in normal
conditions, a situation that can lead to the accumulation
of toxic metabolites produced in the ischemic cells and

other substances. This lack of washout is especially dan-
gerous in the case of myocardial ischemia.

Two different ischemic situations must be distin-
guished. On the one hand, acute ischemia occurs just after
the sudden occlusion of an artery. Depending on the artery
and location of the occlusion, the consequences of such
ischemia can be life-threatening. For example, acute
myocardial ischemia can almost immediately trigger ven-
tricular fibrillation, a potentially fatal arrhythmia. On the
other hand, chronic ischemia consists of the persistent
reduction of the arterial flow irrigating a specific tissue.
Generally speaking, chronic ischemia does not represent a
mortality cause in itself, but fatal consequences can result
as it worsens. Both types of ischemia have different
physiopathology, symptoms, diagnosis, therapy, and prog-
nosis.

Ischemia is a situation that can occur in any organ or
tissue. One of the most frequent and severe forms is
myocardial ischemia, which affects the myocardium and,
eventually, can lead to the death of the affected heart
tissue. The most likely cause is the occlusion of one of the
main coronary arteries (which provide blood flow to the
ventricular heart tissue) caused by the accumulation of
lipids in the inner wall. Myocardial ischemia can result in
transient episodes (stable or unstable angina) or can cause
irreversible damage (acute myocardial infarction). Also
frequent and serious is cerebral ischemia, a situation that
follows the blockade of a brain artery, usually by a blood
clot, which can lead to transitory and reversible episodes
(transient ischemic attack) or permanent damage (cere-
bral infarction, stroke). In addition, ischemia can also be
produced by the occlusion of the arteries that irrigate the
limbs, especially the legs (limb ischemia), the arteries that
supply blood to the intestine (mesenteric ischemia), or can
affect the kidney (renal ischemia). Finally, it is interesting
to note that it is not infrequent to find two or more of the
mentioned localizations of ischemia in the same patient,
because ischemia is a manifestation of a disease that
constitutes its main cause: atherosclerosis.

2.2. Epidemiology: The Incidence of Ischemia

Data about the incidence, prevalence, or morbidity of
ischemia are, in general, difficult to supply. Today, vascu-
lar diseases represent the first cause of mortality in
Europe, the United States, and a significant part of Asia
(1), and no changes are expected in this sense in the next
two decades.

Cerebrovascular accidents in general represent a ser-
ious problem of public death in developed countries: 2000–
3000 cases per million inhabitants occur every year, with a
prevalence of 10,000–15,000 cases per million inhabitants
(2). In addition, it has been estimated that more than 11
million people in the United States suffer from ischemic
heart disease. Coronary artery disease represents the first
cause of mortality, disability, and economic losses caused
by disease in developed countries (3).

2.3. Etiopathogenesis: The Causes of Ischemia

An ischemic episode may have different causes. Most of
them have something in common: They are direct or
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indirect consequences of atherosclerosis. The most com-
mon mechanisms of ischemia development are reviewed in
the next paragraphs.

2.3.1. Atherosclerosis. The most frequent cause of is-
chemic disease is atherosclerosis. This disease consists of
the accumulation of cholesterol, fatty substances, cellular
waste products, and other molecules in the inner lining of
a large or medium-sized artery, constituting structures
called plaques or atheromas. In this way, the lumen (inside
opening) of the vessel is reduced (a situation termed
stenosis), and thus the blood flow decreases. Under certain
circumstances, the plaques may rupture causing the for-
mation of a blood clot or thrombus, which may completely
occlude the artery (see Fig. 1a).

Several risk factors related to the development of this
systemic disease (4) have been identified. Among these
factors, age is unquestionably determinant. High choles-
terol levels, diabetes mellitus, arterial hypertension,
smoking, obesity, and hereditary factors are considered
to be classic risk factors. Some of these factors are
especially determinant in ischemic processes, such as
smoking in the case of ischemic heart disease and limb
ischemia or hypertension in the case of cerebrovascular
accidents (2).

Today, atherosclerosis is considered a systemic inflam-
matory disease of low intensity (1). The mechanisms of
atherogenesis (i.e., generation of atherosclerotic plaques),
are complex and depend on multiple factors. Generally,
the above related risk factors favor the entrance of lipid
molecules (such as low density lipoprotein (LDL) choles-
terol) in the intima of the artery (inner layer of the artery
just below the endothelium) because of local damage of the
endothelium. Subsequently, inflammation begins to de-
velop. LDL cholesterol, which represents the major cause
of injury for endothelial cells (1), undergoes an oxidative
process that triggers a complex defensive mechanism.
Initially, the damage to the artery wall is normally focal
and nonobstructive, and consists of lipid and macrophage
accumulations that form grooves in the artery inner wall

(1,4). This type of damage can be observed even during
adolescence and are more commonly found in the aorta,
the carotid, and in coronary arteries and are called type I
lesions (5). However, the grooves evolve with aging, form-
ing atherosclerotic plaques that begin to significantly
reduce the lumen of the artery. At this stage, the damage
consists on an accumulation of lipid molecules and cellular
waste deposited in the intima, covered by a thick fibrotic
layer of smooth muscle cells, macrophages, and collagen.

Larger sizes of the lipid core and smaller thickness of
the fibrotic layer together increase the probability of the
plaque rupturing. An atheroma with high risk of breaking
is called a vulnerable plaque (4). When such a plaque
breaks, its lipid contents, which are highly thrombogenic,
are exposed to the blood stream. At this stage, the
atheroma is called a complicated plaque or type IV lesion
(5). Complicated plaques result from erosion, ulceration,
or rupture of a vulnerable plaque in an inflammatory
microenvironment in which risk factors are directly in-
volved (1). A hemorrhage within the plaque is another
phenomenon that could complicate a plaque because it
would cause a fast increase of its size.

When the vulnerable plaque ruptures, a fast thrombo-
tic reaction takes place. As shown in Fig. 1a, the throm-
bus, which is formed within minutes, can occlude the
arterial lumen, setting the stage for acute ischemia (which
would, for example, be true of unstable angina or acute
myocardial infarction in the case of myocardial ischemia).
This phenomenon is termed atherothrombosis.

Although acute ischemic episodes are caused by ather-
othrombosis, chronic ischemia is related to progressive
arterial obstruction by a plaque with a thick fibrotic
capsule (stable plaque). These stable stenosis give rise to
chronic ischemia with stable symptoms (which, for exam-
ple, would be the cause of stable angina in the case of
myocardial ischemia). Interestingly, the most stenotic
stable plaques usually correspond to mature and very
fibrotic injuries, whereas the most vulnerable plaques
correspond to immature injuries with small angiographic
significance.
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Figure 1. Schematic drawings of the main causes of ischemia. (a) Formation of a thrombus after
the rupture of a vulnerable atherosclerotic plaque. (b) Artery occlusion by an embolus. (c) Artery
spasm in the vicinity of a stable atherosclerotic plaque. See text for details.
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2.3.2. Embolism. If atherosclerosis is the most frequent
mechanism that produces ischemia, embolism is the sec-
ond most frequent, especially in the case of cerebral,
mesenteric, and limb ischemia. An embolus is a particle
(normally a blood clot) that is formed inside a blood vessel
or cardiac cavity and travels through the blood stream to
another part of the body. If an embolus lodges in a
narrowed artery, a complete artery occlusion (and there-
fore an acute ischemic episode) can occur (see Fig. 1b).

Emboli of different natures and compositions exist.
Most frequently, they are fragments of a thrombus that,
being formed in the cardiac cavities, is released and
migrates with the blood stream. The most common zones
of origin of this type of embolus are the left atria and the
left ventricle (ischemic cardioembolic accidents), and their
formation is subsequent to arrhythmias such as chronic
atrial fibrillation. In other cases, an embolus is a fragment
of a complicated atherosclerotic plaque that ruptures from
an atherosclerotic artery [normally, the carotids or the
aorta (2)]. Finally (although less frequently), it can consist
on a lipid aggregate (e.g., after a big bone fracture in
which a part of the bone marrow is fragmented and
migrates) or a gas bubble (gas embolism).

2.3.3. Artery Spasms. An artery spasm, which is an
especially relevant mechanism in both myocardial and
cerebral ischemia, consists of a sudden contraction
(spasm) of the artery wall, which, if maintained, can
generate ischemia. Usually, artery spasms are associated
with the presence of atherosclerotic plaques in the wall of
the artery (see Fig. 1c).

2.3.4. Other Mechanisms. Other mechanisms that
could produce ischemia include arterial wall dissection,
congenital malformations, and hypercoagulability. In
other cases, the lack of nutrient and oxygen supply, which
is characteristic of ischemia, would not be caused by a
partial or total occlusion of an artery, but would be caused
instead by a situation in which blood is not able to carry
those substances because of a lack of hemoglobin (severe
anemia), a lack of oxygen (severe hypoxia during certain
pulmonary diseases), or because the heart is unable to
pump enough blood to maintain normal metabolism in the
different tissues (episodes of low heart output). Although
these last situations do not exactly correspond to the
concept of ischemia, the consequences can be very similar.

2.4. General Physiopathology of Ischemia

The lack of blood flow into a tissue (and thus the lack of
oxygen, glucose, and other nutrients) can have reversible
consequences in the affected tissue if the duration of
ischemia is brief. The biochemical, metabolical, and func-
tional alterations in the tissue produced by self-limited or
transitory ischemic episodes do not generally involve cell
death, and therefore the damage is usually not irreversi-
ble. Depending on the organ affected, the clinical expres-
sion of a transient ischemic episode will be different, but
the physiopathological mechanisms will be the same.
Indeed, a transient episode of ischemia in the myocardium
causes angina pectoris; the same type of episode is termed

transient ischemic attack (TIA) if it occurs in the brain; it
is called intestinal angina when it happens in the intes-
tine, but these cases are only different clinical expressions
of the same mechanism: reversible ischemia.

If the duration of the ischemic episode is longer,
cellular death can occur and, therefore, damage would
be irreversible even if reperfusion occurred (e.g., by re-
moving the embolus or the thrombus). This situation is
termed infarct or infarction and receives different names
depending on its localization: myocardial infarction or,
commonly, heart attack, if it occurs in the myocardium;
cerebral infarction, cere-brovascular accident, ischemic
stroke, or brain attack if it takes place in the brain;
mesenteric infarction if it affects the intestine; renal
infarction if it occurs in the kidney; and so on.

The transition from a reversible ischemic episode to an
irreversible infarction occurs some time after the artery
occlusion. In the case of myocardial ischemia, irreversible
damage to the tissue occurs around 20 to 30 minutes after
the onset of ischemia. The physiopathology of myocardial
ischemia is complex and will be addressed in a separate
section. Unlike other ischemia locations, life risk in the
case of myocardial ischemia depends on the metabolic and
electrical consequences as well as on the extension of the
affected tissue.

3. LOCALIZATIONS OF ISCHEMIA

In this section, details of different aspects of ischemia will
be analyzed depending on the organ affected by the lack of
blood flow. The etiopathogenesis, physiopathology, and
clinical presentation (symptoms and signs of the disease)
of the different types of ischemia will be described; the
diagnosis and treatment will be presented in separate
sections.

3.1. Myocardial Ischemia

3.1.1. Etiopathogenesis and Physiopathology. Myocar-
dial ischemia occurs when a coronary artery is occluded;
a certain zone of the myocardium (formed by the cells that
depended on the occluded artery for their blood and
nutrient supply) begins to suffer metabolic and electro-
physiological changes that can trigger malignant arrhyth-
mias that can be life-threatening. Risk factors related to
ischemic heart disease are the classic factors of athero-
sclerosis, but smoking, high cholesterol, and diabetes
mellitus are among the most significant of them. The
physiological and electrophysiological alterations caused
by myocardial ischemia are complex and will be addressed
in a separate section.

Ischemic heart disease (also called coronary artery
disease, or CAD) can occur in the form of acute (acute
coronary syndrome) or chronic episodes. Chronic ischemia
is normally associated with stable atherosclerotic plaques
and usually becomes apparent in the form of stable angina
(which normally appears during exertion). Conversely,
acute ischemia episodes that give rise to unstable angina
or acute myocardial infarction (AMI) are related to un-
stable atherosclerotic plaques in the artery walls. Indeed,
more than 50% of acute coronary syndromes are related to
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atherothrombosis (1). Most of the acute ischemic episodes
are triggered by the rupture of a vulnerable plaque
(especially in case of AMI with Q wave in men under 50
years old and women over 50 years old) or the erosion of a
vulnerable plaque (particularly in smokers) leading to the
formation of a thrombus (thrombogenesis), which partially
or totally occludes the coronary artery.

However, other pathogenic mechanisms can also give
rise to acute ischemic episodes. For instance, coronary
artery spasm can trigger a special type of angina called
Printzmetal angina. Its symptoms are similar to those of
unstable angina with ST elevation in the electrocardio-
gram (ECG, see below). It is usually reversible, but can
sometimes lead to irreversible damage because of myo-
cardial necrosis. Another possible mechanism of acute
myocardial ischemia is the existence of a difference be-
tween demand and supply of oxygen in the context of a
stable ischemic heart disease, which occurs, for example,
in cases of severe hypoxia, severe anemia, or rapid tachy-
cardias where the myocardial oxygen demand is suddenly
enhanced. In this way, acute coronary syndromes are
generally related to a more or less sudden compromise of
coronary flow.

3.1.2. Clinical Presentation. In normal circumstances,
the most common symptom of ischemic heart disease is
thoracic pain (6,7), which appears after the metabolic
changes that develop in the ischemic tissue have provoked
electrical disturbances in the heart (which can be seen in
the ECG; see below). Nevertheless, under certain circum-
stances (such as long-term diabetes), thoracic pain can be
absent (silent ischemia). People that suffer silent ischemia
may have a heart attack without noticing!

The thoracic pain that is characteristic of ischemic
heart disease has some unique features (3). The pain is
usually of oppressive nature and is located in the center of
the chest. However, it can often be spread to typical zones
such as the throat, neck, shoulder, jaw, or upper limbs.
Difficulty breathing, sweating, and nausea are some ve-
getative symptoms typically accompanying chest pain
when myocardial ischemia appears.

In case of stable angina, thoracic pain typically appears
during physical exercise when a certain exertion thresh-
old is reached, and is progressively relieved with rest or
administration of sublingual nitroglycerin. If a patient
suffering stable angina suffers chest pain at a lower
exertion threshold or even at rest, and the number and
duration of these crises increase, the angina is probably
destabilizing.

Conversely, acute coronary syndrome is normally ac-
companied by thoracic pain while the patient is at rest.
When the pain is relieved before 20 or 30 minutes, tissues
are probably not affected by necrosis and an episode of
unstable angina has occurred. If, on the contrary, the pain
lasts for more than 30 minutes, meaning that the compro-
mise of coronary flow is maintained, coronary necrosis
appears and an AMI develops.

3.2. Cerebral Ischemia

3.2.1. Etiopathogenesis and Physiopathology. Cerebral
ischemia occurs when one of the arteries in charge of
supplying blood to the brain is occluded. Cerebral ische-
mia is considered a type of cerebrovascular accident
(CVA), which is a more generic term that also includes
hemorrhagic cerebrovascular accidents. Cerebral ische-
mia usually appears as an acute episode known as stroke.
Although less frequent, chronic manifestations of cerebral
ischemia are also possible. Ischemic cerebral accidents
represent at least 70% of all CVAs (2). Risk factors related
to ischemic cerebral accidents are the classic factors of
atherosclerosis. However, arterial hypertension and aging
are considered the most significant factors.

The etiology of stroke is variable. The most common
cause is atherothrombosis, followed by embolus originated
in the heart. In this respect, ischemic strokes can be
classified into two types: thrombotic (cerebral thrombosis)
and embolic (cerebral embolism) (8). According to a recent
study, the most frequent cause of stroke in patients under
45 years old appears to be a spontaneous cervical artery
(9).

Cerebral ischemia may cause permanent or nonperma-
nent damage depending on the duration of the brain
artery occlusion. Transitory brief episodes that do not
cause irreversible damage are called transient ischemic
attacks (TIA) and are sometimes termed mini-strokes.
Although TIAs are benign processes, their prognosis is
not very ‘‘hopeful.’’ Indeed, 33% of patients who undergo a
TIA suffer a cerebral infarction within the following five
years. The most frequent etiopathogenesis factor is the
presence of fragments of atherosclerotic plaques, generally
not very stenotic (i.e., when they lodge, they only moder-
ately narrow the artery), which travel from the supra
aortic trunks to cerebrovascular zones. The most common
origin of these emboli is the carotid arteries bifurcation.
Less frequently, TIAs are caused by cardiac embolism.

If the duration of the artery occlusion is longer, perma-
nent damage in the form of cell death may occur. This
situation is called a cerebral infarction. The etiology and
pathogenesis of cerebral infarction consists of the occlu-
sion of a cerebral artery caused by a thrombotic, a
cardioembolic, or an artery-to-artery embolic phenom-
enon. Other less frequent mechanisms leading to cerebral
infarction could be certain hemodynamic mechanisms,
global hypoxia, or a severe migraine. This last factor is
very rare but is well documented.

Normoxic cerebral blood flow is about 50 mL/100 g/min,
and variations in microcirculation through arterioles and
capillaries allow self-regulation so that it remains con-
stant. If ischemia lowered the cerebral blood flow to
between 10 mL/100 g/min and 20 mL/100 g/min, the da-
mage produced would still be reversible. The damage
would become permanent because of necrosis or apoptosis
for blood flows lower than 10 mL/100 g/min. Neuronal
death is related to two crucial factors: residual flow and
the duration of the ischemic episode.

3.2.2. Clinical Presentation. The clinical symptomatol-
ogy of CVA depends on the zone irrigated by the affected
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artery. Consequently, the spectrum of symptoms is very
wide, ranging from sudden death (because of massive
CVA) to sensitive or motor-type minor focal symptoms.

The onset of a TIA is characterized by a sudden deficit
symptomatology, usually focal, which spontaneously sub-
sides in less than 24 hours (sometimes only minutes),
leaving no residual neurological consequences. Specific
symptoms are dependent on the exact location of the
occlusion. In the case of cerebral infarction, as this situa-
tion leads to the necrosis of brain tissue in the zone
directly dependent on the occluded artery, focal symptoms
last more than 24 hours, and usually one or more func-
tions controlled by the affected part of the brain are
seriously (and often permanently) compromised. The con-
sequences of stroke are variable, depending on the area of
the brain affected and the extent of the brain damage.
Brain injury from a stroke can affect the senses, motor
activity, understanding, or speech. It can also affect beha-
vior, memory, and thinking. Paralysis or weakness on one
side of the body may also occur.

3.3. Limb Ischemia

3.3.1. Etiopathogenesis and Physiopathology. The name
‘‘limb ischemia’’ applies to the reduction of arterial blood
flow in an artery of one of the upper or lower limbs, and is
intimately related to the peripheral artery disease (PAD).
This type of ischemia can occur in acute or chronic form.

Acute limb ischemia is caused by a sudden and acute
occlusion of a peripheral artery. This situation constitutes
one of the most frequent and serious problems of vascular
pathology. However, its impact on mortality is not espe-
cially relevant, but it is a cause of high morbidity and may
lead to the amputation of the affected extremity.

The most common mechanism leading to an episode of
acute limb ischemia is an arterial embolism caused by an
embolus coming from the heart in 80–90% of the cases.
Atherothrombosis of an atherosclerotic plaque, extrinsic
mechanic compression, aneurisms, and aortic dissection
are considered less frequent causes of acute limb ischemia.
People suffering from embolic limb ischemia have a higher
risk of death than those suffering thrombotic limb ische-
mia because of the associated underlying cardiac disease
(10).

As for chronic limb ischemia, the most common cause is
atherosclerosis. It affects lower limbs (aortoiliac location)
more frequently than upper limbs. However, the left
subclavian artery is also commonly affected, especially in
smokers. In 50% of the cases, peripheral artery disease is
related to coronary artery disease.

3.3.2. Clinical Presentation. Limb ischemia has numer-
ous clinical manifestations, the most common of which is
pain (11). Other characteristic symptoms include pale-
ness, numbness and coolness in the affected limb, and
absence of distal pulses in the extremity. The sudden loss
of arterial pulse, previously existent, is the main indicator
of an embolic occlusion. The pain is particularly sudden
and intense, and the paleness progressively gives rise to a
dark color typical of early gangrene.

The typical clinical symptomatology of chronic limb
ischemia is called intermittent claudication and consists
of pain in the calf muscles initiated by walking, which
obliges the patient to rest. As the disease progresses,
ischemic pain can also appear when the patient is at
rest, becoming more intense at night. Coolness also ap-
pears in the affected limb.

3.4. Renal Ischemia

3.4.1. Etiopathogenesis and Physiopathology. Renal
ischemia is considered as the most common cause of acute
renal failure (ARF) and seems to affect 5% of all hospita-
lized patients, with a higher prevalence in patients in
critical care units (12). A low perfusion rate in the kidney
can seriously compromise oxygen release from the tubular
cells, which are very sensitive to oxygen deprivation,
which can lead to acute ischemic tubular necrosis (ATN).
Ischemic ATN appears more frequently in patients that
have undergone major surgery, people with multiple in-
juries, burns, sepsis, or hypovolemia.

The two most important histologic changes in ischemic
ATN are the presence of necrotic tubular cells and the
occlusion of the tubular lumen caused by cellular detritus.
Ischemic renal injury in ATN is generally more serious in
the proximal tubule and in the ascending loop of Henle.

A poor oxygenation in the kidney leads to an accumula-
tion of intracellular Ca2þ , ATP depletion, and apoptosis,
among many other factors (13), contributing to the devel-
opment of tubular injury. These effects may lead to cellular
death or desquamation of cells in the tubular lumen.

Ischemic nephropathy is a clinical entity that must be
discussed separately. This rapidly progressive form of
renal insufficiency is characterized by a glomerular filtra-
tion rate reduction caused by the significant decline of the
renal flow following an occlusion of the renal artery (14).
The most frequent cause of ischemic nephropathy is a
bilateral or unilateral stenosis (narrowing) of athero-
sclerotic nature in the only functioning kidney of the
patient. For this reason, ischemic nephropathy can also
be called ‘‘ischemic renal disease of atherosclerotic origin.’’

3.4.2. Clinical Presentation. From a clinical point of
view, the clinical presentation of ischemic ATN corre-
sponds to the following phases:

1. Initial phase: The patients are exposed to the is-
chemic or toxic aggression. This phase lasts hours to
days.

2. Maintenance phase: The glomerular filtration rate
decreases and oliguria is produced. This phase
usually lasts 1–3 weeks. Generally, serious oliguria
and a long maintenance phase is related to a slow
recovery and a higher likelihood of irreversible renal
failure.

3. Recovery phase: Renal function improves with a
slow and progressive increase of diuresis and a
reduction in creatinine. The so-called post-ATN
diuresis reflects the excretion of water and salt
accumulated during the maintenance phase, osmo-

ISCHEMIA 5



tic diuresis induced by filtrated urea, and other
retained solutes.

3.5. Mesenteric Ischemia

3.5.1. Etiopathogenesis and Physiopathology. The term
mesenteric ischemia refers to the reduction or interrup-
tion of arterial blood flow in mesenteric arteries that
irrigate most of the intestinal zone. Again, acute and
chronic ischemia are two different forms of the disease
that have diverse pathogenesis and clinical implications.

Acute mesenteric ischemia represents one of the most
serious diseases of vascular pathology, having a very bad
prognosis. The cause of death is usually sepsis and multi-
system organ failure (15). In the early 1980s, when
surgical treatment consisted basically of resection, mor-
tality caused by acute intestinal infarction reached 85%.
Today, revascularization of acutely ischemic intestine is
established before resection (16).

An embolism in the superior mesenteric artery, with
the embolus typically being formed in the heart, is the
most frequent cause of intestinal infarction capable of
being surgically treated (17). Acute thrombosis of a me-
senteric artery caused by atherosclerosis also represents a
frequent mechanism leading to intestinal infarction, and
mortality in this case is higher than in the case of an
embolism. Finally, episodes of low cardiac output or
hypovolemia may also give rise to nonorganic signs of
intestinal ischemia in especially predisposed patients.
Older patients, those who have not undergone bowel
resection, and those with nonocclusive mesenteric ische-
mia, have the highest mortality rates (18).

In the case of chronic mesenteric ischemia, athero-
sclerosis is the most common cause. The presence of
profuse collateral circulation allows the formation of
anastomotic connections, which provide irrigation to the
affected zones, so serious stenosis of a mesenteric artery is
sometimes asymptomatic. Intimal hyperplasia, vasculitis,
polyarteritis nodosa, and Cogan’s syndrome represent less
frequent mechanisms (16).

3.5.2. Clinical Presentation. The clinical presentation of
embolic episodes of acute mesenteric ischemia consists of a
sudden abdominal pain that is especially intense in pa-
tients that suffer from a heart disease susceptible to cause
embolisms. However, the classic clinical picture of obvious
ischemic disease (sudden onset of severe abdominal pain
and gastrointestinal emptying) is not always present (19).
Vomit, diarrhea, and leucocytosis are usually present. In
case of acute thrombosis, the patient has usually suffered
previous abdominal pains after ingestion because of a
chronic reduction of blood flow irrigating the intestine
subsequent to the presence of atherosclerotic plaques.

Clinical presentation is similar to mesenteric embo-
lism, but with a progressive beginning. In both cases, the
necrosis of the intestinal wall (which progresses from the
mucosa to the adventitia) leads to a progressive state of
shock and, eventually, to the death of the patient, unless a
revascularization treatment is applied in time.

As for the clinical presentation of chronic mesenteric
ischemia, patients usually lose weight as a consequence of

the abdominal pain after ingestion, which makes the
patient reticent to eating. These symptoms of postprandial
pain are termed intestinal angina by several authors. As
the disease progresses, the pain lasts longer and, in many
occasions, the situation leads to intestinal infarction.

4. DIAGNOSIS OF ISCHEMIA

Although in the diagnosis of ischemia the clinical context
is essential because it provides the necessary information
to state a presumption diagnosis, the use of some kind of
test is almost always unavoidable to confirm the initial
clinical suspicion. These tests, along with the techniques
and devices in which they are based, are described in this
section.

4.1. Bioelectric Techniques

Of all the localizations of ischemia described in the pre-
vious section, myocardial ischemia is the only one for
which the analysis of a bioelectric signal is a normal
diagnosis technique. Electroencephalogram (EEG), for
instance, does not generally contain much information
about an eventual cerebral ischemic episode, but the
electrocardiogram (ECG or EKG) is key in the detection
of myocardial ischemia.

4.1.1. The ECG Signal. The ECG is an electric signal
recorded in the body surface that reflects the electrical
activity of the heart. A 12-lead ECG consists of a set of 12
different ECG signals (leads) recorded by a set of electro-
des situated in predefined locations of the body surface,
offering different ‘‘perspectives’’ of the electrical activity of
the heart. Six of the ECG leads, the limb leads (named I,
II, III—standard limb leads—and aVR, aVF, and aVL—
augmented limb leads) measure the potential difference
between selected points of the limbs. Conversely, the other
six leads (precordial leads, termed V1–V6) are unipolar
and measure the potential difference between six prede-
fined points of the thorax and a common point called
Wilson Central Terminal.

Every electrical disturbance that occurs within the
heart (e.g., an arrhythmia or an electrical conduction
disorder) has its own ‘‘fingerprint’’ in the ECG. As myo-
cardial ischemia alters the normal pattern of electrical
activation of the heart, it can be detected as a character-
istic change in the waveform of one or more of the 12 leads
of the ECG.

The ECG is recorded with an ECG amplifier or electro-
cardiograph. This electronic system records the electric
signal sensed by the electrodes that are in contact with the
skin (usually with a conductive gel). Each channel of the
ECG amplifier records and processes a signal correspond-
ing to one lead. The first stage of the circuit normally
consists of a differential amplifier with very high common-
mode rejection ratio (CMRR) to cut down the ac inter-
ference picked up by the electrodes. The signal is then
further amplified and filtered, the overall frequency re-
sponse typically being 0.02 Hz to 120 Hz. Finally, the
signals are printed on graph paper, represented in a
screen, or digitized and further processed in a micropro-
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cessor. When printed on graph paper, a standard paper
speed of 25 mm/s and a sensitivity of 10 mm/mV is used for
most recordings. The amplitudes of the waveform are
usually quoted in millimeters.

The different electrical events that take place within
the heart tissue have their reflection in the ECG. First, the
depolarization of the atria triggered by the sinus node
appears in the ECG as a small wave deflection called ‘‘P
wave.’’ Then, a combination of one to three waves (the
‘‘QRS complex’’), one of which is usually large, reflects the
depolarization of the ventricles (which masks the repolar-
ization of the atria). The three waves that eventually form
the QRS complex are termed ‘‘Q,’’ ‘‘R,’’ and ‘‘S’’ waves.
Finally, a deflection called ‘‘T wave’’ reflects the repolar-
ization of the ventricles. The time interval between the
end of the QRS complex and the onset of the T wave is
called the ST segment and is of particular importance in
detecting ischemia. An example of a normal ECG and its
waves and segments is shown in Fig. 2a.

4.1.2. Resting ECG. The name resting ECG refers to the
fact that the ECG is recorded while the patient is at rest
(i.e., not during exertion, a state in which the symptoms of
myocardial ischemia would be exacerbated). Resting ECG
is a powerful tool for the diagnosis of acute myocardial
ischemia and infarction. In fact, a 12-lead ECG should be
recorded as soon as possible in patients suffering from
thoracic pain. ECG allows an initial screening of ischemic
heart disease.

Ischemic heart disease diagnosis is based on changes in
the morphology of the ECG signal. The 12-lead ECG offers
not only diagnosis of ischemia but also information about
the approximate location of the ischemic zone. The ECG
leads that are proximal to the zone of the myocardium

affected by ischemia show changes in repolarization (ST
segment and T wave), with also ‘‘mirror’’ changes being
visible in the opposite leads.

The sensitivity of ECG in the diagnosis of ischemic
heart disease depends on the extension and location of the
ischemic damage. Small ischemic damage or damage
located in the circumflex artery region is not usually
reflected in the ECG, so a normal ECG does not exclude
ischemic heart disease diagnosis.

Very shortly after a coronary artery occludes, ischemia
begins to take place. Some time later (typically less than
one hour), injury begins to appear. Finally, infarction
(irreversible damage associated to necrosis and cell death)
occurs. In this context, T wave abnormalities indicate
myocardial ischemia, ST segment abnormalities indicate
myocardial injury, and Q wave abnormalities indicate
infarction.

T wave abnormalities are caused by metabolic changes
that occur in the acute phase of myocardial ischemia when
damage and alterations in general are still reversible. The
type of T wave abnormality is also indicative of the
location of the ischemic zone: Subendocardial ischemia
causes symmetric and abnormally large T waves (some-
times called ‘‘hyperacute’’ T waves), whereas subepicardial
ischemia is associated with inverted T waves that become
symmetrical and larger in the leads proximal to the
ischemic zone.

ST segment alterations in the ECG indicate myocardial
injury in a later phase of ischemia during which damage,
which is already being produced, would still be reversible
if coronary flow was re-established. Subendocardial injury
(reflecting a maintained ischemia in the subendocardial
zone) causes an ST segment depression of 1 mm (equiva-
lent to 0.1 mV) or more (see Fig. 2b). In the case of
subepicardial injury (which corresponds to a maintained
transmural ischemia), the associated ECG alteration is an
elevation of the ST segment of more than 1 mm (0.1 mV)
concomitant with a mirror ST segment depression in the
opposite leads. In case of unstable angina, the ST altera-
tion disappears as the crisis reverts. Conversely, the ST
alteration is maintained even if the pain has disappeared
in an AMI.

Finally, Q wave alterations in the ECG indicate myo-
cardial infarction with irreversible damage and tissue
necrosis. The existence of a prominent Q wave is the
typical electrocardiographic image of a transmural infarc-
tion and reflects the lack of depolarization (electrical
silence) of the dead cardiomyocytes. Q waves appear
around 24 hours after the coronary artery occlusion and
remains chronically in the ECG (see Fig. 2c).

As stated before, the 12-lead ECG provides information
about the location of the ischemic zone. Ischemic signs in
the inferior leads (II, III, and aVF) normally suggest the
existence of injury in the diaphragmatic surface of the
heart, a zone that is irrigated by the right coronary artery.
Similarly, ischemia in the anterior surface of the heart,
irrigated by the anterior descending coronary artery, is
reflected by changes in precordial leads V1, V2, V3, and
V4, and ischemia in the lateral surface, irrigated by the
circumflex artery, is reflected by changes in leads V5, V6,
I, and aVL. Finally, ischemia in the posterior surface is

Figure 2. (a) and (b) Electrocardiograms (ECGs) corresponding
to one heartbeat from a patient undergoing an exercise stress
test. In (a), the normal ECG at rest corresponding to the fourth
precordial lead (V4), comprising the P wave, the QRS complex,
and the T wave, is shown. The first vertical bar intersecting the
signal indicates the ‘‘isoelectric point’’ (onset of the QRS complex);
the second one corresponds to the ‘‘J point’’ (offset of the QRS and
beginning of the ST segment); the third one is situated 80 ms after
the J point (‘‘Jþ80’’) and is used to define the ST segment
deviation (amplitude difference between the Jþ80 point and
the isoelectric point). The first number under the signal indicates
the ST deviation, whereas the lowermost number corresponds to
the slope of the ST segment. In (b), the ECG from the same patient
during exertion is shown. An ST segment depression of 1.3 mm,
which indicates the presence of ischemia, is clearly seen. (c) ECG
of a patient who has suffered an acute myocardial infarction. The
profound P wave reveals irreversible necrosis.
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usually observed as a mirror injury in the right precordial
leads.

4.1.3. Exercise Stress Test. When the ECG is recorded in
a patient during controlled physical exercise, it is called
stress ECG. An exercise stress test, also known as treadmill
test or simply exercise test, is a noninvasive clinical trial in
which a 12-lead ECG is recorded from a patient who is
undergoing physical exertion. The patient, while being
hooked to the electronic equipment that records the ECG,
is asked to walk or run on a treadmill or a stationary
bicycle in a controlled manner so that the physical exer-
tion gradually increases (see Fig. 3). The patient must
reach at least 90% of the maximal thoracic capacity for his
age. The test is useful in diagnosis and prognosis of CAD
and to evaluate a previous treatment in people with
diagnosed ischemic heart disease.

The idea behind the exercise stress test is that physical
exertion makes the body (including the heart itself) re-
quire more oxygen, so the heart must pump more blood. In
these extreme conditions, a latent ischemic heart disease
in the form of coronary stenosis would induce myocardial
ischemia during the test, and ischemia would become
apparent as ST-segment alterations in the ECG (see
previous section) and also as other signs and symptoms
(e.g., chest pain).

The result of the test is considered positive if an
elevation or depression of the ST segment of more than
1 mm (0.1 mV) is observed in at least two leads (see Fig.
2b) and angina (i.e., chest pain) appears during the
exercise. Conversely to rest ECG, an ST segment depres-
sion in an exercise stress test does not provide information
about ischemic location. However, ST segment elevation
does contain information about the location of the is-
chemic injury.

The electronic instrumentation used to monitor the
ECG during a stress test is similar to a conventional
electrocardiograph except for the fact that the bandwidth
is smaller in order to eliminate baseline wander (high-
pass cut-off frequency increased to around 0.3 Hz com-
pared with 0.02 Hz in conventional ECG amplifiers) and

high level ‘‘noise’’ because of the skeletal muscle electrical
activity (low-pass cut-off frequency reduced to around
60 Hz). The 12-lead ECG is then digitized and processed
by a computer. The aforementioned high-level electrical
noise introduced by the movement of the patient is further
attenuated using software averaging techniques. The
twelve P-QRS-T sequences corresponding to the averaged
beats of all leads are shown in the screen (and eventually
printed) so that ST segment elevations or depressions can
be manually or automatically measured and compared
with those of the rest ECG of the patient (see Fig. 2a and
2b). Other relevant information (e.g., heart rate and blood
pressure) is also presented on the screen.

The average sensitivity of exercise stress tests for the
diagnosis of ischemic heart disease is approximately 67%
(20), with a high variability depending on the number of
affected vessels, the severity of stenosis and especially the
pretest probability of suffering CAD (i.e., type of popula-
tion studied). The specificity is around 72% (20). It should
be noted that this test provides prognostic information
about mortality but not about probability of suffering an
AMI, the reason being that most of the vulnerable plaques
responsible for the acute coronary syndromes are not
angiographically significant and may not be revealed
during the test. Also, the test is not helpful to diagnose
patients who cannot make physical exercise or whose ECG
cannot be evaluated for diagnosis (e.g., patients with
pacemakers, left bundle branch block, pre-excitation syn-
dromes, or basal alterations of ST segment).

4.2. Isotopic Techniques

Techniques based on the use of isotopes are used as a
complementary test to confirm the diagnosis of ischemic
heart disease. During an isotopic test, the heart is sub-
jected to stress and, simultaneously, an isotope is admini-
strated (usually metastable Tc99 or TI201). The stress can
be physical (isotopic exercise stress test) or pharmacolo-
gical (administrating dipiridamol).

Ischemic zones or badly perfused zones that develop
because of stress tend to capture the isotope in a lesser
degree that normally perfused zones. Thus, the analysis of
images taken with a gamma camera can detect ischemic
zones in the myocardium. Depending on the admini-
strated isotope, necrosis zones can also be detected.
Thus, isotopic techniques provide information about the
location of the ischemic zone and, also, an estimation of
the ejection fraction.

4.3. Ultrasonic Techniques

4.3.1. Echography. Echography (also called ultrasono-
graphy) is a noninvasive diagnosis technique that uses
high-frequency (ultrasonic) sound waves to obtain dy-
namic images of internal anatomic structures. Its physical
principle is very similar to submarine sonar. The fre-
quency of ultrasonic waves is above human hearing
capacity (i.e., above 20 KHz). For diagnostic purposes,
frequencies between 1 MHz and 10 MHz are normally
employed.

To generate the high-frequency sound waves, an elec-
tronic oscillator based on a piezoelectric crystal is used.

Figure 3. Setup of an exercise stress test.
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The ultrasonic waves are conducted to a probe, containing
a transducer, which is pressed on the body surface (nor-
mally through a gel). The emitted sound waves penetrate
the body and are reflected back to the probe from the
different tissue surfaces. Then, the probe receives the
echoed waves and the ultrasound instrument processes
the information and displays online images of the body
structures and tissues on a screen (21). Each echographic
image is the representation of a sound gradient between
media of different echogeneicities. Unlike many medical
imaging procedures, ultrasound technique can create real-
time ‘‘movies’’ of the movement of different anatomical
structures (e.g., movies of the heartbeat).

Standardized echography defines a variety of display
methods. In the first place, A-scan is a one-dimensional
representation that is adequate to measure distances.
Secondly, M-scan allows dynamic one-dimensional mea-
surements, which makes it appropriate for moving struc-
tures. Finally, B-scan allows a two-dimensional
representation and, therefore, is useful to identify shapes,
surface contours, and boundaries. The latter is used in the
diagnosis of myocardial ischemia.

Echocardiography is the echography technique applied
to the heart. With this technique, the physician can
visualize and measure the shape and movement of the
different structures of the heart (e.g., atria, ventricles,
heart walls, septum, valves, arteries, etc.). Stress echocar-
diography is a variant of this technique in which an
echocardiogram is performed to a patient during stress,
which can be either physical (exercise echocardiography,
for example, using a treadmill or a static bicycle) or
pharmacological (e.g., administrating dobutamine). This
test is used as a diagnostic tool for ischemic heart disease.
The diagnosis is based on the comparison of the segment
contractility of the left ventricular wall at rest and under
stress. Ischemic tissue has worse contractility during
stress than during rest, so ischemic zones would become
apparent in the echocardiography as low-contractile zones
during stress.

4.3.2. Doppler Ultrasound. Doppler ultrasound (also
known as Doppler echography or ‘‘echo-doppler’’) is a
technique that uses ultrasonic waves to measure and
quantify blood flow. With this technique, the physician
can visualize and measure velocity profiles in blood ves-
sels. Hence, it is a very powerful tool to assess the
hemodynamic state of artery walls. The technique is
basically the same as normal echography, except for the
probe, which has to be different (doppler probe).

The technique exploits the doppler effect, according to
which the frequency of a waveform is dependent on the
relative velocity between the emitter and the receptor of
the wave. The ultrasonic waves generated in the doppler
probe are reflected by the blood (which is moving), and the
echo is received in the doppler probe. According to the
doppler effect, the frequency shift introduced by the
reflection process is an indirect measure of the velocity
of the blood. Signal processing then allows one to plot
different types of diagrams that show blood velocity pro-
files. The signals are also converted into audible sounds to
facilitate the interpretation. Today, almost all echography

equipment incorporates a doppler probe and doppler
analysis capabilities. In this way, anatomical (ultrasonic)
and functional (doppler) information can be combined.

In the case of myocardial ischemia, doppler ultrasound
does not provide very significant information. Conversely,
doppler echography is a very important tool in the diag-
nosis of cerebral ischemia (as well as peripheral artery
disease and renal ischemia). Indeed, doppler ultrasound
techniques allows one to monitor the blood flow rate in the
carotid artery, revealing the existence of stenosis and
atherosclerotic plaques, which are prone to produce em-
boli and thus TIA episodes.

The transcranial doppler technique has been proved to
be efficient in the diagnosis of acute cerebral ischemia (22).
Insonating the major cerebral arteries through different
‘‘windows’’ (temporal, transorbital, and suboccipital win-
dows), the intercerebral flows can be measured. This
technique improves the evaluation of arterial stenosis
and of the pathogenesis of the process compared with
angiography (see below), with a sensitivity of 87.5% and a
specificity of 88.6% (22).

In the diagnosis of acute PAD, echo-doppler techniques
are of crucial importance because of their ability to
measure arterial and venous blood flow. Different test
results would discriminate between a ‘‘viable limb’’ (if
the arterial and venous doppler flow signals are both
‘‘audible’’), a ‘‘threatened limb’’ (if only the venous doppler
flow signal is audible), and an ‘‘irreversible (nonsalvage-
able) limb’’ (if neither signal is audible). In chronic PAD,
doppler ultrasound exploration is also useful to identify
and estimate the severity of the damage.

As for renal ischemia, echo-doppler techniques are used
to measure renal blood flow if an ischemic nephropathy is
suspected. Finally, the technique is also useful as a
complementary test to thorax x-ray in the case of mesen-
teric ischemia, although the eventual presence of abdom-
inal gas limits the validity of the test.

4.4. Angiographic Techniques

Angiography (also known as arteriography) is an invasive
technique that allows the detection of obstructive damage
in the arteries. It requires the injection of a radiopaque
contrast (i.e., a substance that absorbs x-rays) in the
artery that is being studied. When observed through x-
rays, arteries or veins that contain the radiopaque con-
trast will block the x-rays and thus produce a shadow in
the film or fluoroscope. In this way, the shape of the artery
lumen can be clearly seen, and narrowed (stenotic) or
blocked arteries become apparent. Moreover, the location
of the blockage can be clearly established. To direct the
contrast agent to the desired artery, a very thin and
flexible hollow tube (catheter) must be introduced in the
arterial tree, normally by means of a puncture in a
selected peripheral artery, and guided to the zone of the
artery under study. Once it is in place, the contrast dye is
injected through the catheter and the x-ray images are
taken.

Today, the output of the video camera that registers the
x-ray image coming from the photomultiplier tube is
normally fed into a computer (digital angiography), which
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processes and presents the images on a screen. The
computer allows faster image acquisition rates, instanta-
neous availability of the images, and a lower radiation
dose to the patient. Digital signal processing allows
further improvements to the images, and has given rise
to a form called digital subtraction angiography. In this
form of angiography, the final images correspond to the
digital subtraction of the raw image minus the ‘‘subtrac-
tion mask,’’ which is a ‘‘baseline’’ image taken prior to the
injection of the contrast. Thus, all the body structures
virtually disappear from the final image, and only the
artery tree image (i.e., the picture of the injected contrast)
is visible.

Coronary arteriography or angiocardiography is the
gold standard in the diagnosis of CAD provoked by
stenosis of an epicardial coronary artery. This test re-
quires a puncture in a peripheral artery (usually in the
right femoral artery) to introduce the catheter, which is
conducted by the physician to the coronary ostium prior to
the injection of a iodized contrast. During the process,
dynamic images are acquired by means of radioscopy from
different projections, which allows a proper analysis of the
coronary anatomy of the patient. Coronary stenosis is
observed as a significant reduction in the width of the
artery image. If a complete coronary occlusion exists, an
interruption of the vessel image is encountered at the
occlusion site (see Fig. 4a). Thus, the distal part of the
artery lumen is not visible in the x-ray image (although,
on occasion, it can be partially seen because of the perfu-
sion from collateral vessels coming from a different cor-
onary artery).

The degree of occlusion (and thus the reduction in
coronary flow) is classified according to the ‘‘Thrombolysis
in Myocardial Infarction scale’’ (TIMI scale) into four
categories. ‘‘Zero TIMI’’ flow would correspond to a com-
plete absence of the part of the artery distal to the
occlusion in the image. In ‘‘TIMI I’’ flow, the distal lumen
would be slightly apparent but unfilled, a situation that
corresponds to a critical stenosis. ‘‘TIMI II’’ flow would
correspond to the distal artery being filled with dye with a
significant delay. Finally, ‘‘TIMI III’’ flow would corre-
spond to a normal filling of the whole artery (normal
coronary flow).

Arteriography is also useful in the diagnosis of cerebral
ischemia when it is produced by arterial stenosis in the
carotid arteries. A widely used diagnosis technique is
radionuclide angiography, in which radioactive com-
pounds are injected into a vein in the arm. When it
reaches the brain, areas of oxygen deprivation become
apparent.

Arteriography is also the gold standard in the diagnosis
in the case of PAD, although it is normally not needed
because the clinical information and noninvasive tests are
usually conclusive. Finally, diagnosis of acute mesenteric
ischemia is also based on arteriography (16). This techni-
que represents the gold standard in diagnosis (23),
although the technique is not to be used in cases of vital
risk.

4.5. Computerized Axial Tomography Techniques

Computerized axial tomography (also known as CAT scan)
is a diagnosis imaging technique that provides cross-
sectional images of the body (including the major arteries).
It provides anatomical and functional information. It is
based on the emission of multiple x-ray beams that pass
through the patient’s body through different angles. The
CAT equipment registers the images, and then a computer
reconstructs two-dimensional cross-sectional plane
images with image processing techniques.

In the context of the diagnosis of myocardial ischemia,
the relatively new multislice CAT technology allows the
fast acquisition of three-dimensional quality images of the
coronary arteries in which the state of the artery wall can
be evaluated. As it is a relatively noninvasive technique
that offers high-quality images, 3-D CAT of the heart could
even replace coronary angiography in the near future (24).
As for cerebral ischemia, CAT is also a very useful
diagnosis tool because it allows the detection of the
ischemic area within hours after the occlusion. It can
also discriminate between an ischemic stroke and a he-
morrhagic stroke.

Finally, CAT is sometimes used in the diagnosis of
acute mesenteric ischemia to obtain information about
the thickness of the intestinal wall and can even detect the
existence of thrombi.

Figure 4. X-ray images during a coronary
angiography and a percutaneous transluminal
coronary angioplasty (PTCA). In (a), a partial
occlusion of the artery is clearly seen (inside
the oval). In (c), the occlusion has been re-
moved with PTCA and a stent [picture shown
in (b)] has been placed; the image reveals the
re-established blood flow.

10 ISCHEMIA



4.6. Magnetic Resonance Imaging Techniques

Magnetic Resonance Imaging (MRI), also called Nuclear
Magnetic Resonance (NMR), is a complex technique that
can provide extremely clear cross-sectional images of the
body. It is based on the exposure of the body to magnetic
fields up to 1.5 Tesla. The nuclei of the hydrogen atoms
(protons) present in the different tissues (e.g., in water and
fat molecules) normally point to random directions. How-
ever, when subject to magnetic fields in a MRI chamber (a
large cylinder-shaped magnet inside which the patient lies
in), they align their spins in a parallel formation. If they
are now subjected to an intense pulse of radio waves, the
protons lose their alignment, but recover it when the radio
wave is turned off. In the recovery process, hydrogen
atoms transmit a small but detectable electromagnetic
signal. The scanner picks up this signal, and a computer
converts it to 3-D images of the body with digital proces-
sing (Fourier techniques) (25). The images are of extre-
mely high quality and resolution and are based on the
relative strength, frequency, and phase of the signals
produced by the different types of tissue.

Magnetic resonance angiography (MRA) is a form of
MRI that allows one to obtain high-resolution images of
the blood vessels. Although the injection of contrast is not
strictly necessary, a substance called gadolinium is some-
times used. Two forms of MRA exist, namely ‘‘time-of-
flight MRA’’ and ‘‘phase contrast MRA.’’ The former relies
on a phenomenon called flow-related enhancement,
whereas the latter is based on a physical principle accord-
ing to which spins are moving in the same direction as a
magnetic field gradient develop a phase shift that is
proportional to the velocity of the spins. This phenomenon
can be exploited to monitor vascular blood flow.

MRA has an important application in the diagnosis of
cerebral ischemia. It can confirm occlusions in intracra-
nial arteries without injecting contrast and can detect the
ischemic zone in the brain within minutes of the occlusion.
In chronic PAD, MRA is also used, producing high-quality
images of the damaged arteries without the use of a
contrast.

Although MRI has been used for years in the study of
several heart-related diseases, the introduction of cardiac
MRI (CMRI) to diagnose ischemic heart disease is only
recent, now allowing anatomical and functional analysis
of the heart. Diagnosis of CAD is based on the detection of
hypoperfused segments using a paramagnetic contrast
(such as gadolinium, which is administrated in the vein)
and the alterations of the segmentary contractility in a
heart that is undergoing pharmacological stress using
administration of dipiridamol (26) or dobutamine (27).
These zones of hypoperfusion, concomitant with altera-
tions in contractility, are identified as ischemic areas.
Similarly, with myocardial suppression techniques, necro-
tic zones are identified as myocardial sectors that show
late gadolinium capture. Finally, non-necrotic hypoper-
fused zones would be identified as viable tissue. In con-
clusion, CMRI is, today, a powerful technique to evaluate
the viability and reversibility of ischemic myocardial
tissue.

5. TREATMENT OF ISCHEMIA

In this section, the diverse treatment strategies for ische-
mia are discussed, with special emphasis on nonpharma-
cological treatments that are based on the use of
therapeutic devices.

5.1. Pharmacological Treatments

The initial treatment of ischemic syndromes is always
pharmacological and is based on the administration of
anticoagulants and antiplatelets to limit the underlying
thrombotic process. In the case of myocardial ischemia,
vasodilators and drugs that reduce oxygen myocardial
consumption (such as beta-blockers and calcium antago-
nists) are widely used (6). In acute coronary syndromes
without ST segment elevation, inhibitors of glycoprotein
IIb/IIIa have proved to be efficient (28). In the case of
transmural AMI, the administration of antithrombolytic
agents to open the occluded artery is essential within the
first hours.

In the case of stroke, the use of anticoagulants is very
controversial because of the high risk of turning ischemia
into hemorrhage. Similarly, administration of high doses
of anticoagulants is unavoidable in acute PAD unless
there is a concomitant cerebral infarction.

5.2. Percutaneous Interventions

Percutaneous interventions are widely carried out in al-
most every case of ischemia. This type of intervention, in
any of its variants, is an invasive, though nonsurgical,
procedure employed to remove artery blockades or to
widen stenotic or blocked arteries. It generally involves
remodeling of a blood vessel (angioplasty) with the use of
an inflatable balloon that is guided to the zone of blockade
with a catheter. The generic name of the technique comes
from the fact that entry to the body (i.e., to access the
occlusion zone) is achieved by puncturing a blood vessel
(normally a peripheral artery) through the skin.

A percutaneous coronary intervention is normally car-
ried out immediately after a coronary arteriography once
the zone and type of obstruction have been identified. The
most common technique is called percutaneous translum-
inal coronary angioplasty (PTCA). This technique consists
of the introduction of a catheter (normally through the
femoral artery) tipped with a deflated balloon. Using the
result of the angiocardiography as a ‘‘roadmap’’ and aided
with the x-ray camera, the balloon is manually guided to
the occluding plaque location. Once in place, the balloon is
inflated at high pressure, opening up the stenotic artery
by splitting and compressing the atherosclerotic plaque
and lightly stretching the wall of the artery. When the
process (which can imply the use of more than one balloon)
is successfully finished, the plaque is destroyed and
normal coronary flow is re-established (see Fig. 4c). This
procedure is performed by a cardiologist in hospital.

Recently, a different form of coronary angioplasty that
uses laser technology has been developed, although its
efficiency is controversial (29). In laser angioplasty, a laser
device (eximer laser) is placed at the tip of the catheter
and, once in the stenotic zone, emits pulsating beams that
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vaporize the plaque. This procedure can be used alone or
combined with balloon PTCA.

Jointly with the practice of a PTCA, a coronary stent is
usually placed in the damaged section of the artery. A
coronary stent is a small wire tubular mesh metallic
device (see Fig. 4b) coupled to the PTCA balloon. Once
the balloon is inflated, the device is unfolded in the lumen
and placed inside the artery. The stent acts as a scaffold-
ing, helps to maintain the artery open on the long-term,
and prevents the development of new plaques.

The main limitation of PTCA is the moderate number
of coronary restenosis (re-narrowing of the artery certain
time after the treatment) that have been reported caused
by the scars appearing in the internal side of the vessel
wall subsequent to angioplasty aggression. However, the
incidence of restenosis has been considerably reduced
with the massive use of the coronary stent and especially
with the new stent devices covered with antimitotic coat-
ings (e.g., rapamycin). These new coverings are biologi-
cally active and hamper the development of scars.

In the case of acute ischemic episodes without ST
segment elevation (unstable angina and AMI without Q
wave), percutaneous approaches through PTCA and stent
have proved to improve long-term morbidity and mortality
(30). As for acute myocardial ischemia with ST segment
elevation (or AMI with Q wave), angioplasty can be
carried out as the first option to revascularize the occluded
artery in the cases when fibrinolytic therapy is not
indicated (primary angioplasty) or when the latter has
been inefficient (rescue angioplasty).

The prescription of angioplastic procedures to prevent
TIA and to treat stroke is relatively recent. Its application
is focused on the carotid artery. Percutaneous carotid
revascularization is normally indicated in patients with
high surgical risk, in those undergoing simultaneous
percutaneous coronary revascularization, and in patients
suffering carotid stenosis and contralateral occlusion (31).

In the case of acute limb ischemia of embolic nature,
the normally indicated therapy is embolectomy using a
Fogarty catheter, a special type of catheter with a balloon
on its tip that is used to remove emboli from the inside of
an artery. The basics of the technique are very simple. The
catheter is inserted percutaneously, guided to the embo-
lus, and pressed through it. Once the embolus is left
behind, the balloon is inflated and the catheter extracted,
in a way that the balloon drags the embolus with it.

In the treatment of chronic PAD, angioplasty with stent
placing has proved to be a reliable therapy, especially in
the case of the iliac arteries, with a percentage of success
of more than 90%. In the case of ischemic nephropathy,
angioplasty with stent placing has also been classically
indicated in patients with renal vascular hypertension.
Finally, in the case of mesenteric ischemia a Fogarty-
catheter embolectomy is normally carried out in acute
cases of embolic origin (16).

5.3. Surgical Treatment

Surgical treatment of ischemia may be one of two types.
On the one hand, atherectomy is a surgical intervention
that consists on the dissection and opening of the diseased

artery in order to remove the plaque. On the other hand,
artery bypass consists on the rerouting of the bloodstream
course, connecting a healthy artery to the distal part of the
damaged artery (downstream from the occlusion) using an
arterial graft.

In the case of ischemic heart disease, coronary artery
bypass grafting (CABG) is a well-known procedure. It is
indicated in patients for which PTCA is technically im-
possible to carry out because of the nature of the damage,
or in patients who have disease of the left main coronary
artery, of all three major coronary arteries, or systolic
dysfunction. In order to bypass the damaged section of the
artery, part of the circulation of the aorta is rerouted to the
distal part of the diseased artery through a graft that is
normally taken from the saphenous vein. On some occa-
sions, a thoracic artery (normally the internal mammary
artery) is deviated from its normal route to implement the
bypass.

In patients prone to suffer from TIA, carotid endarter-
ectomy (surgical removal of the atherosclerotic plaque in
one of the carotid arteries) can reduce the risk of stroke in
selected patients with stenosis higher than 60% (32). In
cases of established cerebral infarctions, surgical therapy
is rarely indicated. In the case of PAD, surgical procedures
are only used in cases of chronic arterial ischemia in which
a bypass from the aorta is performed (aorto-femoral by-
pass). Finally, the treatment of acute mesenteric ischemia
of thrombotic etiology is essentially surgical, normally an
aorto-mesenteric bypass.

6. ELECTROPHYSIOLOGIC EFFECTS OF ACUTE ISCHEMIA
AND THE GENESIS OF CARDIAC ARRHYTHMIAS

6.1. Metabolic Changes in Acute Ischemia

The coronary artery network is designed to provide all
myocardial cells with blood and, therefore, with oxygen
and glucose. The cell uses these two molecules as the raw
material to produce ATP and, thus, to obtain energy.
Under normal circumstances, ATP molecules can be pro-
duced from glucose via two distinct pathways: aerobic and
anaerobic glycolysis. In the aerobic pathway, oxygen is
needed and 36 ATP molecules are produced for each
glucose molecule. In the anaerobic glycolysis, only two
ATP molecules are produced, but oxygen is not needed in
the process.

When a coronary artery is occluded (onset of myocar-
dial ischemia), the cells directly affected by the lack of
blood flow are deprived from oxygen and glucose. About 20
seconds after the occlusion, oxygen tension in the ischemic
myocardium can be reduced to 10% of its control value
(33). The lack of oxygen (hypoxia) implies that ATP can
only be produced via the relatively inefficient anaerobic
pathway. Using the limited cellular reserves of glucose,
ATP levels are maintained during the first 1 or 2 minutes
of ischemia, but, after that period, the available stores of
glucose and creatine phosphate (CrP) begin to decline and
intracellular ATP concentration ([ATP]i) progressively
diminishes. As a consequence, the intracellular levels of
ADP, AMP, adenosine, and inorganic phosphate (Pi)
(which are byproducts of ATP dephosphorillation) begin
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to increase. In addition, lactate (an endproduct of anaero-
bic glycolysis) begins to accumulate in the myocardium. As
we will see later, these metabolic changes can alter the
electrical activity of the cells and generate potentially
mortal arrhythmias.

As a consequence of the changes described above,
acidosis (decrease in pH) develops in the ischemic myo-
cardium. Under normal conditions, intracellular pH (pHi)
is slightly lower than extracellular pH (pHo), their values
being around 7.2 and 7.4 respectively (33). Almost imme-
diately after the onset of ischemia, both pH values begin to
decrease because of at least three factors. First, anaerobic
glycolysis produces a higher number of protons than the
normal aerobic ATP production. Second, the net hydro-
lysis of ATP also produces protons. Finally, the increase of
CO2 because of hypoxia tends to accumulate Hþ ions.
After 10–12 minutes of ischemia, both pHi and pHo can be
reduced by around one pH unit. Again, these changes in
the cellular environment can trigger arrhythmias by
altering the electrical properties of the myocardial cells.

Fatty acid levels and phospholipid metabolism are also
disturbed during the acute phase of myocardial ischemia.
In general, ischemia produces an increase in the cytosolic
levels of lipid metabolites. These metabolites can be in-
corporated into the phospholipid bilayer that conforms the
cellular membrane, thus altering the electrical properties
of the ionic channels and ionic transport proteins that are
embedded in the membrane. Subsequent to the lack of
oxygen, cytosolic levels of long-chain acylcarnitine (LCAC)
and lysophosphatidylcholine (LPC) begin to increase, a
fact that has also been shown to produce electrophysiolo-
gical changes that could lead to arrhythmias (33).

6.2. Ionic Changes in Acute Ischemia

The values of the sodium (Naþ ), calcium (Ca2þ ), and
potassium (Kþ ) concentrations in the cytoplasm and in
the extracellular medium have an enormous influence in
the electrical behavior of myocardial cells because they
determine the resting potential of the cell, the electrical
conductance of several ionic channels embedded in the
membrane, and thus the morphology and propagation
velocity of the cardiac action potentials. In myocardial
cells subject to normal (i.e., nonischemic) conditions, intra-
and extracellular ionic concentrations remain approxi-
mately constant. However, when ischemia begins, their
values suffer dramatic changes that significantly alter the
electrical activity of the cells.

Ischemic-mediated changes in Kþ concentration have
been studied for years, and experimental evidence indi-
cates that extracellular Kþ concentration ([Kþ ]o) in-
creases in ischemia following a triphasic time course
(34–37), something that has dramatic proarrhythmic ef-
fects (37,38). In normal myocardium, [Kþ ]o is about
4 mmol/L. A few seconds after the onset of ischemia, [Kþ

]o begins to increase at an approximate rate of 1–2 mmol/L
per minute (34). Heart rate has a strong influence in the
rate of increase (35). After 10–12 minutes of ischemia, [Kþ

]o stabilizes at 12–16 mmol/L and remains approximately
constant for the next 20–30 minutes (34,35,37). At this
stage, reperfusion of the ischemic tissue would eventually

return [Kþ ]o values to normal. Finally, after the first 30–
40 minutes of ischemia, [Kþ ]o increases again at a nor-
mally slower rate to values over 20–25 mmol/L (37). In this
phase, irreversible cell damage occurs.

Although a general consensus exists about how [Kþ ]o
increases in acute myocardial ischemia, a unanimous
answer does not exist as to the why. The only thing that
is clear is that the lack of washout associated to the
nonexistence of blood flow allows Kþ ions exiting the
cell to accumulate. As for the causes of cellular Kþ loss,
several mechanisms have been proposed (37), and prob-
ably the cooperation of some of them is needed to explain
extracellular Kþ accumulation. Recently, computer simu-
lations with mathematical models of ionic currents, action
potential, and ion transfer across the cell membrane (39)
have shown that the ischemic increase of [Kþ ]o could be
the concomitant effect of three different causes that had
been previously proposed by electrophysiologists (40).
First, the Naþ /Kþ electrogenic pump, which is important
in maintaining Kþ and Naþ homeostasis, is partially
inactivated in ischemia. The Naþ /Kþ pump, a protein
embedded in the membrane, extrudes three Naþ ions in
exchange for two Kþ ions, and obtains energy to do so
from ATP molecules. Following the depletion of [ATP]i in
early ischemia, the activity of the pump decreases and less
Kþ ions are carried inside the cell, which would have the
immediate effect of accumulating Kþ in the extracellular
medium. Second, [ATP]i depletion partially activates the
ATP-sensitive Kþ channels (KATP) (36,41,42). These chan-
nels are closed in normal conditions, and their opening in
acute ischemia would be a pathway through which Kþ

ions could abandon the cell (40,42). Finally, the increased
LPC levels tend to stimulate a slowly-inactivating Naþ

current through which Naþ ions enter the cell (43). This
increase in Naþ influx has the indirect effect of increasing
the (outward) driving force for Kþ ions (equal to the
difference between membrane potential Vm and Kþ equi-
librium potential EK) and thus contributes to cellular Kþ

loss (44).
If Kþ accumulation in the extracellular medium is a

well-known phenomenon in ischemia, the evolution of Na
þ concentration is not so clear (33). A two-to five-fold
increase in Naþ intracellular concentration ([Naþ ]i) in
the first 20 minutes of acute ischemia has been reported
when measured with NMR spectroscopy (45), but [Naþ ]i

does not change significantly in ischemia when measured
with Naþ -sensitive microelectrodes (34). As for Ca2þ ions,
acute ischemia exerts significant changes in its intracel-
lular regulation. According to several experimental stu-
dies, calcium-free cytosolic concentration ([Ca2þ ]i)
increases in the first 10–20 minutes of ischemia (46). In
fact, both the diastolic and peak systolic [Ca2þ ]i are
augmented by acute ischemia, probably because of
changes in the current through the Naþ– Ca2þ exchanger
(the main regulator of Ca2þ homeostasis) produced by
acidosis and by intracellular Naþ accumulation.

6.3. Electrical Changes in Acute Ischemia

The metabolic and ionic alterations produced in the first
minutes of myocardial ischemia, which have been de-
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scribed above, are the cause of important changes in the
electrical behavior of myocardial cells, which, in turn, set
the stage for malignant arrhythmias.

In myocardial cells, action potentials (APs) are gener-
ated by the movement of ions through the cell membrane.
Different ionic species (mainly Naþ , Kþ , and Ca2þ ), move
across the cell membrane through specific channels forced
by voltage and concentration gradients. In normal ventri-
cular tissue, the AP waveform shows a characteristic
depolarization-plateau-repolarization pattern (see Fig.
5a). At electrical and mechanical rest, membrane poten-
tial is negative (i.e., the intracellular medium has lower
potential than the extracellular medium) and its value is
approximately � 80 mV to � 90 mV. When a suprathres-
hold electrical stimulus is delivered, an inward positive
current (mainly carried by Naþ ions) is activated and
membrane potential rapidly increases at a rate of around
100V . s� 1, which is called depolarization phase or ‘‘phase
0’’ and has a duration of 1 ms to 3 ms. After a brief and
slight repolarization (‘‘phase 1,’’ not apparent in Fig. 5a),
the AP continues with the plateau phase (‘‘phase 2’’) in
which potential remains constant (or slightly decreases)
during approximately 100 ms to 200 ms. The delicate
balance between inward currents (mainly the Ca2þ cur-
rent, ICa) and outward currents (mainly Kþ currents, IK)
results in a very slow repolarization during the plateau.
This phase finishes when ICa extinguishes and IK further
increases, leading to the complete repolarization of the cell
(‘‘phase 3’’). Finally, the cell recovers its negative mem-
brane resting potential (‘‘phase 4’’).

Almost immediately after the cessation of blood flow,
the AP begins to suffer severe changes (38). These changes
become apparent in Fig. 5b, in which an AP after 10
minutes of simulated ischemia is plotted. First, resting
membrane potential depolarizes and reaches values

around � 50 mV to � 60 mV during the first 10–15 min-
utes of ischemia. The cause of this diastolic depolarization
of the cell is hyperkalemia (i.e., increased [Kþ ]o described
in the last section). On the one hand, as dictated by Nernst
law, the increase in [Kþ ]o changes EK to less negative
values. On the other hand, the relatively high conductance
of the membrane for Kþ at rest drives the resting poten-
tial toward EK. Unfortunately, as will be discussed later,
diastolic depolarization can be pro-arrhythmic.

Second, the upstroke velocity of depolarization in phase
1 decreases in ischemia. The main reason for this decrease
is the reduction in INa, which is a consequence of diastolic
depolarization. The higher the resting potential, the lower
the Naþ channel availability to depolarize the cell. Third,
the maximum amplitude of the AP at the end of phase 1
also diminishes, the reason again being a depressed INa.
Fourth, action potential duration (APD) shortens. After
10–12 minutes of ischemia, APD can be reduced to 50–60%
of its control value (33,36,38). The reason of this AP
shortening is still controversial. Hyperkalemia itself tends
to reduce APD by increasing membrane conductance for K
þ (thus exacerbating outward current and accelerating
repolarization), but experimental evidence (36) and com-
puter simulations (42) have shown that ischemic activa-
tion of KATP channels (because of the decline in
intracellular ATP levels) can be the main cause of AP
shortening.

Finally, although not apparent in Fig. 5 because it is
not only dependent on AP waveform, the membrane
refractory period (RP) increases in ischemic cells (33,38).
The RP is the time after the onset of an AP during which
the membrane is unresponsive to new stimuli (i.e., is
unable to develop a new AP). Membrane refractoriness
is caused by the fact that Naþ channels, which are in
charge of initiating the AP by depolarizing the cell, are
inactivated shortly after the onset of the AP and need time
to recover from inactivation. Under normal conditions, the
duration of the RP is approximately the same as the APD
(i.e., the time course of recovery of excitability parallels
that of repolarization). However, RP tends to increase in
ischemic cells, outlasting membrane repolarization in tens
or even hundreds of milliseconds after 10–15 minutes of
acute ischemia (33). The reason for this ‘‘postrepolariza-
tion refractoriness’’ is that recovery from excitability is a
time but also voltage-dependent process. At the partially
depolarized (higher) resting potential of ischemic cells, Na
þ recovery from inactivation lasts longer, and so RP
outlasts repolarization.

Not only the electrical behavior of each ischemic cell
changes, but also the way in which AP is propagated is
altered. Specifically, the electrical conduction velocity (CV)
slightly increases in the first minutes of ischemia (a
phenomenon termed ‘‘supernormal conduction’’) but sig-
nificantly decreases after the first 2–3 minutes (47). From
its normal value of around 0.5 m . s�1 in normal ventri-
cular tissue, longitudinal CV can reach values as low as
0.2 m . s�1 after 10–12 minutes of ischemia (47). The
reason for this deceleration in the electrical conduction
of the AP is because of the changes in the active properties
of the cell membrane explained above. Of particular
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Figure 5. Computer-simulated cardiac action potentials (APs).
(a) Cardiac AP under normal conditions. Numbers indicate
phases of the AP (see text for details). (b) Cardiac AP after 10
minutes of simulated ischemia. As seen in the figure, resting
potential is less negative, upstroke velocity and amplitude are
lower, and action potential duration is reduced.
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importance is, once more, hyperkalemia and the conse-
quent diastolic depolarization.

The passive electrical properties of the cell (on which
CV also depends) do not change significantly during the
first 10–15 minutes of ischemia. After that initial period,
both intracellular and extracellular resistivity increases,
as does cell-to-cell gap-junctional resistances (48). As CV
also depends on these passive membrane properties, it
contributes to slow down electrical conduction in the
second phase of acute myocardial ischemia.

6.4. Inhomogeneities in Acute Ischemia

As described in the previous sections, metabolic changes
caused by oxygen and glucose deprivation provoke altera-
tions in ionic concentrations. Together, metabolic and ionic
changes generate alterations in the APs and the electrical
properties of the tissue. Although these electrical changes
in themselves could certainly favor the appearance of
arrhythmias, what most exacerbates the likelihood of
ventricular tachycardia and fibrillation is the fact that
the changes do not occur homogeneously in the tissue.

The occlusion of a coronary artery causes metabolic,
ionic, and electrical gradients to appear in the myocar-
dium (38). The cells pertaining to the myocardial zone
directly affected by the lack of blood flow (i.e., the zone that
depended on the occluded artery for its oxygen and glucose
supply) completely suffer from ischemia, constituting the
‘‘ischemic central zone’’ (CZ). Conversely, the zone of the
myocardium irrigated by the rest of nonoccluded coronary
arteries remains normal (‘‘normal zone’’ or NZ). In be-
tween the CZ and the NZ, an ischemic ‘‘border zone’’ (BZ)
appears within which different metabolic, ionic, and elec-
trical parameters suffer spatial variations from their
normal values in the NZ to the ischemic values in the
CZ (38).

The width of the BZ is around 1 cm for [Kþ ]o in the
intramural BZ and 1 mm in the subepicardial BZ (49). For
pO2 (and thus for [ATP]i and [ADP]i, which control KATP

channel activation and also Naþ /Kþ pump activity,
among others), the BZ width is around 1 mm (49). For
pH, the width of the BZ is also around 1 cm.

Therefore, the electrophysiologic effects of myocardial
ischemia are heterogeneous both in space and in time.
This heterogeneity is a key factor in the development of re-
entrant arrhythmias shortly after the onset of ischemia,
with the spatial inhomogeneities of refractoriness being
an essential factor.

6.5. Re-entrant Arrhythmias in Acute Ischemia

The inhomogeneities described above predispose the heart
to suffer an electrical disturbance termed re-entry, a
phenomenon that involves self-perpetuating circulating
electrical wavefronts within the ischemic ventricular
muscle. When re-entry occurs, electrical activity travels
around a central obstacle, which can be anatomical (un-
excitable obstacle) or functional (excitable obstacle)
(38,50,51). In the ‘‘functional re-entry’’ case, the initiating
propagating wavefront encounters an area of refractory
tissue (functional block), propagates around it via alter-
native pathways, retrogradely invades the zone of block if

the tissue has recovered its excitability, and finally
emerges as a re-entrant wavefront at the site of origin
(38,52). Thus, electrical activity becomes self-perpetuating
with electrical wavefronts continuously invading the tis-
sue.

The re-entry period can be as low as 250 ms, so the
result is the heart beating with a frequency as high as 240
beats per minute. This condition corresponds to a situa-
tion termed ventricular tachycardia in which the ventri-
cles do not have enough time to be filled with blood, thus
compromising the cardiac pumping function. Moreover, if
the re-entrant wavefront breaks into multiple wavelets
(each encountering small refractory zones that act as
dynamically changing unexcitable obstacles), a coordi-
nated heartbeat is no longer possible and the cardiac
output becomes essentially zero. This situation, called
ventricular fibrillation, is life-threatening in the short
term (38); the patient can die within minutes if fibrillation
is not reverted by the delivery of an electrical defibrilla-
tion shock using a defibrillator.

Re-entrant activity (and thus ventricular tachycardia
or fibrillation) is especially favored by myocardial ische-
mia (38,51,52). The reason is that ‘‘functional re-entry’’
needs a heterogeneous substrate in which (1) different
zones having different refractory periods (dispersion of
refractoriness) exist, and (2) a zone of slow conduction is
present (38). The former is a necessary condition to create
functional blocks, the central ‘‘functional obstacle’’ usually
being a zone with prolonged refractoriness. The ischemic
CZ and BZ, which have an abnormally long refractory
period, as discussed above, are perfect candidates to
produce functional blocks. The latter is necessary to
conduct the electrical wavefront slowly enough to let the
refractory zone recover its excitability and reinvade it in
the retrograde direction. As discussed above, ischemia
lowers conduction velocity, so this condition is also met.

Figure 6 shows a computer-simulated re-entry in a
virtual myocardial tissue that comprises a circular is-
chemic CZ surrounded by a ring-shaped BZ that separates
the ischemic tissue from the surrounding NZ. Each panel
represents the electrical state of the square-shaped tissue
in different instants after the delivery of a stimulus in its
lower side. Membrane potential is coded with a gray-tone
scale as indicated in the right part of the figure. As
observed in the first two voltage snapshots, the electrical
wavefront, traveling upward, is blocked when trying to
enter the CZ because of its prolonged refractory period. In
the third, fourth, and fifth snapshots, the wavefront
invades the CZ in a retrograde manner, once it has
recovered excitability. From then on, the traveling wave-
front reinvades the NZ and continues to circulate through
the tissue.

In conclusion, the first minutes after the onset of acute
myocardial ischemia pose a critical threat to the life of the
patient, who is prone to suffer ventricular tachycardia and
fibrillation because of the metabolic, ionic, and electro-
physiological changes exerted by acute ischemia.
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1. BACKGROUND AND MOTIVATION

In the past, the meniscus of the knee was regarded as a
tissue not crucial to the functioning of the tibio-femoral
joint. Partial or complete meniscectomies were and are
often the treatment of choice for a damaged knee menis-
cus. In 1996, there were 479,000 meniscectomies per-
formed in the United States (as reported in the 1996
National Hospital Discharge Survey and the 1996 Na-
tional Survey of Ambulatory Surgery). However, the me-
niscus protects the articular cartilage from extreme loads
(1), and meniscectomies leave the articular cartilage
susceptible to degeneration (2,3), which can eventually
lead to arthritis. In light of the growing amount of experi-
mental data on the meniscus, and its role in the protection
of articular cartilage, it is now thought that alternatives to
meniscectomy should be explored (4). The significance of
the meniscus in joint functioning, and therefore physical
comfort, cannot be ignored. Attempts to engineer a suita-
ble construct that could fully replace the meniscus are
underway. To accomplish this, a set of salient standard
characteristics of the meniscus must be established. How-
ever, the tissue of the meniscus is quite intricate and its
properties vary spatially within a given meniscus. By
understanding these differences and how they relate to
function, design of a replacement will be facilitated.

2. BASIC PROPERTIES OF THE MENISCUS

2.1. Anatomy and Function

The knee meniscus is a fibrocartilaginous tissue that sits
between the rounded femoral head and the flat tibial
plateau, enhancing the fit between the two by increasing
the tibio-femoral congruence (5,6). The unique composi-
tion of fibrocartilage (mainly collagen, proteoglycans, and
water) allows the meniscus to perform several significant
duties in the diarthrodial joint. These duties include: load
distribution (1,4,7–13), joint stability (7), shock absorption
(14–16), friction reduction (15–17), and providing nutri-
tion to the articular cartilage (18).

The entire meniscus is composed of two semilunar
menisci: the medial and the lateral, each of which is
concave on the superior surface to fit the femur and flat
to convex on the inferior surface to fit the tibia (Fig. 1).
Each meniscus is positioned in the joint so that the
interior edge of the curve faces inward, toward the other
meniscus. Going from the exterior to the interior, the
meniscus gets thinner between its upper and lower sur-
faces, and therefore serves as a wedge, which has impor-
tant mechanical consequences.

2.2. Attachments

Several key attachment points exist within the meniscus
that are crucial to its function. Different species vary in
the exact nature of their meniscal attachments, but there
are several generalities. A posterior and anterior horn
exist on each meniscus, and these are attached to the bone
via insertional ligaments, which are near the posterior
and anterior crucial ligaments, respectively (19,20). The
medial and lateral menisci are attached to each other at
their anterior regions via the transverse ligament (19,20).
Meniscofemoral ligaments serve as attachments to the
medial femoral condyle (6,19). Two of these ligaments
exist: the anterior is referred to as the ligament of Hum-
phrey and the posterior is referred to as the ligament of
Wrisberg (6). The presence of the ligaments of Humphrey
and Wrisberg is noted to vary between species and in-
dividuals (6). Attachment of the meniscus to the joint
capsule is through the periphery of the meniscus (17,21).
All of these attachments serve as anchors for the menis-
cus, and hence have important mechanical consequences.

2.3. Vasculature and its Effect on Meniscal Repair

The vasculature of the meniscus is crucial in determining
its healing capacity in response to an injury. The meniscus
has blood supply to its periphery, but most of the tissue is
avascular (6,17,21). Blood is delivered via the inferior and
superior genicular arteries, which branch in the perime-
niscal capillary plexus that is located in the synovial and
capsular tissue (6). The vessels of this capillary network
their way through the peripheral attachment of the joint
capsule into the meniscus itself where they branch and
then end in small loops (6). These branches only extend
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Figure 1. The two semilunar menisci as they sit on the tibial
plateau. Posterior (P), anterior (A), medial (M), and lateral (L)
orientations are depicted.
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10–30% into the interior of the meniscus, meaning the
bulk of the tissue is left with no blood supply and must
depend on diffusion for transport of nutrients and waste
(6,17). The anterior and posterior meniscal attachments
are also well-vascularized, with blood supplied by the
middle genicular artery (6). This uneven and limited
distribution of blood means that the meniscus has a
variable ability to heal itself (5).

Healing in the meniscus depends on the vasculariza-
tion at the site of the tear (5,22). If injured, the meniscus
can repair itself only if there is access to the blood supply
(2,22). Therefore, injuries in the avascular zone, where no
blood supply exists, are significant considering that less
than 20% of the meniscus is vascularized by the time a
person reaches the age of 40 years, a marked decrease
from the 50% vascularization in a newborn (23). If a tear is
left untreated, or if no meniscal regrowth naturally occurs,
loss of normal meniscal functioning can cause the articu-
lar cartilage covering the femur and tibia to be damaged
(24). If regenerated tissue does form, its mechanical
integrity may not be that of the natural tissue (2,8), which
is because tissue that forms after a tear usually shows
randomness in collagen alignment (8). As will be described
later in this article, it is the precise ultrastructure of the
collagen fibers that confers mechanical integrity to the
meniscus.

Besides vascularization, the organization of collagen
fibers has a key role in determining the outcome of an
injury. Injuries of the meniscus fall into two main cate-
gories: traumatic tears and degeneration (5). Tears occur
in different forms (longitudinal, radial) and, hence, have
different healing properties based on their orientation
(Fig. 2). This difference in healing is because of the
orientation of collagen fibers. Longitudinal tears (between
circumferential fibers) heal more effectively than radial
tears (across circumferential fibers), meaning the result-
ing tissue has better mechanical properties (8). Degenera-

tive changes in the meniscus can also occur, which is a
slower process of tissue destruction because of a change in
tissue composition, but can ultimately lead to tears and
articular cartilage degeneration. The difference in healing
because of tissue architecture is an excellent indication of
the role that structural properties play in meniscal func-
tioning.

2.4. Zones, Depths, and Regions in the Meniscus

In this article, several previously mentioned properties of
the meniscus will be compared in the different zones,
depths, and regions of the meniscus. Zones of the meniscus
can be delineated in terms of vascularization (Fig. 3a). As
mentioned above, the outer third (10–30% for the medial)
of an adult human’s meniscus is vascularized (6,17). This
outer third is called the red zone of the meniscus, or
simply, the outer meniscus. The middle zone, or the red-
white zone, of the meniscus represents the transition
between the vascular and avascular zones. The inner
zone of the meniscus, the edge nearest the interior, is
completely avascular and is therefore referred to as the
white zone or the inner zone of the meniscus. Topographi-
cal variations are also discussed in this article (Fig. 3b).
Any regional variations in these properties of the menis-
cus will be discussed in terms of anterior, central, and
posterior location. Material differences also exist between
various depths of the meniscus (Fig. 3c), which include the
superior surface with an associated lamellar layer (facing
the femur), the middle/deep zone, and the inferior surface
with an associated lamellar layer (facing the tibia).

Besides spatial variation within one meniscus, it is also
important to note that the properties of the meniscus are
dependent on factors such as species (25), degree of
degeneration (26,27), and age (26). For instance, it has
been shown that the number of cells in the tissue de-
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Figure 2. Circumferential and radial orientations in the menis-
cus. Radial tears occur when circumferential fibers are torn mid-
fiber, as shown by the red line in (A). Longitudinal tears occur
when circumferential fibers are pulled apart from each other in
the plane shown by the red line in (B). This schematic also shows
how samples for testing are often taken as radial specimens (A)
and circumferential specimens (B).
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Figure 3. Spatial variations within the meniscus. Varying de-
grees of vascularization distinguish different zones of the menis-
cus (a). These zones are the red (R), red-white (R-W), and white
(W) zones. Topographical variation is defined in three different
regions (b). These regions are the anterior (A), central (C), and
posterior (P) regions. Several different depths can also be distin-
guished (c). There are the surfaces (S), lamellar layers (L), and
the deep zone (D).
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creases with age in humans (28). This same study also
showed that the diameter of the collagen fibers changed
and became less consistent as the subject aged. It is also
known that the water content of menisci increases with
the degree of degeneration within the joint (27). Different
investigators use different animal models, methods, and
techniques to study the meniscus, rendering difficult
comparisons between studies. Sweigart et al. (25) showed
significant variations in mechanical properties that exist
among different species. With all these possibilities for
experimental variation, it is often difficult to generalize
properties of the meniscus. It is understood that the
meniscus is not a homogeneous, isotropic material. Great
variation exists within the tissue as a result of its con-
stituents, which leads to its unique functions. It is the aim
of this article to compare meniscal properties on the
following levels: cellular, biochemical/ultrastructural,
and biomechanical. One will see that each category is
dependent on the other categories. Cells make the bio-
chemical components of the matrix, and these components
and their architectural arrangement define the mechan-
ical properties of the tissue.

3. CELLULAR VARIATION IN THE MENISCUS

Identifying categories, or subpopulations of cells, in the
meniscus is relatively difficult. The shape of the cells and
their phenotypic properties depend on the zone and region
in which they are located, and also the species under
consideration. It is now generally accepted that the cells of
the meniscus are best categorized as fibrochondrocytes,
although for some time researchers tried to strictly cate-
gorize the cells as either chondrocytes or fibroblasts (21).
The term fibrochondrocyte is representative of the fact
that these cells exhibit properties of both chondrocytes
and fibroblasts. The cells are round with a territorial
matrix, characteristic of chondrocytes, and they also se-
crete Type I collagen, characteristic of fibroblasts (29,30).
Yet, the exact nature of the cells varies according to their
location in the tissue.

For some time, meniscal cells were put into two cate-
gories: those from the superficial layer, and those from the
deeper zones. Although a more specific categorization has
hence been defined, these two classifications still repre-
sent the general cellular characteristics of the meniscus.
The cells in the superficial layer are generally fusiform
and parallel to the surface (21,31). These fusiform cells in
the rabbit and the human have relatively little cytoplasm,
which makes the nucleus appear prominent (17,21). For
the most part, superficial cells either lack or have very few
projections (17,21,31). However, cells that seem more like
fibroblasts have been detected in the surface of human
menisci, and these have long projections at their poles
(17). Superficial zone cells contain rough endoplasmic
reticulum (RER), mitochondria, and Golgi, but glycogen
and lipid particles are rare (17,21). No territorial matrix
exists around most of these cells, and therefore the
collagen fibrils of the general matrix are able to touch
their surfaces (17).

The cells of the deeper layers are polygonal and
rounded (21,32). Some of these cells exhibit a territorial
matrix (17,32). Clusters of these cells have been detected,
although they are composed of only a few cells (21). These
deep zone cells have relatively numerous cell processes
(29). The RER and Golgi apparatus are well-developed,
and mitochondria are also present in these cells (21).
Glycogen and lipid particles have also been detected in
this zone (17,21).

Recently, a more distinctive characterization of the
cells in the rabbit meniscus has been elucidated. Four
different morphologies now exist, correlating to four dif-
ferent regions of the rabbit meniscus that have been
determined, indicating yet another facet of structure-
function relationships in the meniscus (31) (Fig. 4). Cells
of the red zone (outer rim) have many long, branching
projections (31). It can be seen that the cytoskeleton of
these cells extends into the projections. These projections
allow interactions with the extracellular matrix (ECM)
and also with other cells (31). Cells in the red and red-
white regions are seen to align themselves in rows. Like
the cells of the red zone, cells in the red-white zone have
projections (which are fewer in number) (31). The projec-
tions of the cells in these two regions serve to connect the
rows of cells, therefore forming connected sheets (31).
These sheets are formed at different angles throughout
the matrix (31). The cells rely on signals from their
cytoskeleton about the state of the ECM, and the projec-
tions may facilitate this signaling process by creating a
greater integration of the cytoplasm into the ECM. By
bringing cells close to each other, the projections are also
thought to help the formation of gap junctions, which are
seen in these two zones (17,31). Contrary to the random
direction of projections in the red zone, projections from
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Figure 4. Fibroblasts of the meniscus have different morpholo-
gies depending on where they are located. Fusiform cells without
cell processes are found on the surface (S). Cells with numerous,
randomly aligned cell processes are found in the red zone nearer
the surface (R). Cells with one or two unipolar cell processes are
found in the red-white zone near the deep zone (R-W). Rounded
cells lacking cell processes are found in the white zone (W).
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the cells of the red-white zone all point in the same
direction, which may be a consequence of the tension
that is present in this zone (31). Cells in the white zone
of the meniscus are quite different from the two previous
zones. These cells are round, evenly distributed, and do
not have projections (31). Instead of a cytoskeleton that
extends in projections, these cells have microtubules that
form a complex network. These cells also lack gap junc-
tions (17,31). As cells of the white zone are mostly under
compression and cells of the red and red-white zones are
mostly under tension, gap junctions may therefore be
more important in the cells’ ability to withstand tension
than compression (17,31). Cells found in the surface of the
meniscus make up the fourth category of cellular classifi-
cation. These cells are fusiform in morphology and do not
have projections (17,31).

Other unique cell types have been detected in various
areas of the meniscus. Mast cells, which are a form of
leukocytes, have been found in the periphery (17), which
are indicated by the presence of electron-dense granules
and, at times, many cell processes (17). If a tear is present
in the meniscus, quite often it is associated with the
presence of myofibroblasts (17,32). Accordingly, these cells
have not been visualized in normal, uninjured portions of
the tissue (17). It should be noted, however, that, with
immunohistochemistry, it has been demonstrated that
there seems to be an even distribution of smooth muscle
actin (SMA)-containing cells (cells like myofibroblasts that
are involved in contraction) throughout the matrix of the
human meniscus (32). The authors suggest that only the
polymerized form of actin, which would be made by a cell
actively contracting (i.e., near a tear), has been detected
by previous studies because of limitations of techniques
like transmission electron microscopy (TEM). They pro-
pose that these cells are present throughout the matrix
but may only contain SMA in its monomeric form which is
undetectable by TEM (32). More research in this area is
required to clarify this issue.

As would be expected of any tissue, degenerate and
necrotic cells are also found in fibrocartilage (17). In situ
necrosis is thought to occur in both normal and injured
portions of meniscal tissue (17). When cellular degrada-
tion occurs, the debris left behind is usually of an electron-
dense and granular lipidic nature (17). This type of
material has been found in lacunae and the general
matrix of the tissue (17), indicating that if a cell undergoes
in situ necrosis, the debris will migrate into the general
matrix.

Several studies have found that some of the cells
exhibit a territorial matrix (also called a pericellular
matrix or juxtacellular matrix) (17,21). This matrix con-
sists of protein-polysaccharides, short filaments, and un-
banded fibrils (21). The matrix of fibrochondrocytes is also
more fibrous than found in hyaline cartilage (17). As it is
not very abundant, this territorial matrix is usually seen
to surround only part of the cell (17).

As mentioned previously, little to no blood supply to the
meniscus tissue exists, consequently, the cells are sparse.
These cells must rely on diffusion for receiving nutrients
and disposal of waste. However, the cells are still capable
of secreting an ECM. The fibrochondrocytes of the menis-

cus are obviously not uniform throughout the tissue.
Different cell morphologies are seen in different locations.
It is likely that these different cell types provide the proper
ECM components required for withstanding the mechan-
ical forces that are prevalent in their region of the
meniscus.

4. BIOCHEMICAL AND ULTRASTRUCTURAL VARIATIONS
IN THE MENISCUS

Although the cells of the meniscus are scarce, the ECM
they produce provides the meniscus with many of its
unique mechanical properties. There are several major
biochemical constituents in the meniscus ECM. These
components include collagen, proteoglycans (PGs), and
glycoproteins (GPs) (17,29). The exact types and amounts
of each of these molecules depend on the species being
considered and also on the region or zone of the meniscus.
As will be discussed in the biomechanical section of this
article, the function of the meniscus relies heavily on the
ultrastructure and distribution of its biochemical consti-
tuents. Not only are the amounts of each biochemical
component important, but also their precise arrangement
and distribution allow the meniscus to fulfill its unique
mechanical role within the knee joint.

The hydrated meniscus is approximately 70–75%
water, 20% collagen, and 0.6% glycosaminoglycans
(GAGs) (26,27). Therefore, the major component of the
ECM in the meniscus is fibrillar collagen, which, as will be
discussed in the biomechanics section of this review, is
important in bearing tensile loads. Collagen and elastin
are the two types of fibers present (17,33). Of these two
fibrillar components, collagen is the dominant one (33,34).
Making up 60–70% of the dry weight of the tissue, collagen
has been found as Types I, II, III, V, and VI (although VI is
not a fibrillar component) (23,26,29,35). The orientation of
the fibers varies throughout the meniscus and this ultra-
structure is significant in it’s effects on the mechanical
properties. Collagen fiber orientation is depth-dependent,
the largest differences being found between the surfaces
and the middle/deep zone (17) (Fig. 5). The surface of the
meniscus has collagen in random orientation (16,17,36).
Underneath the surface layer is the lamellar layer. This
layer also has randomly oriented collagen, but at the
periphery of the posterior and anterior portions there
are short fibers that are oriented in the radial direction
(36). Within the next layer, the deep zone, the collagen
fibers are aligned parallel to each other in a circumfer-
ential direction (36). These parallel fibers have a few fibers
among them in the radial direction, which are called tie
fibers and may be significant in the prevention of tears
(9,37). Although collagen fibers comprise the majority of
the fibrillar component in the meniscus tissue, other fibers
are present.

Both immature and mature elastin fibers have been
found in the general matrix (i.e., excluding the matrix
immediately surrounding the cells), yet their function is
less well understood and they comprise 1% or less of the
dry weight of the tissue (17,23). It is known that elastin is
able to withstand large strains and can return to its
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original conformation after it has been stretched (38).
Therefore, one suggestion for the purpose of elastin in
the meniscus is that is might serve to return the meniscus
to its original dimensions after deformation (38). It is also
possible that elastin may contribute to the resiliency of the
tissue (38). The fibrillar component of the tissue is neces-
sary in order to support tension in the meniscus.

The ability of the meniscus to withstand compression is
a consequence of the presence of PGs (33). PGs are
basically protein cores that have GAGs attached to them
and may or may not have the ability to form aggregates
with hyaluronate via covalent attachment (39). Generally
speaking, the meniscus has two types of PGs: large and
small, which are further differentiated by their specific
chains and binding capabilities. The large PGs have
abundant chondroitin sulfate and keratan sulfate GAG
chains attached to their protein core (39). These PGs form
aggregates by means of binding at their globular ends
with hyaluronic acid, which is an unsulfated GAG (39,40).
A link protein is usually used to stabilize these aggregates
(39). The small PGs have only a few chondroitin sulfate or
dermatan sulfate GAGs attached to their protein core and
do not form aggregates (29,39).

Overall, the purpose of the PGs and their GAGs is to
provide compressive resistance (41) by attracting water to
the tissue, and also to interact with the collagen (42). The
dominant GAG chains of the large PGs in meniscal tissue
are chondroitin 6-sulfate and chondroitin 4-sulfate
(27,43,44), although some amount of keratan sulfate ex-
ists (33). Due to the presence of carboxyl and sulfate
groups on their GAG side chains, these large PGs are
polyanionic and can interact with hyaluronic acid (29,33).
The hydrophilic characteristic and negative charges of the
large PGs also attract the water needed to withstand
compression (18,39). The function of the small PGs is not
exactly understood, but it is thought that they might
regulate the diameter of the collagen bundles (42), aid in

the prevention of soft tissue calcification (45), and also
prevent fibrillogenesis of collagen (46). Biglycan and dec-
orin are the two types of small PGs that exist in the
meniscus (34,47). These molecules differ in the number of
GAG chains they have: Decorin has one GAG chain;
biglycan has two GAG chains (39).

Besides PGs and collagen, there are noncollagenous
matrix GPs in the ECM of the meniscus. These GPs
include the link proteins (48), adhesive proteins (29),
and a 116 kDa protein of unknown function (48). The
link proteins stabilize PGs with hyaluronic acid in articu-
lar cartilage and may serve similar roles in the meniscus
(48). The adhesive GPs bind to other matrix molecules and
cell surfaces (29). These adhesive molecules include: col-
lagen Type VI (49) and thrombospondin (50). Thrombos-
pondin has the RGD (arginine-glycine-aspartate)
sequence that is shown to be important in binding (29).
Because of these characteristic RGD adhesion sites,
thrombospondin may be important in cell-matrix interac-
tions (50). The 116 kDa protein is found near collagen
bundles, and it is hence thought to interact with them
(48).

The arrangement and distribution of the fibers, PGs,
and GPs within the matrix allows a variety of forces to be
withstood by the meniscus. As Eyre et al. (51) point out,
looking at differences in biochemical content between the
meniscus and articular cartilage leads one to see a rela-
tionship between structure and function. The same com-
parison can be performed within the meniscus itself,
showing that the distribution of matrix constituents var-
ies throughout the different regions, zones, and depths of
the tissue, therefore allowing different forces to be sup-
ported.

Several studies have shown regional variations in
relative PG and collagen content within the meniscus.
Nakano et al. (33,34) looked at the collagen, PG, and GAG
content in the inner, middle, and outer zones of the pig
meniscus. Their results showed that the meniscus is 76%
collagen (dry weight) and 8% GAG in the inner zone and
93% collagen and 2% GAG in the outer zone, clearly
indicating that collagen is the major component in the
tissue. The middle zone was in between these two values,
so that collagen and PG content have an inverse relation-
ship that varies continuously across the width of the
meniscus from the inner to outer zone (33). As a result
of its wedge shape, the meniscus bears its highest com-
pressive load at the inner zone and the highest tensile
forces at the outer zone. These types of stresses seem to
correlate to the relative amounts of biochemical compo-
nents at these sites: the highest relative GAG content and
lowest relative collagen content is at the inner zone where
compression is highest (33). More specifically, Nakano et
al. (33) found that chondroitin sulfate is five to six times
higher in the inner zone than the outer zone, and keratan
sulfate is also higher at the inner zone, again suggesting
that sulfated GAGs are important in compression (33). To
support tension, collagen is relatively higher and GAG
content relatively lower in the outer zone where tension is
dominant (33). Similar biochemical content relationships
exist in the human meniscus, where significantly more
sulfated PGs exist in the inner two thirds of the meniscus

(a) (b) (c)

Figure 5. Collagen fiber orientations in the meniscus depend on
depth. The lamellar layers have collagen fibrils that are randomly
aligned, but there are radial fibers in the anterior and posterior
regions (a). In the deep zone, which is the bulk of the meniscus,
the fibers are oriented circumferentially with several radial tie
fibers (b). The surface has randomly aligned fibers (c).
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vs. the outer third (52). In the bovine meniscus, Eyre et al.
(51) found differences in relative PG content that varied
with depth and topographical location. About twice as
many PGs were found on the surface than in the deeper
zones, and there were more PGs in the posterior regions.
Generally speaking, PGs/GAGs appear significant in com-
pression, and collagen is related to tension. These compo-
nents also vary somewhat in their specific composition
throughout the meniscus.

The specific collagen types show spatial variation
throughout the meniscus. Major collagen differences are
found when comparing the inner third of the tissue to the
outer two thirds. In the bovine meniscus, collagen Types I
and II are found in the inner region, although Type II
dominates (60%) (53). However, tissue in the outer two
thirds is almost entirely Type I (80%), with trace amounts
of Types III and V (53). Differences in types of collagen
have also been found in the different depths of the
meniscus: Type V collagen is seen to be about three times
higher in the surface than in the interior (51). The
different proportions of collagen types in the various sites
of the meniscus may indicate the importance of specific
fibers in bearing different amounts of tension.

Looking at the distribution of the specific types of PGs/
GAGs, only some regional variation is seen. In the canine,
Adams and Muir (44) found that chondroitin 6-sulfate is
the dominant GAG (55–60%), with lesser amounts of
chondroitin 4-sulfate (25–27%) and nonsulfated chondroi-
tin (9–13%) present (44). Although the absolute amounts
of GAGs varied throughout the meniscus, the proportions
of the GAGs in each region did not appear to vary (44). The
proportion of hyaluronic acid to chondroitin sulfates was
also found constant for the regions (44), which further
supports the fact that these two molecules form aggre-
gates. However, dermatan sulfate is seen to vary in
concentration throughout the meniscus (44). The inner
third of the porcine meniscus has been shown to have a
ratio of dermatan:chondroitin sulfate in the range of 1:5 to
1:6, whereas the outer third shows a ratio of 1:3/2 (33),
showing a dramatic increase in the relative amount of
dermatan sulfate in the outer region. Scott et al. (34)
looked at the distribution of the small PGs decorin and
biglycan in the porcine meniscus. They found that bigly-
can is the most abundant of the two and that the highest
amount is in the inner two thirds of the meniscus,
indicating that it may be important in compression. The
functions of the different GAGs, large and small, may be
better understood if their relative amounts are related to
where they are located in the tissue.

5. BIOMECHANICAL FUNCTION AND VARIATIONS IN
THE MENISCUS

5.1. The Functions of the Meniscus

The meniscus is an excellent example of a tissue that uses
its structure to perform specific functions. As a result of its
wedge shape, the meniscus experiences tensile, shear, and
compressive forces. These forces are transmitted through
the matrix of the tissue, which is largely composed of
collagen fibers, dispersed in different orientations depend-

ing on their location within the meniscus, and also pro-
teoglycans. When the femur presses down on the
meniscus, the compressive force is translated into tensile
stress in the circumferential direction, which is supported
by the collagen fibers (9,16). This tensile force is the result
of the meniscus being displaced, while at the same time
being anchored by its attachments in its anterior and
posterior regions (4). Therefore, hoop stresses in the
circumferential direction are caused by a compression of
the joint (1,10,16), as are shear forces between the fibers
(19). The ways in which these forces are distributed in the
tissue are directly related to the geometry of the meniscus,
and the resulting loads are withstood by a unique ar-
rangement of molecular constituents. As previously de-
scribed, it is the unique molecular constituents and
ultrastructural arrangement of the meniscus that cause
regional and zonal variations in its mechanical properties.
A description of the various meniscal functions, followed
by a comparison of the mechanical properties of the
different regions and zones of the meniscus is provided
in this section.

The meniscus tissue is biphasic, containing a solid
component and a fluid component (54,55). The fluid por-
tion is water and salts, whereas the solid portion is a
porous permeable matrix of mostly collagen and proteo-
glycans (54). The meniscus is approximately 75% water by
weight (18,54,55). This composition lends fibrocartilage
viscoelasticity, which means it is compliant and that its
deformation is dependent on the size of the load and the
rate of loading (1,56). The negatively charged GAGs in the
tissue attract water. When a force is applied, some of the
water is forced to leave the matrix. Fluid flow results from
this applied load, and the tissue deforms accordingly
(18,55) (Fig. 6b). After the force is removed, the water is
allowed to once again associate with the negative charges,
rehydrating the tissue (Fig. 6c). Creep and stress-relaxa-
tion are also seen to result from frictional drag that is
caused by this fluid flow (18). When exposed to a constant
shear strain, the stress in the meniscus relaxes (56). Creep
under confined compression is caused by fluid leaving the

F

(a) (b) (c)

Figure 6. Viscoelastic properties of the meniscus. The GAGs (� )
of the ECM are negatively charged and attract water to the tissue
(a). On application of a load (F), some of the water molecules are
forced to leave the tissue, and the tissue deforms accordingly (b).
Once the load is removed, the water, which has been extruded into
the synovial space, is once again drawn into the tissue to associate
with the negative charges (c).
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tissue (54). Therefore, even if an increase in stress occurs,
the fluid will redistribute in order to relieve it (18). Zhu et
al. (56) analyzed the bovine meniscus and found that
frequency and both shear strains and compressive strains
affect the viscoelastic shear properties. They found the
dynamic shear modulus increased with compressive
strain, meaning the tissue got stiffer. This stiffening
behavior was also seen by Krause et al. (1) in their
compression studies of canine and human menisci. How-
ever, Zhu et al. (56) saw that as the shear strain increased
(in the range of 0.5–5% strain), the dynamic shear mod-
ulus decreased almost two times, meaning the tissue got
softer. This softening of tissue under shear is needed in
order for the meniscus to conform to changes in the
position between the femur and tibia as the joint moves
(56). Compared with articular cartilage, the meniscus has
a dynamic shear modulus about ten times less, which also
supports the idea that softening under shear is needed to
accommodate changes in shape in the joint (56). There-
fore, the biphasic nature of the meniscus allows it to
increase congruency within the joint. Congruency is not
the only purpose of the fluid-solid interactions. The in-
ward and outward flow of fluid provides lubrication and
nutrition transport to the articular cartilage (18). It is
evident that the structural characteristics of the meniscus
interrelate and provide various functions within the joint.

Not only is the meniscus able to change shape in
accordance with the demands of the joint, its wedge shape
and position within the joint allow it to improve the fit
between the femur and the tibia (10). Joint stability is a
result of this improved fit between the femoral condyles
and the tibial plateau (5,10). With the presence of the
meniscus, stresses are placed on the edge of the tibia,
where the articular cartilage is not covered by the menis-
cus. Without the meniscus, this stress would be on the
center of the tibial plateau, which would mean a decrease
in the lever arm through which loads act, and therefore,
less stability (7).

Another main function of the meniscus is to bear a
significant amount of the load in the joint. The exact
amount reported varies, but values have been given in
the range of 45–75% (10,13,57). Reported values show
variation because of animal models used, degree of knee
flexion/extension examined, and degree of degeneration.
This load-bearing function is partially achieved by the
increase in surface area that the meniscus provides the
two articulating surfaces, with the meniscus allowing up
to 70% contact within the joint (7,10). Therefore, the
meniscus can protect the articular cartilage by increasing
the surface contact area and allowing less stress on the
tibial plateau. Contact area between the bones in the joint
depends on the angle of flexion and rotation, decreasing
4% for every 301 of flexion (58), which will cause the
amount of stress applied to the joint to vary. A meniscect-
omy decreases contact area and puts two to three times
more stress on the articulating surfaces (1,15), which is
why alternative healing approaches are desirable. Walker
and Erkman (7) showed the importance of contact area on
the load-bearing properties of the human meniscus. They
found that with no load applied, only 10% of the articular
cartilage on the ends of the femur and tibia was in contact

with each other, and that an average space of 1mm exists
between most of the articular cartilage. In this study, the
medial meniscus was shown to bear loads equally with the
exposed cartilage beside it, whereas the lateral meniscus
supported almost all the load exposed to it, up to about
100–150kg. The net result is that the meniscus bears the
majority of applied loads up to a certain loading point.
Articular cartilage covered by the meniscus will be under
some load most of the time; however, exposed articular
cartilage (i.e., not covered by the meniscus) will only
experience increased force when higher (B150kg) loads
are applied. It has also been shown that the meniscus
geometry is crucial to mechanical function. Proper geo-
metry allows the meniscus to function as a spacer between
the femur and tibia and also to distribute loads evenly
(15,18). Load-bearing is not only a function of contact area
and geometry, it also depends on the composition of the
tissue. The meniscus is also able to withstand compressive
loads because of its PG content (18). Some of the PGs are
large and have a negative charge. These PGs are hydro-
philic and therefore attract water (18). It is the presence of
water that allows the meniscus to bear its compressive
loads.

Since it is exposed to large loads, the meniscus must
also function as a shock absorber. This property may be
because of the structure of the collagen bundles, which are
composed of collagen fibers of different diameters (17,21).
This variation in fiber size allows for a range of different
vibration frequencies to be absorbed (17). The shock
absorption properties of the meniscus have been indicated
by studies that show a two to three times increase in the
elasticity modulus (E) of the joint when the meniscus is
removed (11,12), as well as an increase in the amount of
energy dissipation (12). It has also been shown from
compression studies that the bovine meniscus cartilage
is one half as stiff and one sixth as permeable as articular
cartilage (16,54,55). The relatively low stiffness and per-
meability of the meniscus tissue indicates that it acts to
absorb most of the shock in the joint and is able to easily
deform to accommodate changes in shape in the joint (18).
A study by Hoshino and Wallace (14) showed an increase
in peak impact force with an increase in damage to the
human knee joint. When they looked at the knee joint with
menisci that had been cut radially and vertically, they saw
a 113% increase in peak force in the joint. Looking at the
joint after meniscectomy, a peak force increase of 123%
occurred. If there less absorption of load, more fractures
can occur in the articular cartilage, possibly leading to
osteoarthritis (14). Therefore, it can be seen that an intact
meniscus (i.e., intact collagen fibers) is necessary for
proper shock absorption.

This importance of intact menisci clearly demonstrates
that function and structure are related in this tissue. This
relationship is further proved by a comparison of regional
variations in structural and functional characteristics of
the meniscus. Different regions have been shown to sup-
port different kinds of forces. By looking at the structure of
the tissue at these locations, it can be seen that the
meniscus function relies on a precise architecture of
particular components.
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5.2. Variations in Mechanical Properties

Various mechanical tests (uniaxial tension, compression,
shear) have shown that the cartilage of the meniscus is
anisotropic and inhomogeneous (8,9,16,18,25,54,56,59–
61). Although variation exists in experimental results
because of the variety of animal models used (25) and
the variation in methods, important structure-function
relationships can still be seen in the meniscus.

5.2.1. Tension. Numerous tensile tests have shown
that the dependence of material properties on position in
the meniscus relies heavily on the orientation of the
collagen fibers and also on their spatial location in the
tissue (9,16,25,54,59,60). Differences in tissue tensile stiff-
ness and strength seem to be directly correlated with fiber
orientation and not with biochemical composition (54,59).
Proctor et al. (54) performed tensile tests on normal bovine
medial menisci. They found that the surface of the me-
niscus is actually isotropic, but that specimens from
deeper within the meniscus are anisotropic, a finding
supported by numerous other studies (16,25,54). The
isotropic properties found on the surface are thought to
be a direct result of the random fiber arrangement found
there (16). On the surface, the tissue is found to fail at
high stresses and low strains (54), indicative of this fiber
arrangement.

Tensile properties of samples taken from deeper zones
depend on the orientation of the sample and also on the
region, meaning this portion of the tissue is anisotropic
and inhomogeneous. Anisotropy is demonstrated by test-
ing the meniscus in different orientations (Fig. 2). When a
sample from the deep zone of the meniscus is tested
parallel to the main fiber orientation, the stiffness is 30
times as great as when the sample is taken perpendicular
to the main fiber orientation (16). Overall, circumferential
samples (aligned with the predominant fiber orientation)
are stiffer (16,54) and have a higher failure stress (54) and
lower failure strain (16,54) than the perpendicular sam-
ples taken from the radial direction. Consequently, the
main function of these fibers is to withstand tension (9).
The importance of circumferential collagen fibers in pre-
venting degeneration of articular cartilage was shown by
Burr and Radin (24). All of their human subjects showed
meniscus rim regeneration after total meniscectomy and
were free of articular cartilage degeneration at 10–14 year
follow-ups (24). They then hypothesized that these cir-
cumferential fibers in the rim were necessary in meniscus
tensile functioning and in the prevention of joint degen-
eration. Although radially oriented specimens are weaker
than those of circumferential orientation, the importance
of radial fibers is not to be ignored. Radial fibers originate
at the periphery and travel inward at right angles to the
circumferential fibers. The presence of more radial fibers
in the posterior region than the anterior of the bovine
meniscus has been shown by tensile tests (60). If a radial
specimen is taken that contains either a partial or full
radial fiber, the stiffness and strength of that specimen is
greater than one that lacks radial fibers (60). These radial
fibers may serve as ties between the circumferential fibers
and help to prevent tears between them (9,37).

As mentioned earlier, fiber arrangement is crucial in
the healing of tears. This healing property is a direct
result of the anisotropic characteristic of the tissue in
tension. A cut in the radial axis results in the same load
distribution that results from a meniscectomy, causing
higher joint stress (10). When the meniscus is cut radially
and then allowed to form scar tissue, the joint suffers more
degeneration than if the cuts were in the circumferential
direction (8). Healed radial cuts have been shown to
decrease the displacement in the joint for a given load
when under compression, thereby increasing the stiffness,
leading to poorer load distribution (8). These same trends
are seen to occur after experimental medial meniscectomy
followed by varus rotation of the joint, a process that is
thought to naturally occur in vivo after the loss of a
meniscus (15). The mechanically inferior repair tissue
resulting from radial tears has been shown to have a
higher content of randomly arranged collagen fibers than
the tissue of a circumferential cut (8). The meniscus’
function relies heavily on its distinct fiber arrangement.
Any discontinuities in this structure will undoubtedly
hinder proper meniscal performance.

Comparing different regions and zones in the meniscus,
one also finds inhomogeneity in the tissue, which corre-
sponds to inhomogeneity in tensile properties. Under-
neath the surface of the meniscus, the tensile properties
show great variation because of fiber orientation and
location. Circumferential samples from the middle zone
are approximately four times stiffer than those in the
surface, whereas the deep zone circumferential samples
are only about three times as stiff as the surface samples
(16,54). This pattern is seen in circumferential samples
from medial human menisci (16) and from bovine menisci
(54). Variation in tensile properties between the anterior
and posterior regions of the meniscus is not consistent
between studies. It is not currently possible to absolutely
conclude that the posterior region is stiffer than the
anterior, or vice versa, because a wide variation in experi-
mental results exists. However, it is agreed that the elastic
modulus does not vary between anterior and posterior
regions for surface samples because of the isotropy of the
surface, but the deeper zones are seen to vary in their
relative stiffness (16,54). In one study by Proctor et al.
(54), circumferential samples from the middle zone of the
bovine meniscus were found to be two times stiffer and the
deep zone three times stiffer in the posterior than the
anterior region. Greater stiffness in the posterior region of
the bovine meniscus was also found by Skaggs et al. (60)
and Whipple et al. (16). Yet, Fithian et al. (59) looked at
human menisci and found that the posterior medial
meniscus has a significantly smaller modulus than the
anterior, which correlates with the fact that more injuries
occur in this weaker medial posterior region. Although
this is also the region where tears are most likely to occur,
it is not determined whether this correlates directly with
collagen content and organization in this region, or if this
is merely a result of how specimens were prepared (37).
Besides variations with depth and region, differences in
tensile properties are also seen between the inner and
outer zones of the meniscus. It has been shown that the
inner one third of the bovine meniscus is less stiff than the
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outer periphery when the specimens are oriented circum-
ferentially (18). More work must be done on the various
species that have already been tested before conclusions
can be drawn about which regions of the meniscus are
stiffest and may be the most important in meniscus
functioning and injury. Owing to the diverse nature of
joint mechanics in different species, this structure-func-
tion relationship may not be consistent from species to
species.

5.2.2. Compression. Compression tests of the meniscus
have also shown variation between regions and zones of
the meniscus (18,25,54). As was noted earlier, the wedge-
shaped geometry of the meniscus indicates that compres-
sion is highest in the inner zone. This compressive prop-
erty is also correlated with a higher relative amount of
PGs in the inner zone, as was discussed in the biochemical
section of this article. As for regional variations in com-
pression, it is once again important to note that different
investigators have obtained different results for these
variations, perhaps because of methods and species
used. Proctor et al. (54) performed confined compression
tests on medial bovine meniscus samples in order to
determine material variations in the different regions
and zones. Their findings revealed that the aggregate
modulus (HA) is up to one-third higher in the deep poster-
ior area of the meniscus, compared with the deep anterior
and deep central regions, and that permeability (k) did not
vary by two-way analysis of variance of region or depth
(54). Water content was also found to vary, depending on
the region (not depth), with the posterior region having
the highest proportional content (54). In contrast to these
results are the findings by Sweigart et al. (25). Using a
creep indentation apparatus to test various animal models
(bovine, porcine, canine, baboon, lapine, and human), it
was found that HA was greatest in the anterior region for
all species, except the baboon (25). It was also seen that
permeability did not vary by region, except in the case of
the rabbit, where the anterior region was more permeable
(25).

5.2.3. Shear. Variations in shear properties also exist
in the meniscus because of fiber orientation and loading
conditions, and these results are seen to vary among
studies (25,56,61). Zhu et al. (56) looked at the effects of
collagen fiber orientation on shear moduli. They demon-
strated that the viscoelastic shear properties of the me-
niscus are not only anisotropic, but also dependent on
dynamic torsional frequency, shear strain, and compres-
sive strain. The authors found that when dynamic shear
tests are performed on circumferential samples (C in Fig.
7) from bovine menisci at low strains (o 10%), the results
show a 20–36% (depending on the amount of compressive
strain) greater stiffness than radial samples (R in Fig. 7)
(56). For example, at 7% strain, the circumferential sam-
ples were 36% stiffer than the radial samples. These
differences may be a result of the fiber organization:
When the circumferential specimens were sheared, the
major fiber orientation was perpendicular to the face of
the specimen, and were therefore stretched in tension.
The radial specimens contained fibers that experienced

shear between the collagen layers. It was hypothesized
that the circumferential samples are able to withstand the
tension that develops when they are stretched and there-
fore resist shear. The radial samples had to bear the force
within weaker planes of shear between the fibers, which
demonstrates that the fibers are more likely to tear along
this interfiber plane (longitudinal tears). However, the
effectiveness of circumferential samples in resisting shear
increases at a slower rate as compressive strain increases.
The slackening of the circumferential fibers as they are
compressed may lead to this decreased ability to resist
tension. Similar findings of anisotropy and inhomogeneity
are presented by Anderson et al. (61) for the equine model.
Shear testing along the direction of the fibers on equine
models has indicated that the shear modulus is highest at
the posterior region on the superior surface and also
increases with the shear rate (61). In their study on
various species, Sweigart et al. (25) found that the shear
modulus was greater in the anterior region for all species
tested, which is reasonable as a result of the fact that most
injuries occur in the posterior region where the shear
modulus was found to be the lowest. It should be noted
that this study did not include an equine model. These
discrepancies in results highlight the necessity for estab-
lishing model standards in order for data to be compared
in a fair manner.

The biomechanical properties of the meniscus are
anisotropic and inhomogeneous, as has been shown by
numerous tensile, compressive, and shear tests. However,
it is because of these spatial variations that the meniscus
can perform so many important mechanical functions. The
intricacy of this tissue’s structure-function relationships
provides researchers and tissue engineers with a chal-
lenge. To create a properly functioning replacement for the
fibrocartilage of the meniscus, the native tissue must be
thoroughly studied and characterized in terms of mechan-
ical properties. The goal of a tissue-engineered construct

C
R

C R

Figure 7. Shear tests of circumferential (C) and radial speci-
mens (R). Samples were taken from the meniscus and then
sheared as shown. Sample orientation determines fiber alignment
during shear. Fibers in circumferential samples are more able to
resist shear between individual fibers. Radial samples experience
shear between sheets of fibers.
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would be to replace the protective function of the meniscus
by mimicking the mechanical functions of the native
tissue.

6. CONCLUSION

Overwhelming evidence exists that the meniscus serves
an indispensable role within the knee joint. Without the
meniscus, articular cartilage and its underlying bone are
susceptible to biomechanics-induced degradation. Current
therapies for repair of meniscal injuries do not result in
adequate mechanical properties of the repaired tissue.
Without proper tissue composition, both biochemically
and ultrastructurally, the mechanical properties of the
tissue will not be sufficient to carry out the required
meniscal functions.

The goal of tissue engineers is to design an implantable
tissue that can replace lost function in a damaged one.
Tissue engineering of meniscal fibrocartilage is well under
way to elucidate the optimal combination of cells, bio-
chemical signals, and mechanical stimulation needed to
produce an efficacious replacement. Development of such
a construct is likely to involve several key factors: cells,
growth factors, scaffolds, and mechanical stimulation.
Choosing the proper cell type is important so that the
proper ECM components will be made. The cells also need
some kind of structure to which they can adhere and that
will provide them with a framework for making a tissue.
Natural or synthetic materials can be used to make such a
scaffold. Researchers are currently attempting to find the
best material for this application. The material’s degrada-
tion profile, mechanical integrity, and interaction with the
cells are only a few of the parameters that must be
considered when choosing a scaffold. Growth factors can
also be incorporated into the scaffold in order to prompt
the cells to secrete high levels of ECM. Considering that
the cells of the meniscus are under constant mechanical
stimulation in their natural environment, it is highly
likely that culturing the cell-scaffold constructs under
various mechanical stimuli will also aid in ECM produc-
tion and organization.

To design and evaluate a tissue-engineered meniscus, a
set of criteria must be established by studying properties
of the native tissue. These criteria must be cellular,
biochemical, ultrastructural, and biomechanical proper-
ties discussed in this review. Once an appropriate stan-
dard is created, researchers will have a set of
characteristics that can be used to design an engineered
meniscus. These criteria can also be used to evaluate the
final engineered construct. To achieve successful function,
an engineered meniscus must mimic the native tissue,
which will require obtaining the same anisotropic and
inhomogeneous properties that are seen throughout the
meniscus. The meniscus is uniquely designed to bear the
loads to which it is exposed. Any engineering design will
have to demonstrate the all-important concept that struc-
ture confers function.
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‘‘What is knowledge?’’ According to Webster’s Dictionary,
knowledge is defined as facts or conditions of knowing
something with familiarity gained through experience or
association. It may be described as a set of models that
describes various properties and behaviors within consid-
ered domain. Knowledge can be recorded in an individual
brain or stored in organizational processes, products,
facilities, systems, and documents (1). Usually the knowl-
edge about a particular domain is captured in a knowledge
base, which is the assembly of information and knowledge
of a specific field of interest (2). According to the Online
Decision Support Systems Glossary, a knowledge base is
defined as a collection of facts, rules, and procedures,
which are organized within schemas.

Knowledge engineering (KE) is a field within artificial
intelligence (AI) that develops knowledge-based systems
(KBS). Such systems are computer systems that deal with
complex problems by making use of knowledge. The
development of KBS involves identifying a real-world
problem-solving task, representing the key components
of this task in the KBS, and implementing the inference
process that produces solutions. Therefore, three key
processes are involved in KE. First, there is a process of
capturing the knowledge from different sources, called
knowledge acquisition (KA), which is followed by the
task of producing a representation of the problem that
captures the key features (knowledge representation and
organization). At the end, there is a task of developing an
inference mechanism that describes the interactions in-
volved in deriving solutions. KBS technology is particu-
larly useful when combined with the field of knowledge
discovery in databases (KDD). When acquiring the knowl-
edge from the large sources of collected data to build the
KBS, the KDD offers different techniques of searching for
hidden relations among large sets of data.

1. BACKGROUND

Recently, comprehensive KE methodologies, which pro-
vide support for organizing the development process of
KBS, have emerged. The term ‘‘knowledge-based system’’
was popularized by Dr. Edward Feigenbaum (3) who was
one of the leading scientists in the field of AI at Stanford
University. Dr. Feigenbaum and geneticist Joshua Leden-
berg in 1965 developed one of the earliest expert systems
DENDRAL. An expert system is a program dedicated to
solving problems and giving advice within a specialized
area of knowledge (4). Hence, DENDRAL (5) is a chemical-
analysis expert system that has become not only a suc-
cessful demonstration of the power of rule-based expert
systems but also a significant tool for molecular structure

analysis, in use in both academic and industrial research
labs.

During 1976, Shortliffe published his thesis on MYCIN
(6) and the group at the Department of Medicine and
Computer Science at Stanford University continued its
development. MYCIN is an expert system for determining
possible causes of bacteremia and meningitis and assist-
ing in therapy selection. The system was evaluated by a
group of specialists in infectious diseases (7). The results
showed that a rule-based expert system could be brought
to a high level of performance. MYCIN has become one of
the most popular expert systems.

Although rule-based technology dominated until early
1990, in the last 10 years or so, there has been a paradigm
shift in KE. Earlier views presented knowledge as some-
thing that can be extracted and put into some representa-
tion formalisms. On the other hand, recent research sees
the process as one in which the knowledge engineer in
cooperation with the domain expert and end users creates
multiple models of the problem-solving activities in a
domain. The knowledge analysis and design systems
(KADS) KE methodology (8) was developed at the Uni-
versity of Amsterdam, as part of the ESPRIT program, in
cooperation with several European partners. It was
adopted by many company and research organizations
and became one of the most popular approaches that
enables the development of a series of models.

The KADS project was followed by CommonKADS
(ESPRIT-II project). CommonKADS, similar to KADS,
deals with the early stages of the development of KBS. It
supports most aspects of a KBS development process,
including project management, organizational analysis,
knowledge acquisition, conceptual modeling, user interac-
tion, system integration, and design. It is more design
oriented than process oriented. Once we have a detailed
specification of a knowledge model, CommonKADS pro-
vide us with a clear route to implementation. The imple-
mentation is therefore much less time consuming and
easier than without the use of CommonKADS.

Unlike other KE approaches, CommonKADS provides
a clear link to modern object-oriented development and
uses notations compatible with UML. As such, it was
asserted as a standard for KBS development in Europe.

The latest KE technology comes up with an idea of task
ontology, which presents a theory of vocabulary used in
building blocks for KBS (9). Task ontology provides effec-
tive methodology and vocabulary for analyzing and devel-
oping KBS. Recently, ontology has became a research field
called ontology engineering.

Barry Smith provided the following definition of ontol-
ogy:

Ontology is the science of what is, of the kinds and
structures of objects, properties, events, processes, and
relations in every area of reality. For an information
system, ontology is a representation of some preexisting
domain of reality that:

1. Reflects the properties of the objects within its
domain in such a way that there obtains a systema-
tic correlation between reality and the representa-
tion
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2. Is intelligible to a domain expert

3. Is formalized in a way that allows it to support
automatic information processing

In the field of AI ontologies deal with the representation
and retrieval of data and can therefore be used to support
AI systems in a way that they can provide deeper and
more robust representation of the domain, one wishes to
reason and solve problems.

2. KNOWLEDGE-BASED SYSTEMS

The common characteristic of all KBS is that they deal
with the nature of expertise and the representation of
knowledge in a computer program. The general require-
ments for a computer program to be considered as a KBS
are that it uses knowledge, not just data or information,
and is capable of solving problems.

Expert systems are KBS, which have some additional
requirements such as being able to simulate reasoning
about a problem of technical or commercial value using
knowledge representations and heuristics (rules of thumb)
instead of linear, algorithmic, or statistical means (1).

Therefore, building an expert system first involves
extracting the relevant knowledge from the human expert
in a way that can be used by a computer. A knowledge
engineer has the job of extracting this knowledge and
building the expert system knowledge base. This process
is called knowledge acquisition and is a very important
step in building expert systems.

Some of the most famous examples of early biomedical
expert systems are as follows:

* DENDRAL—the first expert system developed at
Stanford University by Bruce Buchanan, Joshua
Lederberg, and Edward A. Feigenbaum. The work
on DENDRAL began in 1965. DENDRAL began as an
effort to explore the mechanization of scientific rea-
soning and the formalization of scientific knowledge
by working within a specific domain of science that is
organic chemistry.

* MYCIN—an expert system for diagnosing and re-
commending treatment of bacterial infections in
blood, developed by Edward H. Shortliffe and associ-
ates at Stanford University in the mid-1970s.

* deDombal’s Leeds Abdominal Pain System—an ex-
pert system for acute abdominal pain, developed by F.
T. deDombal at the University of Leeds.

* Help System—a hospital-based system, developed at
LDS Hospital in Salt Lake City, that has been opera-
tional since 1967. The system initially supported a
heart catheterization laboratory and a post-open-
heart intensive care unit. New versions provided
information management, physician guidance, and
clinical-research support.

After the successfulness of practical applicability of expert
systems, intelligent systems evolved. Intelligent systems
are power tools for ‘‘heavy lifting’’ in the information
world—they ‘‘complement, extend, and amplify our ability

to think and solve problems. The difference between
intelligent systems and the typical expert system is that
intelligent systems are not necessarily smarter than ex-
pert or KBS in terms of the quantity or types of knowledge
or reasoning they employ; in fact, the research and
application challenges are largely the same. But they
have the important ability that distinguishes them from
expert system; they can learn from experiences. As such,
intelligent systems for the most part exploit additional
tools and technologies that make them easier to use,
easier to build and maintain, and easier to integrate
with conventional information systems.

The most important features of intelligent systems are
proposed in Ref. 10. According to that article, intelligent
systems should:

* Exhibit adaptive goal-oriented behavior
* Learn from experience
* Use vast amounts of knowledge
* Exhibit self-awareness
* Interact with humans using language and speech
* Tolerate error and ambiguity in communication
* Respond in real time

The author of the same article also enumerates five laws
behind the intelligent system design, as follows:

1. Bounded rationality implies opportunistic
search. The first law says that ‘‘computational
constraints’’ on human thinking leads people to be
satisfied with a ‘‘good enough’’ solution rather than
waiting for the optimal solution. This law is based on
Herb Simon’s Nobel Prize-winning research on de-
cision making in organizations. When people must
make decisions under conditions that overload hu-
man thinking capabilities, they use opportunistic
strategies and tactics of ‘‘optimal least computation
search’’ rather than ‘‘optimal shortest path search.’’
Much of research in intelligent systems is devoted to
the study of approximate algorithms of optimal least
computation search. Silicon-based intelligence, gi-
ven its differences in memory access time and band-
width, may indeed use different strategies and
tactics than human intelligence.

2. A physical symbol system is necessary and
sufficient for intelligent actions. The second
law is the physical symbol system hypothesis; a
physical symbol system is necessary and sufficient
for an intelligent action stated by Allen Newell and
Herb Simon.

3. The magic number is 70,000720,000. The third
law is that an expert knows 70,000 ‘‘chunks’’ of
information, give or take a binary order of magni-
tude. Why is it 70,000? Why not 1000 or 1,000,000?
Experimental evidence in cognitive science leans
toward 70,000 as a rough measure of the size of an
expert’s knowledge base. For example, it seems that
chess masters recognize about 50,000 chunks.
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4. Search compensates for lack of knowledge.
The fourth law is that search compensates for lack
of knowledge. When faced with a puzzle we have
never seen before, we engage in trial-and-error
behavior, usually until a solution is found. During
the 1960s and 1970s, it was believed that masters-
level performance in chess could not be achieved
except by codifying and using knowledge of expert
human chess players. We now know that Deep Blue
can play at the Grandmaster-level, even though its
knowledge is nowhere comparable with that of a
chess master. The key lesson here is that there may
be more than one way to achieve expert behavior in
a domain such as chess.

5. Knowledge compensates for lack of search. The
fifth law, an important insight, was not clearly
understood even as late as 1970; that is, knowledge
reduces uncertainty and helps us constrain the
exponential growth leading to the solution of many
otherwise unlovable problems. Knowledge is power.
Indeed, ‘‘recognition’’ knowledge can eliminate the
need for search altogether. This principle is essen-
tially the converse of the previous principle.

Browsing through the recent literature reveals the follow-
ing applications related to intelligent biomedical systems:

* Protocols and guidelines: protocols for medical
procedures and therapies, clinical guidelines,
health-care processes.

* Automatic diagnosing and decision support
tools: knowledge acquisition and learning, decision
support theories, diagnostic problem solving, prob-
abilistic models, and fuzzy logic.

* Temporal reasoning and planning: planning and
optimization of the therapies, patient management,
global health-care planning, planning environments.

* Natural language and terminology: medical dic-
tionaries, automatic abstracting, information retrie-
val, communication, multilingual dictionaries, and
lexicons.

* Image and signal processing: image interpreta-
tion, pattern recognition, identification.

3. THREE KEY PROCESSES IN KNOWLEDGE ENGINEERING

3.1. Knowledge Acquisition

KA is a process of capturing the knowledge from different
sources that involves eliciting, analyzing, and formalizing
the patterns of thought underlying some subject matter
(11). Depending on the data source, numerous techniques
are used for gathering the knowledge. As we will see,
there are numerous techniques for getting the knowledge
from the experts; on the other hand, where operating on
the large sources of data like datasets or documents, there
is a special field of datamining (DM) or KDD.

KA as such defines the ways and processes of absorbing
and storing information into the structure and is usually
estimated by how well the information can later be

remembered and retrieved back. In the next section, we
will take into consideration different techniques of getting
the knowledge from the experts and present the field of
KDD for extracting the knowledge from large sets of data.

3.1.1. Knowledge Acquisition Techniques. When collect-
ing the knowledge from the experts, different techniques
are required to access the different types of knowledge. By
accessing it, the techniques should be able to allow non-
experts to understand the knowledge, focus on the essen-
tial knowledge, and allow knowledge to be collated from
different experts. Many techniques have been developed to
help elicit knowledge from an expert. These are referred to
us as KA techniques. Nigel Shadbolt, a researcher in the
area of KE, classified KA techniques as follows (12):

* Protocol-generation techniques: unstructured,
semistructured, and structured interviews; different
reporting techniques, and observational techniques.

* Protocol analysis techniques: transcripts of inter-
views or other text-based information for identifying
various types of knowledge (decisions, relationships,
attributes).

* Hierarchy-generation techniques: used to build
taxonomies and laddering.

* Matrix-based techniques: construction of grids;
the use of frames for representing the properties of
concepts; and the repertory grid technique used to
elicit, rate, analyze, and categorize the properties of
concepts.

* Sorting techniques: the revelation of knowledge
about classes, properties, and priorities.

* Limited-information and constrained-proces-
sing tasks: the 20-question technique (provides an
efficient way of accessing the key information in a
domain in a prioritized order).

* Diagram-based techniques: generation and use of
concept maps, state transition networks, event dia-
grams, process maps, and semantic networks.

3.1.2. Knowledge Discovery in Databases. When dealing
with large collections of data in the KA phase, the process
of knowledge discovery in databases is recently often used
within KE. KDD, also known as datamining, is the
practice of automatically searching large stores of data
for patterns. To do this, datamining uses computational
techniques from statistics and pattern recognition.

Datamining encompasses several different technical
approaches, such as:

* Clustering
* Data summarization
* Learning classification rules
* Finding dependency networks
* Analyzing changes
* Detecting anomalies

From the field of datamining, a special technique for Web
mining evolved. This is a technique that tries to employ
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machine learning and datamining techniques for facilitat-
ing a semantic processing of the abundance of documents
on the Web. Web mining can be broadly defined as the
discovery and analysis of useful information from the
World Wide Web.

This definition covers the automatic search and retrie-
val of information resources available from millions of
websites and online databases. The data for Web mining
consist of unstructured text or semistructured documents
in contrast to datamining, where the data are in a form of
structured relational or multirelational databases.

When using textual data as resource of information for
gathering the knowledge, we are talking about the domain
of text mining. Although the text mining could be thinly
interleaved with the domain of datamining, we are talking
about two different approaches.

In text mining, we have similar goals as in datamining,
only in this case we are trying to extract the patterns from
huge online text collections. In this sense, the text mining
process is connected with the areas of information retrie-
val, computational linguistic, and natural language pro-
cessing, which are dealing with an unstructured type of
data in comparison by datamining where the data have a
precise, structured form.

Don Swanson was among the first researches that
argued why it is plausible to expect new information to
be derivable from text collections. It is a well-known fact
that experts can only read a small subset of what is
published in their fields and are often unaware of devel-
opments in related fields. Thus, it should be possible to
find useful linkages between information in related litera-
tures. Swanson has shown how chains of causal implica-
tion within the medical literature can lead to hypotheses
for causes of rare diseases, some of which have received
supporting experimental evidence (13,14).

The possibility that the potentially plausible medical
hypothesis could be derived from a combination of text
fragments and the explorer’s medical expertise showed
up. However, this has to be tested via a nontextual means.

3.1.3. Importance and Perspective of Knowledge Acquisi-
tion. Knowledge acquisition represents the first step in
the design and process of knowledge systems. Roughly
speaking, it represents the similar step in the knowledge
system design like preprocessing and filtering of data in
the datamining process. Therefore, the quality of the
retrieving knowledge from the knowledge system does
not depend on the methodology of the system only but
also on the quality of gathered input, which is generated
by the KA techniques. Explained in a metaphorical way,
the state-of-the-art audio equipment and ideal acoustic
place for excellent music reproduction of the Mozart
sonata is not enough, but also quality of the record, which
was recorded in the studio with appropriate recording
techniques, is needed.

Several recent developments are continuing to improve
the efficiency of the knowledge acquisition process. One of
them is the use and creation of ontologies. The main use of
ontology is to share and communicate knowledge, both
between people and between computer systems. Several
generic ontologies have been constructed, each having

application across many domains, which enables the reuse
of knowledge. With this ability, we start the project with
several skeletal frameworks that can act as predefined
structures for the knowledge being acquired.

We presented knowledge acquisition in the way of
using a model for the knowledge construction process.
The common techniques of KA were represented. How-
ever, the recent developments are continuous to improve
the efficiency of the knowledge acquisition. The perspec-
tive and work in the future of KA is merging with the
domain of neuroscience and psychology.

When thinking a little, knowledge acquisition is hap-
pening in front of your eyes during reading this paragraph
about knowledge acquisition. However, the models of what
is really happening in our minds when acquiring the
knowledge rests for now beyond the human imagination.

3.2. Knowledge Representation and Organization

After the KA phase, there is the important phase of
knowledge representation and organization. Within the
different types of knowledge, organization and representa-
tion gets an important role. We can find a lot of models,
from the rule-based production models (15), distributed
networks (16), and more, but all of these theories are
fundamentally based on the concept of semantic networks;
therefore, we will explain the semantic network on the
simple example of music.

In Fig. 1, an example of the semantic network is
represented. As we can see, the node representing WRI-
TER is strongly related to STYLE, whereas STYLE is
weakly related to STORY. These link strengths are repre-
sented here in terms of line width. Similarly, some nodes
in Fig. 1 are bolded to represent their strength in memory.
Concepts such as MUSIC and OPERA are more memor-
able because they are more frequently encountered than
concepts such as ACT and TEMPO. Network models
represent more than simple associations. They must re-
present the idea and complex relationships that comprise
knowledge and comprehension. For instance, the idea ‘‘A
writer writes a story’’ can be represented as the proposi-
tion WRITE (WRITER, STORY) consisting of the nodes
WRITER and STORY and the link WRITE. Educators
have successfully used similar diagrams, called concept

StoryAct

Tempo
WriterStyle

Opera

Music

Figure 1. Example of the semantic network. Semantic networks
are typically represented as diagrams of nodes (i.e., concepts) and
links (i.e., relations). The nodes and links are given numerical
weights to represent their strengths in memory. Semantic net-
work on the figure consists from the node representing WRITER,
which is strongly related to STYLE, whereas STYLE is weakly
related to STORY. Terms of line width represent link strengths.
Nodes without fill present the concepts that are not frequently
used in the memory.
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maps, to communicate important relations and attributes
among the key concepts of a lesson (17).

By the use of datamining techniques in the KA phase of
building KBS, when searching patterns and relations in
large datasets, we are facing the special representation of
knowledge, which basically depends on the method of
datamining that was used for searching new patterns.
There are various methods in the field of datamining,
which are coming from the domain of machine learning
and pattern recognition such as neural networks, decision
trees, frames, decision rules, and support vector machines
(SVMs). Each method is appropriate for a specific problem
domain. For example, from a physician’s point of view, the
ability to track and evaluate every step in the decision-
making process is the most important factor for trusting
the decisions gained with machine learning methods.
Therefore, the role of decision trees in medical decision
making is very important because they provide a very
powerful feature—the possibility of explaining the deci-
sion in an easy and human understandable way. Just by
looking at the decision tree’s structure, we (and a physi-
cian) can tell which attributes are more important and
which are not.

The most commonly used methods in the datamining
are encountered in the lines below. Each method has its
own representation of knowledge:

* Decision trees. There are two types of nodes in a
decision tree: internal and external nodes. Each
internal node (nonterminal node) contains a test of
a specific attribute value. External nodes (terminal
nodes) are labeled with a class, which represents a
decision. Nodes are connected with edges (links).
Edges are labeled with different outcomes of a test
performed on an attribute in a source node. Figure 2
shows a typical decision tree.

* ID3 [QUIN86] is probably the most well-known clas-
sification algorithms in machine learning that uses
decision trees.

* A decision tree is inducted on a training set, which
consists of training objects. Every training object is
completely described by a set of attributes (object
properties) and class (decision, outcome). In the
process of inducing a decision tree, a heuristic func-
tion is used to select the attribute, which has not yet
been used in the path from the root to the current
node, and most uniformly divides the training ob-
jects. Although decision trees have been used success-
fully in several algorithms, they have some
disadvantages. First, even for small training sets,
decision trees can be large and thus opaque. Second,
they are not very robust to missing values for attri-
butes of objects in the datasets.

* Rules. Rules are probably the most common form of
knowledge representation. A rule is a conditional
statement that specifies an action for a specific set
of conditions. A set of rules is an unstructured group
of if–then statements. Using rules as a method for
representing knowledge is very popular due to their
simplicity and easy interpretation by humans. Rules
are very intuitive and a natural way of representing
knowledge. However, they also have several disad-
vantages. They lack variation and are unstructured.
They cannot represent casual knowledge. The lack of
structure in rule-based representations makes the
modeling of the real-world difficult if not impossible.

* Frames. Frames are templates for holding clusters
of related knowledge about a particular subject. They
are a very natural way to represent the knowledge.
Each frame consists of several slots that contain
attributes, rules, hypotheses, and graphical informa-
tion of an object. These slots can also be frames,
which gives the frames hierarchical structure. Hier-
archical inheritance is an important property of
frames. The represented knowledge in frames is,
therefore, more complex compared with rule-based
representation.

* Neural networks. An artificial neural network is a
type of knowledge representation that is inspired by
the way biological nervous systems, such as the
brain, process information. It is composed of many
interconnected neurons working together to solve a
specific problem. Learning involves adjustments to
the synaptic connections that exist between neurons.
Neural networks have many advantages such as
adaptive learning ability, self-organization, real-
time operation, and insensitivity to noise. Despite
all advantages, neural networks have one huge dis-
advantage; in most cases, they are not appropriate for
use in medical and biomedical domain because they
work as a ‘‘black box’’ (knowledge representation is
not symbolic).

Night cough

Cough attacks

Night cough = Yes Night cough = No

Cough attacks = Yes Cough attacks = No

No
asthma

No
asthma

No
asthma

Lymphocytis

Lymphocytis<=22.8 Lymphocytis > 22.8

No. EOZ

Lymphocytis<=1000 Lymphocytis > 1000

Mother smoking

Mother smoking = Yes Mother smoking = No

Wheezing

Wheezing = Yes Wheezing = No

Asthma

Asthma

Asthma

Asthma

Figure 2. An example of a decision tree.
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3.3. Knowledge Inference

Inference is the act or process of drawing a conclusion
based solely on what one already knows. Suppose you see
rain on your window; you can infer from that, quite
trivially, that the sky is gray. Looking out the window
would have yielded the same fact, but through a process of
perception, not inference.

Knowledge inference is the process that is necessary for
the last part of the KBS system. The main task of this
process is to develop an inference mechanism that de-
scribes the interactions involved in deriving solutions.
Representation chosen for the expert’s knowledge declara-
tions and inference engine used to process that knowledge
are very important in KBS. Several important character-
istics are known to be appropriate to a good inference
technique.

1. A good inference technique is independent of the
problem domain. To realize the benefits of explana-
tion, knowledge transparency, and reusability of the
programs in a new problem domain, the inference
engine must not contain domain-specific expertise.

2. Inference techniques may be specific to a particular
task, such as diagnosis of a hardware configuration.
Other techniques may be committed only to a parti-
cular processing technique.

3. Inference techniques are always specific to the
knowledge structures and representation.

4. Successful examples of rule processing techniques
include forward and backward chaining.

An example of the inference engine can be found in Prolog
(Programming in Logic). Prolog is a programming lan-
guage based on a subset of predicate calculus. Its main job
is to check whether a certain proposition can be inferred
from the KB using an algorithm called backward chaining.

4. APPLICATION OF KE IN BIOMEDICINE

There is a growing interest in the application of KE
systems in biomedicine. Such systems can be used to
acquire, create, organize, share, and store biomedical
knowledge. Most systems for biomedical KE use World
Wide Web resources and are built on information that is
acquired from the Internet. There are two large groups of
KBS: The first one is based on analysis and collection of
information from online scientific literature, whereas the
other group tries to connect different already existing
databases.

Development of the first group started with the avail-
ability of scientific literature in electronic format, such as
Medline. Using sources like Medline, we can build com-
pletely automated data-driven text mining applications.
Text mining has a very high potential for knowledge
discovery, as the most natural form of reporting, storing,
and communicating information is text (18).

To demonstrate the large volume of scientific papers in
medicine, we show the number of search results in Med-

line containing the term ‘‘biomedical’’ through the last 10
years (Fig. 3).

Mining of scientific papers usually includes two phases.
In the first phase, we have to identify the objects we are
looking for, and in the second phase, we try to find the
relationships between the results found in the first phase.

For effective biological objects identification, we can use
either machine learning techniques or tag the objects by
hand. It is obvious that the most convenient way would be
to use machine learning approach. One such example is
research done by Hatzivassiloglou et al. (19) where they
try to extract names of genes using a Bayesian classifier.
They were using datamining techniques on the GeneBank
database for training. Their method showed 80% classifi-
cation accuracy, distinguishing among three biological
entities.

However, most systems do not have the ability to get
some additional ‘‘embedded’’ knowledge that is in some
relation with the data we are looking for. Kumar et al. (18)
propose a system called BioMap where they try to develop
a complete ‘‘knowledge base’’ of associations between
biological objects that are important to understand speci-
fic biological processes. The system uses different data-
bases as a source of information like Medline and
GeneBank.

BioMap consists of algorithms and tools for:

* Identifying biological object names
* Discovering object–object relationships
* Creation of the knowledge base (BioMap)
* A hypergraph realization of the knowledge network

(generating pathways and hypotheses) in response to
a user query

* Global access capability for the entire system

The biomedical community is increasingly taking advan-
tage of the power of computing, both to manage and
analyze data and to model biological processes. To make
optimal use of information technology, we should be able
to combine information technology and biology in a pro-
ductive way. Along with the development of high-through-
put technologies in molecular experiments, biology is
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gradually shifting its research approach toward compre-
hensive and data-driven methods. Establishing a metho-
dology for knowledge discovery and management of large
amounts of heterogeneous data has therefore become a
main priority in bioinformatics.
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LUNG TISSUE VISCOELASTICITY
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1. INTRODUCTION

Viscoelasticity deals with the macroscopic mechanical
characteristics of matter; it describes how mechanical
stresses change in time in response to a change in the
size or shape of a body. Viscoelastic substances display a
mechanical behavior that combines liquid-like and solid-
like characteristics. In contrast to perfect elasticity, a vis-
coelastic material does not maintain a constant stress un-
der constant deformation. The stress in the material
slowly relaxes, a phenomenon called stress relaxation. Al-
ternatively, under constant stress, the material undergoes
a continuous deformation in time, or creep. The relation-
ship between stress and strain is called the constitutive
equation, which bears information on the underlying
mechanisms and structure contributing to such behavior.
A simple constitutive equation is, for example, a single
exponential stress relaxation that can characterize a one-
compartment system with a purely elastic and a purely
viscous component. Soft biological tissues, however, rarely
present such simple viscoelastic behavior.

The viscoelastic properties of connective tissues play
fundamental roles in the functioning of many organs and
organisms as well as in the interactions of these macro-
scopic biosystems with the complex environment they live
in. Examples range from tendon, which transmits the
force generated by contracting muscle cells, to cartilage,
which withstands compression and shear, to the connec-
tive tissues of the lung parenchyma, which contains the
alveoli, and the pulmonary circulation, where life-sustain-
ing gas exchange occurs. In general, connective tissues
contain little cellular components (o10%), and hence
their mechanical properties are primarily a function of
the composition. Moreover, an emerging view exists that
the mechanical properties of the extracellular matrix re-
flect, to a large extent, the underlying complexity of its
structure.

In a recent paper, Suki et al. (1) reviewed the compo-
sition and elastic properties of the connective tissues of
the lung with special emphasis on the role of mechanical
forces and collagen. In this chapter, we focus on the vis-
coelastic description of lung tissue and its relation to tis-
sue structure. Following a description of empirical
viscoelasticity, we briefly review the constituents of the
connective tissue and their complex structural organiza-
tion. Next, we will discuss how complexity develops from
the interaction among the components. Finally, we will
describe an approach to the mathematical description of
the constitutive equation of the lung tissue based on frac-
tional calculus and discuss its relation to tissue composi-
tion and structure.

2. PHENOMENOLOGICAL DESCRIPTION OF LUNG
TISSUE VISCOELASTICITY

The extracellular matrix is composed of water and a va-
riety of biological macromolecules (2). The types of mac-
romolecules that are thought to play an important role in
the viscoelastic properties of these tissues consist primar-
ily of collagen, elastin, and proteoglycans (2). However,
different connective tissues exhibit grossly different me-
chanical behavior matching the specific needs of the organ
(3). The particular mechanical behavior critically depends
on the organization and the complex interactions among
these macromolecules. The physical and chemical inter-
actions among the components span an enormous length
scale, ranging from hydrogen bonds within a collagen mol-
ecule at the subnanometer scale (4) to shear stress trans-
fer between the elastin-collagen fiber network and other
matrix elements at the micrometer scale (5) to mechanical
interdependence of tissue types such as airways embedded
in the lung parenchyma at the millimeter scale (6). An
interesting consequence of these interactions is the exis-
tence of a wide range of time scales involved in the visco-
elastic behavior of many connective tissues (3), including
the lung parenchyma (7). Indeed, the creep (8) and the
stress relaxation (9–11) of lung tissue are both very dif-
ferent from a single exponential. The relaxation has a long
tail, which is well described by a power law functional
form:

s¼aþ bt�b; ð1Þ

where s is the stress (force per unit cross-sectional area)
following a unit step in strain e, t is time, b is called the
stress relaxation exponent, and a and b are additional
material parameters. When plotted on a double logarith-
mic graph, s�a follows a straight line with a slope equal
to � b. An example of the stress relaxation before and af-
ter in vitro digestion of lung tissue strips with elastase,
which partially eliminates the elastin content of the con-
nective tissue, is shown in Fig. 1. Besides the fact that the
relaxation follows a straight line on the log-log plot over
the measured two decades of time, the slope of the rela-
tion, and hence b, changes very little after digestion. Al-
ternatively, performing the relaxation at the same mean
static stress as before digestion can reduce b by about 8%,
but will not effect the functional form of the relaxation.

The above-mentioned phenomenon has interesting
manifestations on the frequency dependence of the shear
or Young’s modulus (shear or normal stress normalized by
strain, respectively) of a tissue. Many tissues and cells
have been found to show a linear dependence of the loss
and storage moduli on frequency on a log-log graph (7,12–
16). Indeed, the Fourier Transform (FT) of Equation 1,
called the complex modulus E�, can be written as

E�ðoÞ¼Hobþ jGob; ð2Þ

where j is the imaginary unit, o is the circular frequency,
and the real and imaginary parts of E� are the storage and
loss moduli of the material. The coefficients H and G char-
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acterize the magnitude of the storage and loss moduli, re-
spectively, and can be expressed as a function of b and b
(see below). Thus, E� also exhibits power law form of o
with an exponent b. This phenomenological model was
first introduced to lung mechanics by Hantos et al. (17) to
account for the frequency dependence of lung tissue im-
pedance. The model is called the ‘‘Constant Phase’’ model
because the phase angle of the modulus E�,
tan�1ðImagfEg=RealfEgÞ¼ tan�1ðG=HÞ; is independent of
frequency (17–19). Figure 2 shows examples of the storage
and loss moduli of the whole lung and small tissue strips
before and after in vivo treatment with elastase, as de-
scribed in (20). The loss moduli are about an order of mag-
nitude smaller than the storage moduli, but the moduli
conform to Equation 2 both in the whole lung and in the
tissue strip. Furthermore, the exponents from the whole
lung and the tissue strip have similar numerical values
(21). It is important to point out that the whole lung ex-
periments induce a near isotropic three-dimensional de-
formation of the lung tissues, whereas the tissue strip,
which is also free of surface tension effects, undergoes
uniaxial stretching implying that the dynamic behavior
described by Equations 1 and 2 likely originates from the
connective tissue matrix of the alveolar walls. Addition-
ally, in vivo elastase treatment of animals can breakdown
part of the elastic system and invoke inflammation and
remodeling (22,23), yet the biochemical processes associ-
ated with the treatment appear only to shift the curves
downward. However, the exponent b increases slightly,
perhaps as a result of the remodeling process. Although
some discrepancy between data and the model has been
found in a study during strong agonist challenge (24), the
vast majority of experiments that have been reported so
far are consistent with Equations 1 and 2, which include
data in unviable tissue as well as before and after agonist

challenge in live tissue strips (25); following large ampli-
tude stretch (24,26); acid damage (27); in vitro elastin,
collagen (28), or proteoglycan digestion (29); during mat-
uration (30); in belomycin-induced fibrosis (31,32); or fol-
lowing in vivo digestion that is accompanied by
inflammation and remodeling (33–35). These observations
suggest that the relative amounts of elastin, collagen, and
proteoglycans significantly influence the magnitude of the
moduli (G and H), whereas the complex organization of
tissue structure may be responsible for the power law be-
havior of Equations 1 and 2 and the value of the exponent
b.

3. STRUCTURAL ORGANIZATION OF CONNECTIVE
TISSUES

3.1. Proteins

Connective tissues contain cellular components and the
extracellular matrix. The protein fibers in the matrix are
the main load-bearing elements within the tissue. The
structure of the protein fibers has a complex hierarchical
organization (36,37), the significance of which is that the
convoluted nature of the protein surface together with the
spatial distribution of charged groups determine the or-
dering of the polar water molecules around the protein.
The water distribution in the matrix, in turn, has signif-
icant influence on the viscoelastic properties of the con-
nective tissue (14,38–40). The water content of the tissue

Time (sec)

1 10 100

S
tr

es
s 

(k
P

a)

0.1

1

Control, � = 0.053

After elastase, same mean length
� = 0.054

After elastase, same mean force
� = 0.049

Figure 1. Power law stress relaxation in response to a 10% step
change in uniaxial stretching of an isolated lung tissue strip on a
double logarithmic graph. The exponent b in Equation 1 is the
negative slope of a straight line fit to the data (not shown). Thick
line is control, bottom curve is following digestion with pancreatic
elastase while the sample was held at the same length as before
digestion. Top curve is obtained after adjusting the length of the
sample so that the mean force was the same as before digestion.
(Yuan and Suki, unpublished data).
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that can change in diseases has a significant influence on
the static stress-strain as well as the dynamic rheological
behavior of the lung parenchyma (41,42). Unfortunately,
practically no quantitative analysis of the structural com-
plexity of the major components of the connective tissue
matrix exists in the literature.

3.2. Collagen

Perhaps the most important protein fibers in the connec-
tive tissue are the collagen fibers. The collagen macromol-
ecule is a complex glycoprotein. Nearly 20 different types
of collagen molecules exist. Most collagens are helical in
structure, consisting of three polypeptide chains, each of
which is a left-handed coil and the three chains form a
right-handed super helix (2). The molecules are first as-
sembled in the interstitial cells, then following secretion,
they are enzymatically cleaved, which allows them to start
forming fibrils (2). The extracellular fibril assembly is a
complicated process and is influenced by the presence of
other matrix components (2,43,44). The fibril structure it-
self also shows tremendous hierarchical complexity. For
example, the lateral packing of molecules can exhibit sig-
nificant fluid-like disorder (43). The collagen fibrils can
further organize into thicker fibers. In the lung, fiber
thickness ranges from several hundred nm to well over a
micron. The distribution of fiber thickness has a long tail
similar to a power law (45), a hallmark of complexity.
These fibrils and fibers can then form random (lung tissue,
cartilage) or quasideterministic (tendon) networks within
an organ. This fascinating blend of deterministic order
(exact amino sequence and axial packing) and random
disorder (from fluid-like lateral packing to random net-
works) has important implications for the viscoelastic
properties of the fibril/fiber and hence the functional prop-
erties of the connective tissue of the lung. Indeed, varia-
tions in the collagen content of the parenchyma during
growth (30,46), in fibrosis (31,32), or following in vitro di-
gestion (28) have suggested an important role for these
protein fibers in mechanics.

3.3. Elastin

The elastin is an insoluble protein and organizes itself into
very extensible fibers. The 3-D molecular structure of
elastin is amorphous and not as well understood as that
of the collagen (2). At the fiber level, elastin also exhibits
significant structural heterogeneity and is mechanically
connected to the collagen (47). The diameter and length
distributions of elastin fibers in the lung are similar to
those of the collagen fibers with long tails (45). Although
traditionally elastin is thought to dominate lung elasticity
at normal breathing lung volumes, recent work suggests
that elastin plays perhaps a less influential role in the
viscoelasticity of lung tissue than collagen even at lower
lung volumes (28).

3.4. Proteoglycans

The protein fibers of the connective tissues are embedded
in a hydrated gel, often called the ‘‘ground substance.’’ The
composition of the matrix and the ratio of fiber to gel vary

among various tissues and change during aging and de-
generation. Perhaps the most important constituents of
this matrix are the glycosaminoglycans (GAG), which are
polysaccharides. Several different types of GAGs (e.g.,
hyaluronic acid, chondroitin sulphate, dermatan sulphate,
keratan sulphate) exist whose molecular weights vary
from 5 � 103 to B106, implying that the polymer chains
can contain as many as 104 units with a huge variability in
size and structure (2,48,49). Most GAGs are usually cova-
lently linked to a core protein to form a structure called
proteoglycan. The GAGs, just like collagen, can have sec-
ondary and tertiary structures by forming helices depend-
ing on the ionic environment and pH of the matrix (49).
Additionally, the proteoglycans can link to the long hya-
luronic acid to form larger proteoglycan aggregates exhib-
iting an even higher level of hierarchical organization.
The size and heterogeneity of these aggregates can vary
among various tissues as well as within a connective tis-
sue or organs (49,50). Images of the proteoglycans ob-
tained by electron microscopy reveal an extraordinarily
complex structure (2,48); yet, to our knowledge the com-
plexity of the proteoglycan aggregate structures has been
investigated only marginally (51). It is likely that the role
of proteoglycans in lung function has been underesti-
mated. Indeed, only a few studies aimed at determining
their roles in lung mechanics (29,41).

3.5. Cells

The lung parenchyma contains a variety of cell types.
From the point of view of mechanics, the most important
ones are the contractile cells including smooth muscle
cells in the alveolar mouth and vessel walls and the my-
ofibroblasts in the alveolar walls (52). Stimulation of these
cells with different agonists induce internal stresses on
the fiber network and hence can modify the viscoelastic
properties of the lung tissue (15,26,28,53,54). The me-
chanical properties of tissue strips have been shown to
vary with contractile challenge as well as the number of
medium-sized airways in the sample (26). However, it has
also been found that the viscoelastic properties of the lung
parenchyma are only moderately affected by the active
tone of the interstitial cells (25,53). Another function of
the interstitial cells is to remodel and repair the connec-
tive tissue during growth or following injury. As a result of
such cellular processes, the viscoelastic properties of the
lung tissue can significantly change (33). Thus, although
cells do not significantly contribute to the instantaneous
mechanical properties of the tissue in response to physical
(e.g., deformation) or chemical (e.g., histamine challenge)
stimuli, they are responsible for the composition and
structure of the matrix.

3.6. Surface Film at the Air-Liquid Interface

The mechanical characteristics of the surface film cover-
ing the walls of the alveoli are apparently similar to those
of the connective tissues (55). The surface film also con-
tains pulmonary surfactant, which controls the surface
tension at low lung volumes (56) and so contributes to the
stability of the lung (57). Among the various components
of the surfactant, lipids and, in particular, surfactant pro-
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tein B appear to play a critical role in maintaining low
surface tension (58). The presence of surface film also dis-
torts the alveolar geometry and hence alters the elastic
properties of the connective tissues (59,60). For small de-
formations, however, the hysteresis of the surface film is
small and perhaps surface film properties contribute less
to lung tissue viscoelasticity than the connective tissue
(61). Indeed, tissue hysteresivity, defined as energy dissi-
pation normalized by stored elastic energy per cycle (55),
was found to be very similar in isolated lungs and in lung
tissue strips (21). Thus, in the remainder of this chapter,
we will focus on the connective tissues of the alveolar
walls.

4. COMPLEXITY AND INTERACTION AMONG THE TISSUE
COMPONENTS

The connective tissue is a complex composite material that
responds to specific mechanical stresses and deformation,
as well as chemical and biophysical stimuli. The nature of
the response must depend on subtle variations in the or-
ganization of the connective tissue. Conventional histo-
chemical or immunohistochemical techniques are not
appropriate to study these interactions because the prep-
aration of the sample can alter the tissue structure. Re-
cent atomic force microscopic studies demonstrated the
existence of ridges and filaments along the surface of un-
fixed, untreated collagen fibrils from rat tail tendon (44),
which are likely to represent the core protein and the GAG
side chains of proteoglycans, respectively. These data sug-
gest that the organized network of proteoglycan aggre-
gates have multiple interactions—including chemical and
topological or entanglement type—with the collagen fibril
surface as well as with each other. Often, the collagen re-
inforces the proteoglycan/water gel and provides a safety
limit against excessive stretching of the matrix. The result
is a cohesive structural matrix with significant load-bear-
ing capacity or shape maintenance tuned to the needs of
an organ. A cartoon depicting the wavy collagen embedded
in the matrix is shown in Fig. 3. With regard to the lung,
an additional level of complexity comes from the fact that
the fibers run in the alveolar walls, which themselves are

arranged in a hexagonal-like structure (20,59). It has been
suggested that network behavior of the alveolar walls also
contribute to the complex viscoelastic properties of the
lung (33). Thus, it appears that the power law form of the
stress relaxation and the moduli (Equations 1 and 2) may
occur as an emergent behavior of the constituents of the
lung tissue reflecting intrinsic complexity in structure or
dynamics (9).

4.1. Complexity and Fractals

Although a formal definition of complexity itself can be
ambiguous and may depend on the application in ques-
tion, systems from a wide variety of fields ranging from
economy, ecology, physics, biophysics, and biology have
been associated with complexity (9,36,62–69). Intuitively,
such different systems may qualify as a complex system if
they share certain common features such as the simulta-
neous presence of some order and disorder, some degree of
unpredictability, and a hierarchy of interactions among
parts of the system. These systems often self-organize
themselves into a critical state in which the range of in-
teractions and correlations span the scale of the macro-
scopic system (62). These structures can be best
characterized by the formalism of fractal geometry devel-
oped by Mandelbrot (66) to quantitatively describe the
apparent randomness and variations in the size and shape
of natural objects.

Fractals are objects in which magnifications of parts of
the system appear to be similar (usually in the statistical
sense) to the entire system and, hence, they are said to be
self-similar (66). Fractals, therefore, exhibit spatial corre-
lations over multiple length scales. When we measure the
size of an object, we find that it depends on the size of the
measuring stick. On the log-log graph, a linear relation-
ship exists between the measured size of the object and
the ruler size. The slope of this linear relationship char-
acterizes the complexity of the object and is called the
fractal dimension (Df). For Euclidean objects, Df is an in-
teger, whereas for most natural objects it is a fractional
number. In biology, one can find many self-similar struc-
tures such as the backbone of proteins with a Df ranging
from 1.1 to 1.4 (36), the correlated structure of DNA (70),
or larger scale structures such as the airway (71) or vas-
cular trees (65). In the connective tissue, the proteogly-
cans can form a complex three-dimensional fractal
network with fractal dimension of B2.7 in the form of a
cylindrical coating around the collagen fibrils (51). For il-
lustration purposes, we show in Fig. 4 an example of a
fractal curve embedded in the two-dimensional space that

Figure 3. Schematic drawing of collagen embedded in the pro-
teoglycan matrix. Notice the wavy nature of collagen with
‘‘crimps’’ along the fibers (drawing by E. Bartolák-Suki).

Df = 1.1

Figure 4. Mathematical fractal curve obtained by summing up
sine waves of different amplitudes and frequencies.
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can characterize the crimps on the collagen in Fig. 3. The
local curvature varies along the curve, which provides a Df

of 1.1. As we shall see later, such a fractal curve can model
the crimps along collagen fibers in the alveolar walls.

The machinery of fractals is not limited to static objects:
dynamic processes propagating over fractal structures ex-
hibit time fluctuations that can be characterized by power
laws (72) and correlations (69) similar in form to Equation
1 over many time scales. These correlations can also be
used to obtain information about the dynamics of the pro-
cess and perhaps the underlying self-similar structure. A
few salient examples are the fluctuations in ion channel
kinetics (73), heart rate (74), and respiratory rate (75).
The connection here to the mechanical properties of con-
nective tissues is via Equation 2. The impedance of the
tissue obtained by dividing the modulus by jo decreases
hyperbolically with frequency. If the system is driven by
white noise, the power spectrum of the output will be pro-
portional to the magnitude square of impedance (i.e.,
o2(b� 1)), which is similar to the so-called 1/f noise (9).
The kernel or step response of such systems can be de-
scribed by the power law relaxation of Equation 1, and a
mathematical framework for such behavior can be formu-
lated in terms of fractional derivatives (7) to be described
below.

5. MECHANICAL PROPERTIES

5.1. Viscoelastic Behavior

The ubiquitous nature of Equations 1 and 2 prompted
several approaches to explain the underlying mecha-
nisms. The most prominent approach is perhaps the pio-
neering work of Y. C. Fung, who introduced the theory of
quasilinear viscoelasticity in which the normalized stress
relaxation function was described using a continuous dis-
tribution of exponential relaxation modes (3). He also
showed that a distribution of time constants proportional
to 1/t over a finite range of time constants is appropriate
for many tissues and gives rise to a quasilinear decay of
stress with time on a log-log graph. However, Equations 1
and 2 often provide an even better description of stress
relaxation or mechanical modulus spectra (7,19). The time
constant distribution of Equation 1 is proportional with
t� (1� b) (7). As the value of 1� b is close to 1, the mechan-
ical behavior predicted by Equation 1 and Fung’s theory
appears similar, and indeed, both have the signs of com-
plexity (9). Thus, it may seem that the distinction between
the two approaches is unimportant. However, conceptu-
ally, an important difference exists between them. Fung’s
stress relaxation function and dynamic modulus are a
consequence of the specific form of the time constant dis-
tribution function, which he chose in an ad hoc manner. In
contrast, the power law stress relaxation of Equation 1 is a
solution to equations of motions that, for simple systems
such as large solid objects moving in viscous fluid, can be
derived from the Navier–Stokes equations (76). Further-
more, the constitutive equations of Equations 1 and 2
share the common form with those derivable from the sta-
tistical mechanical description of various polymer systems
(77,78). Indeed, several candidate molecular mechanisms

of polymer viscoelasticity have been suggested to give rise
to a power law stress relaxation (7), including polymer
reptation (‘‘snake’’-like motion) introduced by de Gennes
(79), polydispersity of polymer reptation (80), and reptat-
ion of branched polymers (81). Additionally, other mecha-
nisms such as friction between neighboring fibers (82),
alterations in cell contractility (54,55), or certain type of
matrix-fiber interactions (83) have been found to provide
an apparently similar macroscopic behavior as Equations
1 and 2. Nevertheless, these studies are not based on mi-
cromechanical measurements.

5.2. Complexity in Connective Tissue Viscoelasticity

Complexity in structure can be traced back to many of the
components of the connective tissue, which in turn leads
to a complex mechanical behavior characterized by Equa-
tions 1 and 2. For example, the order-disorder in collagen
fibril packing (2) leads to a stress relaxation that follows a
stretched exponential (84) (nearly identical to a power law
stress relaxation over long time scales), which may be ex-
plained by the amount of disorder seen in collagen packing
(85). Furthermore, thin tissue engineered elastin sheets,
containing wavy elastin but no collagen, embedded in pro-
teoglycans exhibit a complex modulus spectrum in accord
with Equation 2 (86). Signs of complexity are also seen in
the nonlinearity of the quasistatic stress-strain curve of
the tissue. The elasticity of the collagen molecule has been
attributed to thermally activated molecular kinks along
the molecule (87). The stress-strain curve of a collagen
molecule and simple fibrils appear reasonably linear (up
to 3–5% strain); however, the stress-strain curve of tendon
composed of many fibrils is nonlinear with a toe followed
by a steep region (88,89). The toe region is usually attrib-
uted to the existence of waves or ‘‘crimps’’ along the fibrils
(see Fig. 3), which, upon stretching, first fold out then
stretch the fibril (90). The disordered structure of the col-
lagen fiber also produces a long relaxation characterized
by a stretched exponential (84). For larger tissue pieces,
the stress-strain curve often shows an exponential type of
stiffening (3). Maksym et al. (91,92) suggested that such
behavior can be explained by the ensemble behavior of
collagen fibers. They used a triangular network of line el-
ements each containing a parallel combination of a taut
(or crimped) collagen and an elastin fiber. They found that
the exponential nonlinearity could be explained by a
power law distribution of collagen fiber properties. Based
on morphometric data of collagen in the lung (45,93), this
hypothesis is certainly reasonable. However, the collagen
fibers are inside the alveolar walls, which form a hexag-
onal-like network. Thus, these simulations should be re-
visited using more realistic geometry as well as realistic
interaction of the network with its microenvironment, the
proteoglycan matrix (41).

The proteoglycan matrix also plays an important role
in tissue rheology. The GAGs on the proteoglycans have a
fixed negative charge density at normal pH. The charged
GAGs have an ordering effect on the network of water
molecules around themselves, and GAGs can significantly
swell (38–40). They can occupy a domain as high as 1000
times the volume of the macromolecular chain in an un-
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hydrated state (2). The swelling property provides a mech-
anism to support compressive and shearing loads on the
connective tissue, which is known to play an important
role in normal cartilage function (2). The compressive
properties, and how they depend on the ionic environ-
ment, of the GAGs have been predicted with a molecular-
level solution of the Poisson–Boltzmann equation (94).
These numerical simulations were in good agreement
with experimental data (38) indicating the importance of
electrostatic forces between neighboring GAGs of the pro-
teoglycans. This molecular model, however, does not pre-
dict the viscoelastic behavior of the proteoglycans. When
the water content of the matrix is replaced with ethylene
glycol, which can maintain water-like electrical microen-
vironment for the charged molecules down to � 501C, the
storage and loss moduli of skin samples were found to de-
pend on frequency similarly to Equation 2 over eight de-
cades of frequency (13), which certainly suggests a
complex rheological behavior of the matrix macromole-
cules.

Little information exists on how the interactions
among matrix constituents affect the viscoelastic behav-
ior and organ level function. For example, the collagen and
elastin fibers are embedded and certainly entangled in the
proteoglycan matrix. Entanglement effects have been
studied in polymer physics (77) and have been implicated
for connective tissue rheology (7). The interaction between
the stiff collagen and the electrostatically swollen pro-
teoglycans can be elastic, viscous, or viscoelastic. However,
even the simple elastic interactions have only been re-
cently characterized (41). Additionally, as discussed above,
GAGs control the water content of the connective tissue,
which in cartilage has a significant effect on viscoelasticity
(2). In the lung, the local stress relaxation of a single fiber
embedded in proteoglycans could be a simple exponential
or a stretched exponential. The mechanisms may be re-
lated to how the crimps unfold or propagate along the fi-
bers, which is similar to polymer reptation. The
propagation of crimps along the fibers should also be in-
fluenced by the density and charged nature of the pro-
teoglycans. As shown in Fig. 5, variations in curvature
exist and, hence, crimp shape along the fiber also varies.
Such variations can be characterized by the fractal di-
mension of the collagen fibers similar to the mathematical
curve in Fig. 4. Such fractal organization, together with
small variations in the local proteoglycan properties, can
in turn result in slightly different local relaxation times.
As a consequence, the macroscopic stress relaxation would
develop from the distributed nature of the microscopic lo-
cal time constants. Hence, we can speculate that the ex-
ponent b in Equation 1 could be related to the fractal
dimension of the collagen fibers, which appears to be in
accord with the observation that the hysteresivity (55) de-
fined as G/H (17), and hence b, of both the lung and the
tissue strip slightly decreases with increasing lung vol-
ume (21). The reasons are twofold: With increasing lung
volume, the contribution of collagen to the mechanics also
increases and the collagen becomes straighter, which re-
duces its fractal dimension.

In summary, many candidate microscopic mechanisms
have been proposed to account for the viscoelastic proper-

ties of the lung tissue. It is difficult to study these mech-
anisms experimentally in the intact lung. Isolated tissue
strip experiments, when used together with imaging, can
shed light on these mechanisms (33); however, such ex-
periments have their limitations as well and may not be
physiological. Nevertheless, one can speculate that among
the many mechanisms discussed above, perhaps the most
important ones are the unfolding and propagation of
crimps along the collagen fibers, the interaction of colla-
gen with proteoglycans, and the network behavior of the
alveoli. At the macroscopic level, these mechanisms give
rise to the ubiquitous power law stress relaxation (Equa-
tion 1) and modulus (Equation 2). We now briefly describe
a mathematical framework of these constitutive equations
in terms of fractional derivatives and its application to
lung tissue.

6. CONSTITUTIVE EQUATIONS

6.1. Ordinary Derivatives in Viscoelasticity

The simplest viscoelastic behavior occurs in a system pos-
sessing a perfectly elastic element (i.e., an elastic spring)
mechanically in parallel with a purely viscous element, a
dashpot. This model is called the Voigt body in which the
stress s across the system is the sum of the individual
stresses across the spring and the dashpot (94):

sðtÞ¼EeðtÞþR
d

dt
eðtÞ; ð3Þ

where e is the strain, E is the spring constant, and R is the
viscosity coefficient of the dashpot. In the frequency do-
main, such a relationship is expressed by multiplying the
Fourier Transform (FT) of the strain with jo, thus Equa-

Figure 5. Immunofluorescently labeled collagen fibers in the al-
veolar walls (Brewer and Suki, unpublished data). Bar is 20m.
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tion 3 becomes

sðoÞ ¼EeðoÞþ joReðoÞ: ð4Þ

This system can store as well as dissipate energy (i.e., it is
viscoelastic), but it does not show relaxation. An alterna-
tive is the Maxwell body in which the two elements are
arranged in series so that the overall strain is the sum of
the strains of the spring and the dashpot. The constitutive
equation now includes the derivatives of both stress and
strain (94), and this model is able to mimic stress relax-
ation. The relaxation function, however, contains only a
single exponential and the model does not show a realistic
creep. A more versatile arrangement is obtained by adding
another spring in parallel with the Maxwell body. The re-
sult is the standard linear solid or Kelvin body (94), which
is still inferior to the power law relaxation and the con-
stant phase model of Equations 1 and 2 to account for lung
tissue impedance (7,18,19,95–97).

The standard linear solid can further be generalized to
include N discrete Maxwell bodies in parallel or Voigt
bodies in series (3,78). The corresponding differential
equation contains time derivatives of both the stress and
the strain up to order N. The relaxation function associ-
ated with this model is the finite sum of N decaying expo-
nentials. Matching the relaxation function to describe
measured stress relaxation data requires the estimation
of multiple exponentials, which is usually an ill-posed
problem. Moreover, the spring-dashpot models can gener-
ate a power law type of relaxation (Equation 1) or modulus
(Equation 2) only if the exponential time constants are
continuously distributed and their distribution is chosen
to follow a power law (7).

6.2. Fractional Derivatives in Viscoelasticity

Numerous attempts in a variety of fields have been made
to use fractional calculus to describe the viscoelastic prop-
erties of matter, especially those of polymers (76,78,98–
101). It has been shown that the relaxation function as-
sociated with a stress-strain relationship that involves a
fractional derivative is of the form of Equation 1 (101).
Although it may seem to be an unusual way of represent-
ing viscoelastic phenomena, when one limits the analysis
to the linear case, it is possible to borrow many useful
analogies from the theory of ordinary or integer order dif-
ferential equations (100,101). Additionally, the molecular
theories developed for the constitutive equations of poly-
mers take into account the complexity and the statistical
nature of the system at the molecular level. Such a de-
scription is especially attractive because, for polymer sys-
tems, Bagley and Torvik (98) established the link between
the fractional calculus of viscoelasticity and molecular
theories that can predict macroscopic stress relaxation.
Interestingly, the stress relaxation function in many poly-
mer systems is similar to Equation 1 with b ranging from
0.1 to 0.6 (7,98,99), which is similar to the values ranging
from 0.05 to 0.4 that are appropriate for the various tis-
sues in the respiratory system.

In this brief summary of the fractional calculus and its
application to viscoelasticity, we follow the lines of Bagley

and Torvik (98), Koeller (101), and Rogers (100). These
authors extensively discuss the tensorial formalism of
both relaxation and creep. As the currently available
data on lung tissue mechanics are invariably in the form
of pressure relaxation, stress relaxation in uniaxial
stretching, or volumetric impedance (Equation 2 divided
by jo), we restrict our development to the one-dimensional
case of relaxation and impedance. We start with the sim-
plest form, which is analogous to Equation 3 but with the
time derivative of e replaced by its fractional derivative of
order b:

sðtÞ¼EeðtÞþQDb½eðtÞ�; ð5Þ

where the second term is called a fractional calculus ele-
ment with Q being a viscoelastic parameter of the system
that will be examined later. The fractional derivative op-
erator is defined by the following equation (101):

Db½xðtÞ� ¼
1

Gð1� bÞ
d

dt

Z t

0

xðtÞ

ðt� tÞb
dt; ð6Þ

where G is the gamma function and 0rbr1. For causality
reasons, it is required that x(t) is zero for negative times.
Equation 6 seems rather complicated. It is instructive to
compare Equation 6 with an ordinary derivative that pro-
vides information about the rate of change of the function
x(t) only at time t [i.e., the local slope of x(t)]. In contrast,
the physical meaning of Equation 6 is that the fractional
derivative is proportional to the local slope of the convo-
lution of x(t) with a kernel function of the form t� b. As a
convolution involves some kind of influence of the past
into the present, we can already anticipate some memory
function associated with the fractional derivative (i.e., it
involves not only local properties in time). Indeed, on the
one hand, for b¼ 0, Equation 6 reduces to x(t), and the
second term in Equation 5 would be another elastic part
with no memory. On the other hand, when b-1, one can
show that Equation 6 becomes an ordinary derivative d/
dt (101), and the second term in Equation 5 reduces to a
dashpot with perfect memory. Thus, Equation 5 expresses
that the stress is composed of an elastic part and a ‘‘vis-
coelastic’’ part determined by a fractional derivative. Of-
ten, the elastic part proportional to E is omitted from the
formulation of the constant phase model (17,19). Let us,
therefore, examine more closely how the fractional deriv-
ative term contributes to the viscoelastic behavior. First,
we calculate the FT of Equation 6. The d/dt operator in-
troduces a jo factor. The rest is a convolution so that its FT
is the product of the FT of x(t) and the FT of a function of
the form t� b. The FT of the function t�b is
Gð1� bÞ=ðjoÞ1�b. Hence, the FT of Equation 6 is
ðjoÞbFTfxðtÞg, which is completely analogous to the FT of
an ordinary derivative of x(t). If x(t) is a unit step change
strain, the FT of Equation 6 becomes the complex modulus
from which the impedance of the fractional derivative sys-
tem is obtained as

ZðoÞ¼
E�ðoÞ
jo
¼

Q

ðjoÞa
; ð7Þ
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where we have introduced a¼ 1� b. Observing that 1/j
can be expressed as expf�jp=2g, Equation 7 can be written
as

ZðoÞ¼
G

oa � j
H

oa ; ð8Þ

where G and H are defined as

G¼Q cos
p
2
a

� �

and H¼Q sin
p
2
a

� �

: ð9Þ

Equations 8 and 9 constitute the ‘‘constant phase’’ model
in which only two of the parameters are independent and
often a is expressed from Equation 9 as ð2=pÞ tan�1fH=Gg.
The dynamic or equivalent viscance (Vdyn) and elastance
(Edyn) from Equation 8 are defined as

Vdyn¼Gob and Edyn¼Hob: ð10Þ

Notice that Edyn and Vdyn are exactly the same as the real
and imaginary parts of E� in Equation 2. Furthermore, the
inverse FT of Z is the impulse response in strain rate or
the step response in strain, thus the full relaxation func-
tion associated with Equation 5 is

gðtÞ¼ Eþ
Q

Gð1� bÞ
t�b

� �

hðtÞ; ð11Þ

where h(t) denotes the unit step function. Now, Equation
11 is formally the same as Equation 1 for t > 0. We note
that for any t, when b-1, the second term approaches the
delta function and, hence, Equation 11 reduces to the re-
laxation function of a Voigt body (101). Thus, the frac-
tional derivative formalism also contains, as a special
case, the classic spring-dashpot systems.

Several additional modifications exist that can be ap-
plied to Equations 8–11. First, strictly speaking, the units
of G and H are inappropriate because the value of b can
change from sample to sample and hence the unit of H
includes a fractional power of second, which can be
avoided by introducing the normalized circular frequency
on¼o=o0, where o0 can be conveniently taken to be 1 so
that the numerical values of G and H do not change by this
transformation (33). Second, when the constant phase
model is applied to describe oscillatory stress-strain data
of tissue strips in uniaxial deformation, a Newtonian re-
sistance (R) is often included in E�:

E�ðoÞ¼Hob
nþ jGob

nþ jRo: ð12Þ

This model fits data slightly better than Equation 2
(25,28). The physical interpretation of R is that the tissue
strip is in fluid bath and during cyclic stretching the fluid
moves in and out of the tissue similar to the biphasic vis-
coelasticity of cartilage (14). However, the value of R is
small compared with G, and hence the third term in Equa-
tion 12 usually starts to contribute at frequencies above
1 Hz. If the model is applied to the intact lung, then usu-
ally it is used in the impedance formulation ðZ¼E�=joÞ

and another term is also included to account for gas in-
ertance (Iaw) in the airways tree. Additionally, the inter-
pretation of R becomes different: It is denoted by Raw and
it represents the resistance to air flow of the airway tree
(102). Thus, the full lung model is as follows:

ZðoÞ¼Rawþ joIawþ
G� jH

oa
n

: ð13Þ

It is unclear whether a Newtonian resistance is needed for
the tissues in the intact lung, which also includes surface
film effects and three-dimensional volumetric stretching
(21). Evidence to date suggests that the Newtonian resis-
tance of the entire lung is quite small compared with Raw

(103). If, however, Equation 13 is applied to the respira-
tory system, then approximately 50% of Raw will originate
from the chest wall. The model of Equation 13 provides an
excellent fit to the impedance of the entire lung as well as
the respiratory system up to about 20 Hz depending on the
species (18,19,103–109). Applicability of the model at
higher frequencies and various signal processing and
measurement issues are summarized elsewhere (110).
This model has also been applied to diseased cases, under
various challenges or following genetic manipulations
(18,19,33–35,95,103,104,111,112). It has been recognized
that in disease, airway heterogeneities in the lung can
significantly influence mechanics, and the estimated tis-
sue parameters may become biased (95). Consequently,
the model has been further improved by including the
separate effects of airway wall shunting (113), airway het-
erogeneities (97), or tissue heterogeneities (34,114). Addi-
tionally, different types of tissue nonlinearities can also be
incorporated in the model both at the tissue strip
(15,16,27,83,115) and at the whole lung level
(96,107,116–120).

The above brief introduction of the fractional deriva-
tives to viscoelasticity is important in several ways. First,
power law relaxation occurs when the microscopic relax-
ation processes are long compared with the observation
time. Such long-memory processes are naturally described
by the fractional derivative formalism. Second, the frac-
tional derivative constitutive equations have simple ex-
pressions for the relaxation function and impedance
although they represent a fairly complicated rheological
behavior that is often difficult to mimic with spring-dash-
pot systems. The previously discovered simple empirical
relations thought to best describe stress relaxation (Equa-
tion 1) and frequency dependence of lung tissue complex
modulus (Equation 2) are in fact natural solutions to the
simplest differential equation of fractional order. Thus,
fractional derivatives provide us a relatively simple, con-
cise mathematical framework for using the power law re-
laxation and the constant phase impedance. Additionally,
the order of the fractional differentiation can be related to
the fractal dimension (121), which in turn is intimately
linked to the crimp morphology on the collagen fibers (e.g.,
Figures 3 and 5).

As the dynamic viscance changes as a small power of
frequency (Equation 16a), the underlying phenomenon
also produces a hysteresis area of the stress-strain curve
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that is almost independent of frequency over several fre-
quency decades, which is in agreement with published
data in various tissues
(7,10,11,15,18,21,29,55,94,102,103). Similarly, the dy-
namic elastance increases slowly and steadily with fre-
quency over many decades (Equation 16b), giving rise to
the apparent observation that lung tissue elastance in-
creases quasilinearly with the logarithm of frequency
(7,11,15,16,27,42). In the time domain, b can be identified
as a parameter controlling the memory of the material,
whereas it is also the parameter that determines the fre-
quency dependence of the dynamic moduli. The other pa-
rameters, such as G and H in Equations 8–10, or Q in
Equation 11, must depend on the amount as well as the
type of tissue involved. We also note that, in accord with
the structural damping hypothesis postulated by Fred-
berg and Stamenovic (55), the formalism above inherently
leads to an elementary coupling of elasticity and dissipa-
tion in a frequency-independent manner. Several studies
have attempted to derive macroscopic constitutive equa-
tions by applying fundamental physical laws at the fiber
or molecular level (7,10,82,83,122). To our knowledge,
such an approach has not been successful, perhaps be-
cause the complexity of the tissue structure has not been
appropriately characterized and modeled, which remains
a challenge for future studies.

7. SUMMARY

Viscoelastic properties of soft biological tissues play an
important role in the normal physiological functioning of
many organs. The constitutive equation carries informa-
tion on the structural components and their organization
within the organ. Thus, the model parameters in the cons-
titutive equation are related to the amount and interac-
tions of collagen, elastin, and proteoglycans in the tissue.
However, the connective tissue is not a static structure,
even during normal functioning. The tissue is the end re-
sult of a molecular hierarchical organization living in a
dynamic balance of continuous breakups and remodeling.
Thus, the connective tissue is a live dynamic system show-
ing all essential features of complexity. When this delicate
dynamic balance is perturbed by external or internal
chemical changes, such as those occurring in a disease
process or environmental stimuli, the system dynamically
remodels itself by an excess or lack of producing or break-
ing up these large complex macromolecular structures.
The result is a chemically and structurally different tis-
sue, and the alterations in the viscoelastic behavior will
reflect the underlying changes. If a given type of tissue is
to be engineered, it is a challenging but fundamentally
important task to match the mechanical properties of the
engineered tissue with those of the native tissue. For ex-
ample, if an engineered lung tissue patch is too soft com-
pared with the native tissue, then following implantation,
the engineered tissue would be regionally overinflated,
which can lead to local barotrauma and cellular injury.
Alternatively, if the engineered tissue is too stiff, it will
receive too little ventilation to participate in gas exchange
and hence remains functionally useless. Finally, it is also

desirable that the engineered tissue retains the time con-
stant distribution of the native tissue, otherwise regional
ventilation heterogeneity and subsequent mismatch in
ventilation-perfusion can develop in the lung.

We have argued that the viscoelastic behavior of soft
tissues appears to be equally or more influenced by the
complexity of the type and range of the structural organi-
zation and interactions among the components than the
elementary biophysical properties of the components. An
important consequence is that a complete understanding
of tissue viscoelasticity will not result from biochemical
purification and biophysical studying of the molecules.
Connective tissues must be studied as an integrated sys-
tem within their natural form and structure. In order to
evaluate how various molecular processes lead to impor-
tant functional consequences, it will be essential that fu-
ture studies correlate organ-level rheological behavior
with microscopic events at the level of the interactions of
fibrils and matrix macromolecules.
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LYAPUNOV EXPONENTS
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1. INTRODUCTION

The analysis of potentially chaotic behavior in biological
and biomedical phenomena has attracted great interest in
recent years (1–6). Although no universally accepted
mathematical definition of the term chaos exists, Strogatz
(7) provides a working definition as ‘‘aperiodic long-term
behavior in a deterministic system that exhibits sensitive
dependence on initial conditions.’’ Aperiodic long-term
behavior means that trajectories do not converge to fixed
points, periodic orbits, or quasi-periodic orbits as t - N,
but instead exhibit irregular and unpredictable behavior.
‘‘Deterministic’’ means that this unpredictable, aperiodic
behavior derives from the inherent nonlinearities in the
system itself (which can be expressed by deterministic
equations of motion), and are not because of noise or other
stochastic elements in the system. ‘‘Sensitive dependence
on initial conditions’’ (SDIC) means that trajectories that
start arbitrarily near to each other will separate exponen-
tially fast, an example of which is given in Fig. 1 that
shows the effects of SDIC for the classic Lorenz attractor:

dx=dt¼ s y� xð Þ;

dy=dt¼ rx� y� xz;

dz=dt¼ xy� bz;

ð1Þ

where s¼ 10, r¼ 28, and b¼ 8/3 (7).
Lyapunov exponents provide a direct measure of SDIC

by quantifying the exponential rates at which neighboring
orbits on an attractor diverge (or converge) as the system
evolves in time (7–10). A d-dimensional system (i.e., one
defined by d first-order differential equations of motion),
will have d Lyapunov exponents, each representing the
rate of growth or decay of small perturbations along each
of the principal axes in that system’s state space (9,10).
These exponents are typically ordered from largest to
smallest (i.e., l1 Z l2 Z ... Z ld). Line segments in state
space grow (or decay) as etl1 , areas grow as et l1 þ l2ð Þ,
volumes as et l1 þ l2 þ l3ð Þ, and so on. For dissipative systems,
the sum of all the exponents is negative, indicating that
the system does not grow unbounded and diverge to
infinity. Continuous data deriving from a flow (i.e., that
can be described by a set of differential equations), exhibit
at least one zero exponent because perturbations along the
principle direction of flow will not cause divergence away
from the flow (8–10). If the system exhibits at least one
positive Lyapunov exponent and is purely deterministic,
then it is ‘‘chaotic.’’ In a 3-D state space (i.e., d¼ 3) defined
for a continuous dissipative system, different combina-
tions of positive, negative, and zero exponents determine
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Figure 1. Sensitive Dependence on Initial Conditions (SDIC) on
the Lorenz attractor. The red points show the time-evolution of a
small cluster of 5000 closely spaced initial conditions t¼2 sec
(top; note the arrow), 7 sec (middle), and 17 sec (bottom) into the
integration. It is clear that after a reasonably short period of time,
the final state of the system could end up almost anywhere on the
attractor, even though the initial conditions were all nearly
identical. (Inspired by a similar illustration in Strogatz (7), Plate
2).
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the type of dynamics underlying the system (9):

ð�; �; �Þ¼A fixed pointði:e:; all trajectories converge to

the fixed pointÞ

ð0; �; �Þ¼Periodic limit cycle motion

ð0;0; � Þ¼Motion on a 2� tours

ðþ ;0; � Þ¼A strange attractor; or chaotic motion

The magnitude of the largest Lyapunov exponent (l1)
specifies the maximum average exponential rate of diver-
gence of trajectories on an attractor and thus the max-
imum amount of instability along any direction.
Therefore, l1 is often also used as a measure of the local
instability of a given system (11–13).

When one observes apparently aperiodic and unpre-
dictable behavior from a biological system (i.e., experi-
mental measurements), it is of great interest to determine
if that aperiodicity is simply because of some source of
noise or uncertainty in the system or the measuring
apparatus, or is indeed because of some underlying deter-
ministic process (e.g., some definable physiological control
principle) (14). Such findings have important implications
for how one goes about modeling the behavior of that
system because they determine the very nature of the
model structures (i.e., deterministic vs. stochastic) that
are appropriate for modeling that behavior.

2. MATHEMATICAL DEFINITIONS

2.1. For Continuous-Time Systems

Consider a d-dimensional autonomous system defined by
a set of ordinary differential equations:

d

dt
x tð Þ¼F x;uð Þ; ð2Þ

where x is a vector of d state variables (e.g., positions and
velocities of the configuration variables) and u is a vector
of parameters. A solution for this system starting from
some initial condition x0 would yield a trajectory x(t). If a
small initial perturbation, e(0)¼ e0, is applied to that
trajectory, the perturbed trajectory becomes y(t)¼x0þ

e(t). After linearizing Equation 2 about the perturbation
(8,15), the governing equation for the perturbation is
obtained:

d

dt
e tð Þ¼J � e tð Þ; ð3Þ

where J¼ @F=@x
� �

is the ‘‘Jacobian’’ matrix formed by the
first partial derivatives of each of the functions F with
respect to each of the state variables in x. An initial
perturbation, e(0)¼ e0, will evolve according to:

e tð Þ¼F tð Þe 0ð Þ; ð4Þ

where F(t) is the fundamental (transition) matrix solution

of Equation 3 associated with the trajectory x(t) (8). For an
appropriately chosen e0, the exponential rate of expansion
or contraction in the direction of e0 on the trajectory
passing through x0 defines the Lyapunov exponent along
that direction:

li¼ lim
t!1

1

t
ln

e tð Þ
�

�

�

�

e0k k

� �

; ð5Þ

where �k k denotes the vector norm. As the state space is d-
dimensional, a set of d linearly independent orthonormal
basis vectors, y1, y2, ..., yd can be defined for this space.
Applying a small initial perturbation, e1, e2, ..., ed, along
each of these directions, d Lyapunov exponents can be
similarly defined, li(ei), which are then arrange in des-
cending order:

l1 � l2 � � � � � ld:

This set of numbers defines the Lyapunov Spectrum.
Note that the li depend on F, but do not depend on the
choice of normal basis vectors, which is not unique (8,15).
F(t) is called regular if:

lim
t!1

1

t
ln detF tð Þ
�

�

�

�

exists and is finite and if a normal basis exists such that:

X

d

i¼ 1

li¼ lim
t!1

1

t
ln detF tð Þ
�

�

�

�: ð6Þ

If F is regular, then the Lyapunov exponents defined by
Equation 5 exist and are finite for any initial perturbation
ei in the d-dimensional state space. If this assumption
holds, the Lyapunov exponents are also independent of the
initial condition, x0, on the attractor (8).

For trajectories x(t) that correspond to anything other
than a fixed point, one of the li will be zero, indicating that
perturbations made along the trajectory neither diverge
nor converge. For a stable limit cycle, all other li will be
negative, indicating that perturbations made orthogonal
to that orbit will decay back onto it. If the sum of all the li
is negative, then the system is dissipative, which means
that volumes in the state space will contract because of the
dynamics imposed by Equation 2. Such systems typically
exhibit attracting sets or attractors in state space, which
are bounded subsets of points in state space to which
regions of initial conditions outside that bounded subset
will asymptote as time evolves (7,8,15). If a system is
dissipative and also exhibits at least one positive Lyapu-
nov exponents, then the system is chaotic. The Lorenz
attractor (Equation 1; Fig. 1) is one example of just such a
chaotic attracting set.

2.2. For Discrete-Time Systems

Although many systems are modeled by continuous-time
differential equations like Equation 2, many others can be
modeled using finite-difference equations or ‘‘maps’’ (7,16)

2 LYAPUNOV EXPONENTS



of the form:

xkþ 1¼F xk; mð Þ; ð7Þ

where x is a (single- or multi-dimensional) vector of state
variables, l is a vector of parameters, and k is an index
indicating the iteration of the map. Mathematical biolo-
gists, for example, often model population dynamics using
discrete maps where k represents successive generations
of species. Likewise, experimental data that are digitally
sampled or simulation data that are numerically inte-
grated using some finite time interval, Dt, can also be
thought of as a map (10,12). This type of finite-time
mapping is precisely what is used to numerically estimate
Lyapunov exponents from data (see below). Thus, the
distinction between data deriving from a map and data
deriving from a flow is sometimes somewhat arbitrary.
The main distinction is that data deriving from a contin-
uous flow will always exhibit at least one zero Lyapunov
exponent, because trajectories perturbed along the flow
neither diverge nor converge (see above) (8,10,12).

To define the Lyapunov exponent for discrete-time
systems, consider how a 1-D map, xkþ1¼ f xk; mð Þ, evolves
when started from two initial states, x0 and x0þ e0, that
are initially very close to each other (i.e., e0 very small).
The separation between these two points after n iterations
of the map is defined as en. If this separation evolves
approximately as enj j � e0j je

nl, then l is the Lyapunov
exponent (7). More precisely, the natural log of both sides
is taken and the appropriate expression for the divergence
of the two resulting trajectories is substituted to obtain:

l �
1

n
ln

en
e0

�

�

�

�

�

�

�

�

¼
1

n
ln

f n x0þ e0ð Þ � f n x0ð Þ

e0

�

�

�

�

�

�

�

�

: ð8Þ

As we are interested in the effects of very small perturba-
tions, the limit of Equation 8 is taken as e0 - 0. Then, the
remaining term inside the logarithm is expanded using
the chain rule:

f n x0þ e0ð Þ � f n x0ð Þ¼ f nð Þ
0

x0ð Þ¼
Y

n�1

i¼ 0

f 0 xið Þ: ð9Þ

Substituting this expression back into Equation 8, one
obtains:

l �
1

n
ln
Y

n�1

i¼ 0

f 0 xið Þ

�

�

�

�

�

�

�

�

�

�

¼
1

n

X

n�1

i¼ 0

ln f 0 xið Þ
�

�

�

�: ð10Þ

Finally, the limit of this expression is taken as n-N to
define the Lyapunov exponent for the orbit starting at x0

(7,16):

l¼ lim
n!1

1

n

X

n�1

i¼ 0

ln f 0 xið Þ
�

�

�

�

( )

: ð11Þ

For multi-dimensional mappings (e.g., Equation 7), this
definition is extended to yield a spectrum of Lyapunov
exponents l1 � l2 � � � � � ldð Þ, as before. These Lyapunov

exponents defined for discrete maps have the same inter-
pretations and implications as those defined for continu-
ous-time systems (7,16).

3. METHODS AND ALGORITHMS

Directly implementing the definitions given above to
compute the Lyapunov exponents is far more difficult
than initially appears (8). Lyapunov exponents are only
truly defined in the limit of infinite time (i.e., as t - N in
Equation 5 as n - N in Equation 11). Numerically
integrating equations over very long periods on digital
computers can lead to overflow errors. Also, small numer-
ical inaccuracies because of limited floating point preci-
sion will accumulate over time until small perturbations
that lie even along initially contracting directions even-
tually realign themselves along exponentially expanding
directions (8).

Furthermore, the above definitions can only be applied
when the governing differential or finite-difference equa-
tions that define the system dynamics are known. In many
biomedical or biological applications, these equations are
either unknown, are extremely difficult to derive from first
principles, or both. For these cases, it is generally not
possible to calculate the Lyapunov exponents analytically
or numerically. Over the past two decades, however, a
number of algorithms have been proposed that attempt to
estimate either the full Lyapunov spectrum or at least the
magnitude of the maximum Lyapunov exponent from
generated or recorded time series data. These algorithms
are generally based on so-called state space reconstruction
or delay-reconstruction procedures, as outlined below.

3.1. State Space Reconstruction

The first step in analyzing a nonlinear system from time
series data is to reconstruct an appropriate state space for
the system. A valid state space is any vector space in which
the state of the dynamical system can be unequivocally
defined at any point (8,10,12). For deterministic systems
where the governing equations are known, the state
variables are specified in those equations. Without a
good first-principles a priori model (as often happens),
the choice of an appropriate set of state variables may be
far from obvious. However, the embedding theorem attrib-
uted to Takens (17) and Mañé (18) states that one can
‘‘reconstruct’’ an appropriate state space from a single
original time series and its time-delayed copies (17–19):

x tð Þ¼ x tð Þ; x tþ tð Þ; x xþ 2tð Þ; :::; x tþ dE � 1ð Þtð Þ½ �
T ; ð12Þ

where x(t) is the dE-dimensional state vector, x(t) is the
original 1-D data, t is the time delay, and dE is the
embedding dimension (e.g., Fig. 2). Appropriate values
for both t and dE can be obtained a number of ways
(8,10,12) and only a brief summary is provided here.

When selecting a time delay (t), the goal is to find a
delay large enough so the resulting individual coordinates
are relatively independent, but not so large that they are
completely independent statistically (10). One could, for
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example, use the first zero-crossing of the auto-correlation
function (8,12), which would yield coordinates that were
linearly independent of each other. However, this ap-
proach does not always adequately capture nonlinear
correlations within the data (8,10). A somewhat related
but more widely used approach is to choose t from the first
minimum of the average mutual information (AMI) func-
tion (20), which evaluates the amount of information (in
bits) shared between two datasets over a range of time
delays. Choosing the first minimum of the AMI provides
adjacent delay coordinates with a minimum of redun-
dancy.

A valid state space must include a sufficient number of
coordinates (dE) to unequivocally define the state of the
system at all times (i.e., there must be no intersecting or
overlapping of trajectories from different regions of the
attractor). The Global False Nearest Neighbors (GFNN)
algorithm (21) compares the distances between neighbor-

ing trajectories at successively higher dimensions. ‘‘False
neighbors’’ occur when trajectories that overlap in dimen-
sion di are distinguished in dimension diþ1. As i increases,
the total percentage of false neighbors (%GFNN) across
the entire attractor declines and dE is chosen where
%GFNN - 0 (10,12).

3.2. Estimating the Lyapunov Spectrum

As yet, no single universally accepted optimal method
exists for computing the entire spectrum of Lyapunov
exponents from time series data. Some of the more com-
mon algorithms are those from Wolf et al. (9,22), Sano and
Sawada (23), and Abarbanel (24–26). Here, examples from
the algorithm of Abarbanel are briefly described and
presented, as described in Refs. 8 and 10. First, it is
assumed that the data can be described by a d-dimen-
sional discrete map (Equation 7) between successive data
points. The sequence of points x0;x1; . . . ;xk; . . .f g defines
an orbit of the mapping initiated at some point x0, and
J(xk) is the Jacobian matrix evaluated at xk. To study the
stability of the orbit x0;x1; . . . ;xk; . . .f g, a small perturba-
tion ek is applied to xk, linearized in the perturbation, and
the following variational equation is obtained:

ekþ 1¼J xkð Þ � ek: ð13Þ

If the map is iterated L times, one would obtain:

ekþL¼JL xkð Þ � ek; ð14Þ

where JL xkð Þ denotes the composition of L Jacobian
matrices along the orbit x0;x1; . . . ;xk; . . .f g. The multipli-
cative ergodic theorem states that if we form the Oseledic
matrix (8,26) as:

OSL x;Lð Þ¼ JL xð Þ
� �T

JL xð Þ
� �

1
2L; ð15Þ

then the limit of OSL(x, L) as L - N exists and is
independent of x for almost all x in the basin of attraction
of the system. Taking the limit as L-N, the logarithm of
the eigenvalues of this orthogonal OSL(x, L) matrix are
then l1 � l2 � . . . � ln. These li define the global Lyapu-
nov exponents for the system, which are invariant char-
acteristics of the dynamics (8,26).

However, as before, computing the li from this defini-
tion is also very difficult, mainly because the JL xð Þ matrix
becomes terribly ill-conditioned as L gets very large.
Acquiring stable and reliable estimates of JL xð Þ and there-
fore of the eigenvalues of OSL(x, L) when L is very large
can be ameliorated by applying a recursive QR decom-
position approach (24,25,27,28), as discussed in Refs. 8
and 10. Abarbanel and colleagues (10,24,25) introduced an
algorithm to define local rather than global Lyapunov
exponents directly from the eigenvalues of the local Ose-
ledic matrix itself, without taking the limit as L - N. In
this case, the eigenvalues of OSL (x, L) behave approxi-
mately as:

eig OSL x;Lð Þ½ � � e2Lli x;Lð Þ; ð16Þ
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Figure 2. Delay-Reconstruction. Top: The original x, y, and z

coordinates obtained from integrating the Lorenz equations
(Equation 1). Bottom: The reconstructed (dE¼3) state space
created using only the x(t) data obtained from Equation 1 and
it’s time delayed copies (Equation 12). The equations were
integrated with a time step of Dt¼0.01. A time lag of t¼16
samples was used for the embedding. Note that in neither the
original nor the reconstructed state spaces do any trajectories
actually intersect, by crossing, converging, or diverging.
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where the li x;Lð Þ define the local Lyapunov exponents
and can be evaluated using the recursive QR decomposi-
tion approach mentioned above. The li x;Lð Þ depend on
both the time length (L) and the position x in state space
and therefore the particular orbit being examined. To
obtain an estimate of the position-independent global
exponents, one averages the local Lyapunov exponents
�li Lð Þ over many orbits (N) on the attractor:

�li Lð Þ ¼
1

N

X

N

k¼ 1

li xk;Lð Þ: ð17Þ

Figure 3 (middle) shows the results of applying this
algorithm (10,25) to estimate the averaged local Lyapunov
exponents for two sets of time series data. The first was
the x(t) time series from the integrated chaotic Lorenz
equations (Equation 1). The second was a two-component
sine wave with incommensurate frequencies:

x tð Þ¼ sin 2ptð Þþ 1=2
� �

sin 2
ffiffiffi

3
p

pt

 �

: ð18Þ

Both signals were generated at an effective sampling
frequency of 100 Hz (i.e., Dt¼ 0.01) for 10 min (i.e., 60,000
samples). Time lags for the embedding (t) were deter-
mined from the first minimum of the AMI function and

global embedding dimensions (dE) were determined from
GFNN. Local dimensions of dL¼ 3 and dL¼ 2 were used
for the Lorenz and sine wave data, respectively, as deter-
mined by local false nearest neighbors analyses (10). Note
that even the nonchaotic sine wave yields a very small, but
still slightly positive maximum Lyapunov exponent, l1.

3.3. Estimating k1

As a result of the inherent computational difficulties in
estimating the full Lyapunov spectrum and because esti-
mating the maximum Lyapunov exponent is often of
greatest interest in diagnosing ‘‘chaos,’’ many algorithms
have been proposed to compute just the maximum Lya-
punov exponent: l1. Perhaps the most well-known of these
algorithms is from Wolf et al. (9). This algorithm monitors
the long-term evolution of a single pair of initially nearby
orbits. Given some initial point in state space and its
nearest neighbor (not on the same trajectory!), the initial
Euclidean distance between the two points is denoted
L(t0). After some appropriately short time interval, t1,
the initial length will have evolved to length L0(t1).
When this length becomes too large, a new nearest
neighbor point to the original reference trajectory is
selected that minimizes both the replacement length and
the orientation change between the reference and neigh-
boring points. This procedure is repeated until the original
reference trajectory has traversed the entire dataset, and
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Figure 3. Estimating Lyapunov exponents from time
series. Examples of the output obtained from the Abar-
banel (10,25) (middle row) and Rosenstein (11) (bottom
row) algorithms as applied to (left column) the x-compo-
nent of the Lorenz equations (Equation 1) and (right
column) the nonchaotic 2-component sine wave (Equa-
tion 18). Both algorithms yield positive estimates of the
maximum Lyapunov exponents for both signals,
although the qualitative differences between the two
signals for the Rosenstein algorithm are much more
apparent.
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the maximum Lyapunov exponent is estimated from (9):

li¼
1

tM � t0

X

M

k¼ 1

log2

L0 tkð Þ

L tk � 1ð Þ

� 

: ð19Þ

The number of replacement steps, M, and the choice of
the finite evolution time, TEV¼ tM � t0 can both have a
great influence on the exponent calculation (29). As the
number of replacement steps allowed will depend on the
number of samples in the original dataset, N, this will also
significantly affect the outcome. In general then, although
this algorithm has been very popular because it is rela-
tively easy to implement, it has been shown to be very
sensitive to noise and rather unreliable for short or
nonstationary time series (11,30,31). Therefore, any im-
plementation of this algorithm cannot be recommended
for analyzing biomedical or biological datasets, which are
inherently noisy and usually short relative to the lengths
required to yield adequately reliable results from this
algorithm.

Two alternative, but more robust approaches were
introduced by Kantz (12,32) and by Rosenstein (11).
Both approaches are based on the basic idea that the
maximum Lyapunov exponent (l1) for a dynamical system
can be defined from:

d tð Þ¼d0 � e
l1t; ð20Þ

where d tð Þ is the mean Euclidean distance between neigh-
boring trajectories in state space after some evolution time
t and d0 is the initial separation (or perturbation) between
neighboring points (11). Taking the log of both sides of
Equation 20, one obtains:

ln dj ið Þ
� �

� l1 iDtð Þþ ln dj 0ð Þ
� �

; ð21Þ

where dj ið Þ ¼ xj ið Þ � xĵ ið Þ
�

�

�

�

�

�
is the Euclidean distance be-

tween the jth pair of initially nearest neighbors, xj 0ð Þ and
xĵ 0ð Þ, after i time steps (i.e., after iDt seconds). For a
sufficiently large embedding dimension, dE, Equation 21
yields a set of curves (one for each j) of approximately
parallel lines. If these lines are approximately linear, their
slope approximates l1. l1 can then be robustly estimated
from the slope of a linear fit to the ‘‘average’’ log diver-
gence curve defined by:

SðdE; iÞ¼
1

Dt
ln dj ið Þ
� �� �

j
; ð22Þ

where �h i denotes the average over all values of j (11).
Kantz independently proposed a nearly identical algo-

rithm (12,32,33), based on the same underlying ideas. In
the Kantz implementation, however, one follows a cluster
of neighboring points, xĵ 2 U (instead of just one), and the
distance metrics between points are computed using the

scalar time series instead of the vector norm (12,32,33):

S e;dE; ið Þ¼ ln
1

U xj 0ð Þ
� �

�

�

�

�

X

xĵ2U

xj ið Þ � xĵ ið Þ
�

�

�

�

�

�

2

4

3

5

* +

j

; ð23Þ

where U is the neighborhood of points surrounding xj 0ð Þ
with diameter e and xj ið Þ � xĵ ið Þ

�

�

�

�

�

�
is the modulus of the ith

scalar component of the two trajectories. If S e;dE; ið Þ

increases linearly with identical slope for all sufficiently
large embedding dimensions, dE, and for a reasonable
range of e, then this slope can be taken as an estimate of l1

(12,32,33).
For both of these algorithms, the exponential diver-

gence of neighboring initial conditions that is indicative of
chaos will be reflected in log divergence curves that are
reasonably linear over relatively long time scales
(11,33,34). If the divergence curves obtained from either
algorithm do not exhibit a reasonably long region from
which a good linear fit can be obtained, it is usually a good
indication that the system being examined is not ‘‘chaotic’’
(13,14,35) and that other potential models of system
behavior should be explored. On the contrary, algorithms
like those of Wolf et al. (9,22) or Abarbanel (24–26) that
assume the divergence is exponential to begin with do not
allow you to test, and therefore verify, this fundamental
assumption.

Figure 3 (Bottom) shows the results of applying the
Rosenstein algorithm (11) to estimating the maximum
Lyapunov exponent for the two sets of time series data
described above (Equations 1 and 18). Note that, in this
case, although a clear linear scaling region is observed for
the Lorenz data, the output obtained from the two-com-
ponent sine wave is qualitatively very different. However,
slight inaccuracies because of finite numerical precision
still lead the two-component sine wave to exhibit a very
small, but still slightly positive estimate of l1.

4. CAVEATS AND LIMITATIONS

4.1. ‘‘Spurious’’ Exponents

A dynamical system will have only one validly defined
Lyapunov exponent for each true state variable. Thus,
when estimating the full Lyapunov spectrum (9,22–26),
one must be very careful to choose the correct embedding
dimension for the system. Standard delay embedding
approaches can often lead to calculation of extra so-called
spurious Lyapunov exponents if the embedding dimension
chosen is larger than the true system dimension (36–38).
These spurious exponents can sometimes be larger than
the true largest Lyapunov exponent (36), which can lead to
erroneous conclusions of ‘‘chaos’’ when it may not in fact be
present.

One way to identify spurious exponents is to compute
the Lyapunov spectrum both forward and backward in
time (8,10). The true Lyapunov exponents will switch sign
because exponential divergence in forward time will be
reflected as exponential contraction in reverse time. Spur-
ious exponents, however, will not and can thus be easily
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identified. This issue of spurious exponents does not occur
in the algorithms of Rosenstein (11) and Kantz (12,33) for
computing l1, which are robust to the choice of embedding
dimension.

4.2. Analyzing Noisy Signals

All experiments are contaminated by noise in some form.
So-called dynamical noise (39) may derive from within the
system itself and certainly some level of measurement
noise is unavoidable in almost any experiment. Biological
systems are particularly notorious for being inherently
noisy. Unfortunately, the presence of such noise will lead
any experiment to exhibit some form of SDIC, exponential
or otherwise. Many examples exist in the published
literature where the estimation of Lyapunov exponents
fails to distinguish chaos from noise in time series data
(e.g., Refs. 30,31,40–42), which can lead to erroneous
conclusions of ‘‘chaos’’ even for periodic (e.g., Ref. 31) or
completely random (e.g., Ref. 42) datasets that are not
chaotic at all.

Franca and Savi (31) recently used an analytical model
of a damped driven pendulum (15,16) to provide examples
of periodic and chaotic motions and then superimposed
uniformly distributed random noise onto the resulting
signals. They used these simulated data to compare the
relative sensitivity of the Sano and Sawada (23), Wolf et
al. (9), Rosenstein (11), and Kantz (32,33) algorithms to
additive measurement noise. They found that the Sano
and Sawada (23) and Wolf et al. (9) algorithms were
especially sensitive to measurement noise, whereas the
algorithms from Rosenstein (11) and Kantz (32,33) were
not.

Mathematically speaking, the Lyapunov exponents
‘‘are not rigorously defined in the presence of external
noise’’ (43). Several authors have questioned the validity
of even defining Lyapunov exponents in the presence of
noise (41,43,44). Without being able to irrefutably deter-
mine that the underlying source of the SDIC found in a
given dataset was because of a deterministic process, an
accurate diagnosis of chaos per se is generally not possible.
Thus, findings of positive Lyapunov exponents, by them-
selves, should never be taken as conclusive proof of chaos
without substantial additional evidence that supports the
deterministic origin of the SDIC that the Lyapunov ex-
ponents quantify.

In fact, Ellner and Turchin (44) have suggested that
‘‘strict separation between chaotic and stochastic dy-
namics’’ may be ‘‘unnecessary and misleading’’ for certain
biological systems. The algorithms described by Rosen-
stein (11) and Kantz (12,32,33) describe the underlying
nature of the divergence, exponential or otherwise, and
thus allow one to extract quantifiable statistics related to
the dynamics of the system being studied (e.g., Refs.
13,14,35). Regardless of whether these statistical quanti-
ties constitute true ‘‘Lyapunov exponents,’’ they can still
provide valuable insight into the underlying dynamics by
characterizing the inherent sensitivity of the system to
small perturbations. Such insights may be far more valu-
able to the understanding of mechanisms responsible for

those dynamics than any arbitrary distinction between
‘‘chaotic’’ or ‘‘not chaotic’’ (13,44).

In some cases, it may be possible and appropriate to
apply some form of nonlinear filtering (e.g., Refs. 12,32) to
the data before trying to estimate the Lyapunov expo-
nents. Standard linear filtering approaches should gener-
ally be avoided, as these often significantly alter the
underlying nonlinearities in the signal (12,45). Although
many nonlinear filtering approaches are available (e.g.,
Refs. 12,32), a full discussion of these approaches is
beyond the scope of this article.

Figure 4 shows the results of applying the algorithms
from Abarbanel (10,25) and Rosenstein (11) to the two-
component sine wave (Equation 18), where Gaussian
white noise was added to the original signal with peak-
to-peak signal-to-noise ratios of 1000:1, 500:1, and 100:1.
These ratios are within the range of most biomedical or
biological experiments. Whereas the Abarbanel algorithm
showed increasing positive (and therefore erroneous) es-
timates of the maximum Lyapunov exponent with increas-
ing noise contamination, the slopes obtained from the
divergence curves generated by the Rosenstein algorithm
were essentially constant for the noisy datasets (range:
1.529e�3 to 1.787e� 3) relative to the original noise-free
signal (1.820e� 3). More thorough discussions of the issue
of noise sensitivity are given in Refs. (11,12,29,46).

4.3. Testing Against Surrogate Data

The main question that occurs when positive Lyapunov
exponents are found is to determine if the underlying
origin of those positive exponents is deterministic. If this
origin can be unequivocally confirmed, then one can
conclude a chaotic origin for the signal being analyzed.
One approach that can help in this regard is to determine
if the statistical properties extracted from the original
signal (e.g., l1) could be replicated by a signal with similar
overall statistical properties (e.g., mean, variance, power
spectrum) but of known stochastic origin. This process is
known as the method of surrogate data analysis
(1,40,47,48). Theiler (40) outlined just such an approach
to create specific surrogate signals that can be used to test
one of several well-established null hypotheses relating to
the potential stochastic origins of the original signal. In
particular, Theiler noted that ‘‘particularly for experimen-
tal data sets,y simple autocorrelation can fool dimension
and Lyapunov exponent estimators into signaling chaos
where there is none.’’ The application of these methods
have led Theiler and others to reexamine and, in some
cases, reject previously established claims of chaos (e.g.,
Refs. 49–51).

The simplest surrogate is obtained simply by reshuf-
fling the original data points in random order to test the
null hypothesis that the original data represent uncorre-
lated white noise. For signals that exhibit obvious evi-
dence of temporal correlation, it is typically more
appropriate to test the null hypothesis that the data can
be modeled as a linearly autocorrelated Gaussian process.
Surrogates for such signals can be constructed by comput-
ing the Fourier transform (FFT) of the original signal,
randomizing the phase spectrum (leaving the power spec-
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trum untouched), and computing the inverse FFT. The
result is a linearly stochastic signal with the same mean,
variance, power spectrum, and autocorrelation as the
original time series (40). Methods for creating higher-
order surrogates (40,52,53), surrogates for multivariate

data (54,55), and surrogates for cyclical or ‘‘pseudo-peri-
odic’’ time series (13,56) have also been developed.

The method is not foolproof and ‘‘false positive’’ results
can be obtained, for example, in the case of examining
nonstationary time series (57). Thus, even a positive
result that rejects the defined null hypothesis does not
imply that the original signal being tested is indeed
chaotic or even deterministic (e.g., Fig. 5). However, recent
and more sophisticated approaches may help identify and
alleviate such issues (52,53). In the end, a thorough
examination of stochasticity in any experimental time
series should involve testing of multiple types of surro-
gates using several discriminating statistics.

Figure 5 shows the results of applying the algorithms
from Abarbanel (10,25) and Rosenstein (11) to 10 phase-
randomized surrogates of the x-component of the Lorenz
data (Equation 1) and the two-component sine wave
(Equation 18) with added noise (peak-to-peak SNR¼
100:1). For the Lorenz data, the Abarbanel algorithm
predicts larger maximum Lyapunov exponents (i.e.,
‘‘more chaotic’’) for the surrogates, even though the
SDIC in these signals is of strictly stochastic origin. This
algorithm was thus ‘‘fooled’’ by the temporal correlations
in the surrogate signals into diagnosing chaos where it did
not exist (40,52). Interestingly, significant differences are
also obtained between the original and surrogate time
series for the noisy two-component sine wave, but these
follow the opposite trend. Such findings might lead one to
conclude that this signal does indeed ‘‘pass’’ the surrogate
data test and is therefore ‘‘chaotic’’ when in fact it is not. In
contrast, the local divergence curves obtained from the
Rosenstein algorithm for both sets of surrogates still
exhibit significant differences relative to their respective
original signals, but do not exhibit any clearly linear
trends that would demonstrate that the SDIC in these
surrogate signals is actually exponential (11,12,32).

5. BIOMEDICAL APPLICATIONS OF LYAPUNOV
EXPONENTS

Lyapunov exponent calculations have been applied to a
wide range of biological and biomedical phenomena (e.g.,
Ref. 34). Here, only a few such examples are summarized.
People have used Lyapunov exponents to analyze mathe-
matical models of individual neurons and neural networks
(e.g., Refs. 58–60). Others have examined experimental
molecular and cellular dynamics including gas transport
through blood cells (61), vibrations of prion proteins (62),
and the motion of ions in microplasms (63). At a physio-
logical level, people have studied the dynamics of blood
flow (64), the vibrations of the vocal cords (65,66), or
autonomic smooth muscle contractions in the gastro-in-
testinal system (67). At the behavioral level, people have
used Lyapunov exponents in assessing physiological tre-
mors (14,68), the control of oscillatory limb movements
(69), and human hand writing (70). Lyapunov exponents
have even been used to analyze models of predator-prey
systems (71) and the dynamics of food chains (72) at an
ecological level.
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Figure 4. Estimated maximum Lyapunov exponents from noisy
time series. Examples of the output obtained from the Abarbanel
(10,25) (middle; note that only the maximum exponents are
shown) and Rosenstein (11) (bottom) algorithms as applied to
the nonchaotic two-component sine wave (Equation 18) with
varying levels of additive measurement noise. The Abarbanel
algorithm clearly (incorrectly) yields increasingly positive l1

estimates for increasing noise levels. However, although the
amplitudes of the divergence curves obtained from the Rosenstein
algorithm increase, the slopes of these curves remained essen-
tially unchanged and very close to zero, as expected.
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One of the biggest areas of focus has been in under-
standing heart rate variability (e.g., ECG analysis). A
recent comprehensive review of the literature in this
area is presented by Perkiömäki (73). Perkiömäki con-
cluded that other nonlinear measures, like detrended
fluctuation analysis, have demonstrated some utility in
terms of diagnostic and prognostic discrimination. How-
ever, when they examined the evidence for Lyapunov
exponents, they concluded that ‘‘their clinical utility is
not well established,’’ which is likely in part because of the
significant difficulties often encountered in estimating
these exponents. The continued development of newer
and more robust estimators of Lyapunov exponents may
help this situation, and Perkiömäki states that this area
remains a ‘‘fruitful area for future research.’’

Another area where nonlinear analyses and Lyapunov
exponent calculations have been applied extensively is in
analyzing functional brain activity (i.e., EEG or MEG).
Two extensive recent reviews by Korn and Faure (5) and
by Stam (74) summarize the findings of nonlinear ana-
lyses of these signals in healthy subjects during a wide
variety of cognitive states and in a wide range of patients
with various pathologies, ranging from seizures to degen-

erative diseases like Alzheimer’s or Parkinson’s disease
and even to psychiatric disorders. Although the evidence
seems to point toward a view of brain activity as being far
more complex and less stationary than can be reasonably
modeled by any low-dimensional deterministic (i.e., ‘‘chao-
tic’’) model, both reviews remain optimistic about the
future applications of nonlinear analyses in understand-
ing brain function. Stam suggests that the most promising
potential clinical applications appear to be in identifying
and predicting epileptic seizures and sleep disorders (74).

Finally, growing interest exists in using Lyapunov
exponent approaches to understand the neuromuscular
control of dynamic stability during standing and walking.
Although some authors have reported findings of positive
Lyapunov exponents (75,76) as evidence of chaos in hu-
man postural control, more careful analyses have demon-
strated a clear and significant stochastic component to
these processes that have led others to reject hypotheses of
‘‘chaos’’ in standing posture data (77). The algorithm
described by Wolf et al. (9,78) also yields positive Lyapu-
nov exponents for kinematic data recorded during human
walking (79–81). However, analyses conducted on similar
datasets using Rosenstein’s algorithm (11) yielded local
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Figure 5. Estimated maximum Lyapunov ex-
ponents for phase-randomized surrogate data.
Examples of the output obtained from the
Abarbanel (10,25) (middle; note that only the
maximum exponents are shown) and Rosen-
stein (11) (bottom) algorithms as applied to the
original (red lines) and 10 phase-randomized
surrogates (blue lines) of the x-component of
the Lorenz equations (left column; Equation 1)
and the nonchaotic two-component sine wave
(right column; Equation 18). Both algorithms
yield significant differences in both cases. How-
ever, the local divergence curves (bottom) for
the surrogate signals clearly do not exhibit
exponential SDIC.
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divergence curves that did not exhibit continuously linear
trends in the log scale (13,82), suggesting that a single
‘‘maximum Lyapunov exponent’’ is not properly defined for
human walking kinematics. These conclusions are sup-
ported by the work of Timmer et al. (14), who recently
concluded that similar rhythmic movements associated
with physiological tremors follow a stochastic second-
order process and are also not chaotic. However, even if
human standing or walking are not ‘‘chaotic,’’ the algo-
rithms of Rosenstein (11) and Kantz (12,33) still provide
useful tools for quantifying the sensitivity to small per-
turbations that can be used to characterize the local
dynamic stability of humans during standing and walking
(35,83).

6. SUMMARY AND FUTURE DIRECTIONS

Lyapunov exponents are one of the most useful diagnostic
tools available for analyzing dynamical systems. When
computed properly, positive exponents provide a definitive
diagnosis of chaotic dynamics. However, Lyapunov expo-
nents are also notoriously difficult to estimate reliably
from experimental data. One should always be very
skeptical about accepting any claims of ‘‘chaos’’ based
solely on findings of positive Lyapunov exponents, regard-
less of the algorithm used (e.g., Ref. 84 and references
therein). Such claims should always be backed up by
significant additional evidence demonstrating that the
SDIC is indeed exponential and that the underlying
mechanisms responsible for the exponential SDIC are
indeed deterministic.

That said, a growing recognition of these difficulties
will certainly continue to spur the development of newer
and more robust algorithms for estimating l1 and the full
l-spectrum (e.g., Refs. 4,85). Finally, it should be noted
that even in contexts where these approaches may not
yield a clear designation of the system under study as
‘‘chaotic,’’ these algorithms can still provide very useful
statistical quantities that help characterize the dynamics
of the system being studied, which could potentially be
used to signal any significant or important changes in
those system dynamics that might be associated with
disease or pathology. When viewed from this wider per-
spective, Lyapunov exponents may in fact add much more
to our understanding of the dynamics underlying many
biological and biomedical processes than any somewhat
arbitrary distinction between ‘‘chaotic’’ or ‘‘stochastic’’ or
something else (13,14,44).

7. SOURCES OF ALGORITHMS

Here, a brief summary listing of some sources for software
programs that implement some of the main algorithms
developed for estimating Lyapunov exponents from time
series data is provided (current as of November, 2005).

k-Spectrum

Sano and Sa-
wada (23)

TISEAN Package http://www.mpipks-
dresden.mpg.de/Btisean/

Abarbanel
(10,25)

Contemporary Signal Processing (CSP)
from Chaotic.com: http://www.chaotic.-
com/

Wolf et al. (9,22)DataPlore Software from iexcellence,
GmBH http://www.ixellence.com/data-
plore

k1

Kantz (12,33) TISEAN Package http://www.mpipks-
dresden.mpg.de/Btisean/

Rosenstein (11) TISEAN Package: http://www.mpipks-
dresden.mpg.de/Btisean/ PhysioToolkit
from Physionet.org: http://www.physione-
t.org/physiotools/

Wolf et al. (9,22)DataPlore Software from iexcellence,
GmBH http://www.ixellence.com/data-
plore

Wolf et al. (9) Chaos Data Analyzer (78) from Physics
Academic Software http://www.aip.org/
pas
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1. INTRODUCTION

Magnetic resonance current density imaging (MRCDI) is
an emerging modality that is used to image current
density distribution created by an externally applied
current to a conductor that contains nuclear magnetic
resonance (NMR) active nuclei. Distribution of externally
applied electrical current inside the body provides impor-
tant information in many biomedical engineering applica-
tions: such as improvement of electrical stimulation
devices by optimal electrode designs for electrosurgery,
defibrillation, and cardiac pacing (1,2); optimization of
defibrillation efficacy (3–5); determination of electrode
geometry and current level in cancer treatment (6–8);
electroconvulsive therapy (9); and noninvasive localiza-
tion of epileptic spikes in the brain (10) and determination
of fatal current levels (11). Knowledge of current density
distribution originating from a pair of electrodes can be
used to calculate lead-sensitivity maps of biopotential
recording electrodes (12,13), and to improve the sensivity
matrix used in electrical impedance tomography (EIT)
image reconstruction (14,15). Finally, accurate measure-
ment of current density distribution leads to high-resolu-
tion conductivity imaging (16).

Packer et al. (17) reports that 260 mA current flow
during a spin-echo MRI sequence creates a magnetic field
gradient in an aqueous (CH3)4NBr solution. Following this
study, several research groups implemented MRCDI to
image uniform and nonuniform current flow at various
frequencies and strengths on phantoms or in vivo. Depend
on the frequency of applied current, MRCDI studies can be
classified as direct current MRCDI (DC-CDI), radio-fre-
quency current MRCDI (RF-CDI), and alternating current
MRCDI (AC-CDI).

2. DC CURRENT DENSITY IMAGING

During a spin-echo NMR experiment, Holtz and Muller
(18) measured the strength of the gradient in the main
magnetic field, because of an externally applied current
flow, which is orthogonal to the main magnetic field. Joy et
al. (19) demonstrated that distribution of externally ap-
plied electric current density can be imaged in conductors,
which contain magnetic resonance active nuclei, by using
magnetic resonance imaging (MRI) techniques. Current is
applied in the form of a bipolar dc pulse in synchrony with
a spin-echo imaging sequence (Fig. 1). The current pulse
following the 901 RF pulse accumulates an additional
phase to the spins. As the spins are flipped after the
1801 RF pulse, polarity of the current pulse is switched
not to dephase the spins and continue to accumulate more

phase. Although the applied current could be considered
as time-varying since the current is in the form of a
bipolar pulse, this technique is referred to as DC-CDI
because the current pulses with constant amplitutes are
used.

When noise-free NMR data is assumed, ignoring the
spin relaxation, acquired NMR signal using a spin-echo
pulse sequence can be expressed as (20)

Sðkx; ky; tÞ¼

Z

x

Z

y

Mðx; yÞ expfj½gBtþfcþ kxxþ kyy�gdxdy;

ð1Þ

where M(x,y) is the real transverse magnetization, B
represents the inhomogeneity in main magnetic field,
and fc is a constant phase. kx¼ gGxt and ky¼ gGyty, where
Gx and Gy are frequency-encoding and phase-encoding
gradient strengths, respectively. g is the gyromagnetic
constant, ty is the duration of phase-encoding gradient,
and t is the data acquisition time.

When static current pulses are applied to a conductor, a
constant magnetic field is generated because of the ap-
plied current. If the current application is synchronized
with the spin-echo pulse sequence, the parallel component
of this magnetic field with the main magnetic field acts as
a local gradient. This gradient field accumulates an addi-
tional phase related to the applied current in the recorded
MR signal (18,21,22). Then, the signal (Equation 1) be-
comes

Sðkx; ky; tÞ¼

Z

x

Z

y

Mðx; yÞ expfj½gBtþfcþ gBjðx; yÞTc

þ ðkxxþ kyyÞ�gdxdy ;

ð2Þ

where Bj is the component of current-induced magnetic
field in parallel with the main magnetic field and Tc is the
total duration of the applied current. Subscript ‘‘j’’ repre-
sents that the image is acquired with current applied,
otherwise no current is applied.

Fourier transforming S(kx,ky,t) in Equation 1 with
respect to kx and ky, magnetization density without cur-
rent flow,

Mcðx; yÞ¼

Z

kx

Z

ky

Sðkx; ky; tÞ exp ½�jðkxxþ kyyÞ�dkxdky ð3Þ

can be found. This magnetization density is a complex MR
image,

Mcðx; yÞ¼Mðx; yÞ exp½jgBtþ jfc�: ð4Þ

Applying Fourier transform to S(kx,ky,t) in Equation 2,
magnetization density with current flow, will be obtained
as

Mcjðx; yÞ¼Mðx; yÞ expfjg½BtþBjðx; yÞTc� þ jfcg: ð5Þ
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Taking the ratio of the two images in Equations 5 and 4,

Mcjðx; yÞ

Mcðx; yÞ
¼

Mðx; yÞ expfjg½BtþBjðx; yÞTc� þ jfcg

Mðx; yÞ exp½jgBtþ jfc�

¼ exp½jgBjðx; yÞTc�

ð6Þ

any inhomogeneities in the phase, that might be intro-
duced by imperfections in the main magnetic field or the
gradient fields, are eliminated. The phase term in Equa-
tion 6,

fj¼ gBjðx; yÞTc; ð7Þ

is the difference between the phases of the two images,
which is the phase induced by the externally applied
current. Current-induced magnetic flux density compo-
nent parallel to the main imaging field can be extracted
from Equation 7. Assuming that no displacement current
and magnetic induction in the medium exists, electric
current density can be related to the magnetic flux density
by Ampere’s law,

~J¼
ðr� ~BÞ

m0

; ð8Þ

where r� represents the curl operation and m0¼

4p10� 7H/m is the permeability of free space, as materials
with low susceptibility are used. As a result of the curl
operator in Equation 8, to obtain a single component of
current density, two magnetic flux density components

perpendicular to the current density are required:

Jx¼
1

m0

@Bz

@y
�

@By

@z

� �

; ð9Þ

Jy¼
1

m0

@Bx

@z
�
@Bz

@x

� �

; ð10Þ

Jz¼
1

m0

@By

@x
�

@Bx

@y

� �

; ð11Þ

To determine the current density in all directions, three
orthogonal components of the magnetic flux density must
be measured. As only the component parallel with the
main field is measurable in an MRCDI experiment, three
sets of measurements must be made to obtain the mag-
netic field in all three directions. In each set of measure-
ments, one of the three orthogonal axes of the object must
be aligned with the main magnetic field as shown in Fig. 2.

In each object orientation (Fig. 2), two images must be
acquired (i.e., one with and one without current applied).
An experimental phantom and MR magnitude and phase
images obtained from this phantom with and without
current injection are shown in Fig. 3. The difference
between the phase images, with and without current
applied, gives the current-induced phase image for each
object orientation. Phase values in a complex MR image
may range between -p and p. The phase components less
than -p or greater than p are wrapped into the (-p,p)
interval. In order to obtain true current-induced phase
values, 2p phase wraps must be removed (24).

The unwrapped phase image representing the current-
induced phase is then scaled, with gyromagnetic constant
and the total current injection time, to obtain the corre-
sponding magnetic flux density. 3-D orientation of images
to measure all components of the magnetic flux density
are shown in Fig. 4. The images are taken in x-y, x-z, and y-
z planes, respectively. Components of the current density

RF
pulse

90º 180º

Slice

Phase

Frequency

Current

Acquisition Figure 1. A spin echo pulse sequence with an addi-
tional bipolar current pulse used in DC-CDI.
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and the magnetic flux density gradients required to
calculate these components, object and image orientations
to measure the corresponding flux densities, and selection
of the required tomographic plane are listed in Table 1.
The x, y, and z directions mentioned in the table are the
object axes, not the laboratory axes. The directional
derivatives of magnetic flux density can be calculated
using Sobel operators (25) or differentiation using multi-
ple plane images for the calculation of derivatives along
the z axis (22).

For the phantom shown in Fig. 3, after calculating the
current density images in x and y directions, current
density map can be reconstructed in the xy plane (Fig. 5).

Several parameters such as measurement noise, voxel
dimensions, electrical conductivity and relaxation times of
the sample affect the detection of current flow. A practical
lower limit to the sensitivity of the technique is given by
Scott et al. (26) as 0.1mA/mm2 on a 15 � 15 � 5 mm voxel
for T2¼ 40 to 100 ms.

3. RF CURRENT DENSITY IMAGING

Scott et al. (27,28) demonstrated the feasibility of extend-
ing MRCDI to image RF current density parallel to the
main magnetic field in a uniform current phantom, and
achieved to reconstruct a current density image with
900 mA at 85.6 MHz. In RF current density imaging (RF-
CDI), applied current is exactly at the proton resonance

x

y
z

z

xy

y
z

x 

(a) (b) (c) (d)

B0 

x’

y’ Figure 2. For each measurement, one of the
three orthogonal axes of the object is aligned
with the main magnetic field direction. (a)
shows the laboratory coordinate system and
direction of the main magnetic field B0. Ob-
ject’s z-axis (b), x-axis (c), and y-axis must be
aligned with B0, to measure the corresponding
magnetic flux density component [reproduced
from Özbek (23)].

Without current
pulse

With current
pulse

Magnitude

Phase

B0

y' 

x'

x 

y 

z 

Insulator shell

(a) (b) (c)

Figure 3. An experimental phantom with an
insulator shell placed at its center (a), MR
magnitude and phase images acquired from
this phantom without (b) and with (c) applica-
tion of a bipolar current pulse. The phantom is
filled with 9g/l NaCl, 1g/l CuSO4 5H2O solu-
tion in water. Images are obtained using a
0.15T MRI system (23).

(a) (b)

(d)(c)

x′

z′

y′

Figure 4. Orientation of (a) axial, (b) coronal, (c) sagittal images.
(d) shows the laboratory coordinates [reproduced from Özbek
(23)].
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frequency (Larmor frequency). For example, at a 1 T
system, an approximately 42.8 MHz RF current is applied.
Hence, the current-induced magnetic field inside the
object is an RF magnetic field that flips the magnetization
vector from the longitudinal direction toward the trans-
verse plane. This effect can be considered as a local RF
field with a strength directly defined by the current
density distribution. Local flip angles of the spins are
proportional to the strength and duration of the applied
current. In rotating frame RF-CDI proposed by Scott et al.
(29), a large uniform RF Field (B1 Field) is applied
simultaneously with the RF current. RF current can be
either injected by electrodes or induced by coils. B1 field
can be aligned with þ~x0, �~y0, �~x0, or þ~y0 axes in the
rotating frame, by transmitting the RF field with a 01, 901,
1801, or 2701 temporal phase, respectively. If the RF field

satisfies the condition:

B1j jc
~Bx0

�

�

�

�

�

�
; ~By0

�

�

�

�

�

�
; DB0j j and 1=ðgT2Þ; ð12Þ

where ~Bx0 and ~By0 are the rotating fields caused by the
RF current, DB0 is the static field inhomogeneity, and T2 is
the transverse relaxation time, the rotation axis can be
considered to lie along ~x0 or ~y0, respectively. Hence, the
magnetization precesses in the þ ~y0~z0 or þ ~x0~z0 plane in a
time TC and makes a net rotational movement of

fjx � �gTC
~Bx0 þB1

� �

or fjy � �gTC
~By0 þB1

� �

: ð13Þ

Therefore, by changing the temporal phase of the RF
field, B1 field is electronically rotated to measure ~Bx0 and

Table 1. Magnetic Flux Density Gradients, Object and Image Orientations, Methods Used to Obtain the Gradients, for
Calculation of Current Density Components

Current Density Component Magnetic Flux Density Gradients Object Orientation Image Orientation Gradient Method

Jx dBz/dy Figure 4(a) Axial Sobel operator
dBy/dz Figure 4(c) Sagittal Multiple plane differentiation

Jy dBx/dz Figure 4(b) Sagittal Multiple plane differentiation
dBz/dx Figure 4(a) Axial Sobel operator

Jz dBy/dx Figure 4(c) Sagittal Sobel operator
dBx/dy Figure 4(b) Sagittal Sobel operator

5 10 15 20 25 30
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30

Jy-hor
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30
-3 -2 -1 0 1 2 3
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-2

-1

0

1

2

3
current density for horizontal current injection case

Jx

Jy

xy-plane current density map

(b)(a)

Figure 5. (a) The current density magnitude images Jx (upper image) and Jy (lower image) in ~x
and in ~y directions, respectively, for the phantom shown in Fig. 3. (b) The corresponding xy-plane
current density map calculated using the Jx and Jy images. Bipolar current pulse is injected from
left to right between the two electrodes attached to the surface as shown in Fig. 3 (23).
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~By0 , independently. Hence, in RF-CDI, the need for rotat-
ing the object in the magnet is eliminated by rotating the
RF field, which is the major advantage of RF-CDI. Current
density can then be calculated using the Biot–Savart Law
(27,29).

A rotating frame RF-CDI pulse sequence is given in
Fig. 6. A nonselective inversion pulse, INV, sets the
magnetization MZ¼7M0. Any remaining transverse
magnetization are dephased by a slice spoiler gradient.
The B1 pulse and 01 phase RF current is applied for a
duration of TC so that the magnetization precesses in a
plane approximately orthogonal to the RF field. The phase
of B1 is changed from 01 to 1801 at TC/2 to measure ~Bx0 or
from � 901 to þ 901 to measure ~By0 , which is followed by a
p/2 RF pulse which is þ 901 or � 901 phase-shifted with
respect to the B1 pulse to rotate the magnetization into
transverse ~x0~y0-plane. The slice selective 1801 RF pulse is
applied for refocusing. Sequences with þ 901 or � 901
phase-shifted RF pulses results in phase images that are
complex conjugate and used for phase subtruction (29).

4. AC CURRENT DENSITY IMAGING

AC current density imaging (AC-CDI) is used to image
low-frequency currents (100 Hz to 1 kHz). Müftüler (30)
and Ider et al. (31) measured the magnetic field compo-
nent in parallel with the main imaging field within a
saline phantom, generated by currents passing through
an external wire. Müftüler (30) and Ider et al. (31) used
the pulse sequence, designed by Maudsley et al. (21) to
measure the magnetic field inhomogeneities. In this pulse
sequence, the ac current (100–200 Hz) is applied in the
form of a burst sine-wave in synchrony with the pulse
sequence. Only one component of the current-induced
magnetic field is measured at two frequencies, 100 Hz
and 200 Hz, and the current density is not calculated. In
this technique, magnetic flux density data is acquired for a
single pixel during each echo; therefore, a trade-off exists
between the data acquisition time and the spatial resolu-
tion, which limits the spatial resolution of the technique
seriously.

Mikac et al. (32) proposed to use AC-CDI at frequencies
up to 1 kHz. Bipolar pulses used for DC-CDI are replaced

by a train of multiple short rectangular pulses with
alternating polarity. The phase accumulation because of
the applied current is guaranteed by refocusing RF pulses
that are applied after each current pulse (Fig. 7). The
current-induced magnetic flux density component parallel
to the main imaging field is measured as in DC-CDI and
the current density distribution is reconstructed similarly.
Rotation of the object is not avoidable to obtain at least
two orthogonal components of magnetic flux density
needed for calculation of the current density component
in one direction.

5. CURRENT STATE IN LITERATURE

Current MRCDI literature is summarized in Table 2. In
the table, the frequency of the applied current, dc, RF, or
ac, the number of components of current density being
imaged, the uniformity of the applied current, whether the
sample is a phantom or a biological tissue, in vitro or in
vivo and the main magnetic field strength are given.

Joy et al. (19) imaged the magnetic flux density in the
forearm of a human volunteer. To investigate electric
current density in tumor tissue and the effects of electrode
geometry on electrochemotherapy (application of electric
field during chemotherapy for treatment of cancer), Sersa
et al. (8) used DC-CDI on imaging of mice tumors. In this
work, higher current density has been observed in T50/80
mammary carcinomas and SA-1 sarcomas than in the
normal tissue. The calcium content, hence the conductiv-
ity of bones of the patients with osteoporosis, is signifi-
cantly lower than that of normals. Beravs et al. (33) used
MRCDI to diagnose osteoporosis and to determine the
current pathways around bone fractures. Beravs et al.
(34,35) used MRCDI to monitor conductivity changes that
take place during dissolving of sodium chloride and the
formation of calcium carbonate.

Inv B1 P 180°

Slice selection

RF current application

Phase encoding

Readout

RF

TC TE

Figure 6. Pulse sequence used in rotating frame RF-CDI.

RF

π/2 π-X

∆t

πX πX π-XπX π-X

Gslice

Gphase

Gfreq.

ACQ.

TE

tc

Current

Figure 7. Pulse sequence used in AC-CDI.

MAGNETIC RESONANCE CURRENT DENSITY IMAGING 5



Gamba and Delpy (36) investigated the effect of the
skull on current density in the brain. Joy et al. (9) worked
on determination of current density inside the brain tissue
on anesthetized New Zealand rabbits to observe the effects
on the brain caused by current injection to the surface of
the head. This study revealed that only about 14–16% of
the sagittally or bilaterally applied current passed
through the skull in rabbits. In a postmortem rat study,
Scott et al. (29) demonstrated that the RF-CDI (at 85.56
MHz) has a potential for imaging anatomical information.
Beravs et al. (34,35) used RF-CDI to quantitatively moni-
tor the depolarizations evoked by excitatory amino acids
in a rat brain and observed excitatory changes as high
conductivity regions, mainly in the hippocampal area, on
current density images. Müftüler et al. (37) used AC-CDI
pulse sequences to produce magnetic resonance - electrical
impedance tomography (MR-EIT) images on rats but did
not reconstructed current density images.

6. DISCUSSION

The major limitation of the DC-CDI and the AC-CDI
techniques in applying it to human or animal subjects is
the requirement to rotate the object. In these techniques,
only one component of magnetic flux density that is
parallel to the main magnetic field is measurable in a
single object orientation. For the measurement of all
components, the object must be rotated to align each of
its orthogonal axes with the main magnetic field one at a
time. Special magnets can be designed to rotate the main
magnetic field instead of the object to be imaged.

Rotating frame RF-CDI does not require object rotation
to obtain a single current density component but imaging
current densities at radio-frequency range may not pro-
vide biologically useful information as dc or ac current
density imaging does.

The spins close to the electrodes may be phased out
because of high current density causing considerable
signal loss. Eddy currents may also result in additional
dephasing of the spins underneath the copper electrodes.
To overcome this problem, current could be injected via
saline-filled plastic pipes (31).

The spatial resolution of the current density is approxi-
mately equal to half of the spatial resolution of the MR
system used for data acquisition, because of the gradient
operation applied to the magnetic flux density measure-
ments. With existing commercial MRI technology, 0.5 mm
of MRI resolution, hence 1 mm of CDI resolution, is
obtainable. Current density distribution in tissues is
directly related to the electrical conductivity of the tissue.
Electrical properties of biological tissues vary between
tissues and with the physiological and pathological state
of the tissues. It should be possible to gather anatomical
and functional information from current density images.
Therefore, information provided by MRCDI may have a
significant diagnostic value that is unique and may not be
obtained from other imaging modalities.

In recent years, developments in MRCDI led to a new
imaging modality for high-resolution conductivity ima-
ging. This emerging modality, namely magnetic reso-
nance-electrical impedance tomography (MR-EIT), is
based on the same physical principles as MRCDI. MR-
EIT is used to reconstruct conductivity images form the
current density images or directly from the current-in-
duced phase images by using one or more surface potential
measurements. Details of the MR-EIT technique can be
also found in this Encyclopedia (16).
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13. B. M. Eyüboğlu and O. Özbek, Combined use of MRCDI and
MR-EIT for lead field imaging. Proceedings of the Fourth
Engineering Network Meeting on Biomedical Applications of
EIT, Manchester, UK, 2003:51.
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30. L. T. Müftüler, Measurement of magnetic field generated by
nonuniform ac current density using magnetic resonance.
Ph.D. Thesis in Electrical and Electronics Engineering, Mid-
dle East Technical University, Ankara, Turkey, 1996.
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1. INTRODUCTION

Electrical properties of biological tissues differ between
tissues, and these properties vary with physiological
activity for some tissues, which makes imaging of tissue
conductivity and physiological activity possible. Electrical
impedance tomography (EIT) has been developed to serve
this purpose (1). In conventional EIT, conductivity distri-
bution inside the body is reconstructed by using electrical
measurements made at the body surface. A major draw-
back of EIT is poor and space-dependent quantitative
accuracy of the reconstructed conductivities because the
sensitivity of the surface measurements to internal con-
ductivity perturbations is poor and space-dependent (1),
which results in nonuniform image quality in the field of
view (FOV). The surface measurements are made by
means of a limited number of surface electrodes, the
number of independent measurements; hence, the spatial
resolution of EIT is also limited. Spatial resolution of EIT
is worse than 10% of the measurement electrode array
diameter and is position-dependent because the current
density is a function of conductivity distribution and
position in the body (2). These drawbacks of the conven-
tional EIT technique limit its usage when high accuracy
and resolution are required, despite EIT’s advantages
such as good soft tissue contrast, portability, and noninva-
siveness. As an alternative to injecting the current, mag-
netic induction can be used to probe the region that is
known as induced current EIT (3). In that case, the
number of independent measurements can be increased
by using different coil configurations for excitation, in-
creasing the number of independent excitation patterns.
The sensitivity to the inner region is slightly improved but
low. Measurement of the developed potentials can also be
made by induction by means of coils instead of electrodes.
This approach is known as the magnetic induction tomo-
graphy (MIT) or induced EIT with contact-less measure-
ments (4). The measured quantity is the magnetic field
generated because of internal distribution of the injected
current in the imaging region. Sensitivity of these mea-
surements to inner conductivity perturbations is low
because the magnetic field measurements could be made
only outside the imaging volume. The need for accurate
knowledge of electrical properties of tissues in analysis of
bioelectric field problems and other biomedical applica-
tions is well known (1,5). One should also note that the in
vivo tissue conductivity distribution can be imaged with
no other conventional imaging modalities.

On the other hand, Maudsley et al. (6) demonstrated
that the magnetic flux density inside a volume conductor
can be measured by using magnetic resonance imaging
(MRI). Magnetic field and electrical current density in a

volume conductor, created by current injection on the
surface of the conductor, can be imaged using MRI tech-
niques, if the conductor contains magnetic resonance
active nuclei (7). This technique is called Magnetic Reso-
nance Current Density Imaging (MRCDI). Using MRCDI,
DC, RF (radio frequency), and AC currents and their
magnetic fields can be imaged with high quantitative
accuracy and a spatial resolution equal to the MRI resolu-
tion and half the MRI resolution, respectively (7). In this
new modality, MRI techniques are employed to measure
the magnetic flux density, hence the corresponding cur-
rent density can be calculated. As the MRI main magnetic
field is highly homogeneous if a homogeneous RF field is
also maintained inside the sample, then the magnetic flux
density and the current density can be imaged with almost
equal sensitivity throughout the sample.

Magnetic resonance—electrical impedance tomography
(MR-EIT), which could be considered as a dual-modality
imaging technique, uses magnetic flux density measure-
ments, acquired using MRCDI techniques, and surface
potential measurements, similar to conventional EIT
measurements, to reconstruct high-resolution absolute
true conductivity images. Magnetic flux density is mea-
sured throughout the FOV, improving the uniformity of
sensitivity. MRCDI measurements are made at very high
spatial resolution, hence a significant improvement is
expected in the spatial resolution of the MR-EIT impe-
dance images. The conductivity distribution is recon-
structed based on the potential measurements and the
magnetic field measurements. The magnetic flux density
measurements can be used solely to form relative con-
ductivity images, if they are combined with peripheral
voltage measurements, then the true conductivity images
can be reconstructed.

2. MAGNETIC FLUX DENSITY MEASUREMENTS FOR MR-
EIT

In MR-EIT, the conductor to be imaged is probed by
electrical current. Distribution of the probing current
inside the conductor is a function of the conductivity
distribution. The magnetic field caused by the probing
current can be measured by MRCDI techniques if the
conductor contains magnetic resonance (MR) active nu-
clei. The current density can be calculated based on
magnetic flux density information. A review of the MRCDI
technique applied to DC, RF, and AC currents can be
found in this encyclopedia (7). Here, a summary of mag-
netic flux density and current density measurement with
MRI will be given.

To probe a conductor, current is applied between a pair
of electrodes placed on the surface of the conductor. This
current produces a magnetic field as well as an electric
field, which are functions of the electrical properties of the
tissues in the body. Static electric current applied to a
conductor generates a constant magnetic field with mag-
netic flux density. When the current-carrying conductor
contains MR active nuclei, the component of the current-
induced magnetic flux density parallel to the main mag-
netic field, Bj, accumulates a phase term in the spin echo
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signal as

SðtÞ¼

Z

x

Z

y

Kðx; yÞMðx; yÞ exp jg GxxtþGyytyþBjTc

� �� �

dxdy;

ð1Þ

during a spin echo imaging protocol. In equation (1,) K(x,y)
represents the inhomogeneities in the imaging magnetic
field, M(x,y) is the transverse magnetization, Gx and Gy

are the magnetic field gradients applied along x and y axis,
respectively, t and ty are the duration of these gradients, g
is the gyromagnetic ratio, and Tc is the duration of the
current pulse (8). In order to extract the phase introduced
by Bj, the phase image acquired with a current pulse is
normalized by the phase image acquired without a current
pulse. Phase values may range between -p and p. The
phase components less than -p or greater than p are
wrapped into the (-p, p) interval. In order to obtain true
current-induced phase values, 2p phase wraps must be
removed (9). Then, the phase component caused by the
current injection can be expressed as:

Fjn¼ gBjðx; yÞTc: ð2Þ

Bj can be calculated based on Equation 2. Current
density is related to the magnetic flux density by Ampere’s
law:

~J¼ m�1
o ðr�

~BÞ: ð3Þ

In order to calculate the current density in one direction
and the components of the flux density in two orthogonal
directions in the plane perpendicular to the direction of
the current density are needed. To determine components
of the current in all directions, components of the mag-
netic flux density in three directions are required, which is
achieved by repeating the MR imaging sequence three
times. The object is rotated to align one axis of the object
parallel to the main magnetic field each time (7).

3. SURFACE POTENTIAL MEASUREMENTS FOR MR-EIT

Potential field developed by the injected current is mea-
sured on the surface of the object by means of an electrode
or an array of electrodes. Depending on the reconstruction
algorithm, single surface potential measurement may be
sufficient or the measurements are made from an array of
electrodes. Single or multiple pairs of electrodes are used
for current injection.

4. FORWARD PROBLEM OF MR-EIT

In a nonmagnetic conductor with isotropic and time-in-
dependent conductivity, the forward problem of MR-EIT is
defined by the relation between a given conductivity
distribution, s, and the potential field, f , and magnetic
field for given boundary conditions on the applied current
density, ~J. The relation between s and f is defined by

Poisson’s equation as:

r � srfð Þ¼ 0; ð4Þ

with the Neumann boundary conditions:

s
@f
@n
¼

J on positive current electrode

�J on negative current electrode

0 elsewhere

;

8

>

>

<

>

>

:

ð5Þ

where @f
@n is the potential field gradient in the direction of

the outward normal at the outer boundary, @O, of the
conductor, O. The electric field, ~E, is equal to:

~E¼ � rf; ð6Þ

and the current density is

~J¼ s~E: ð7Þ

The relation between the magnetic flux density, ~B, and
~J is given by Biot–Savart relationship as

~B¼
m0

4p

Z

O

~J� âR

R3
dv; ð8Þ

where m0is the permeability of free space, R is the distance
between the source and the field points, and âR is the unit
vector pointing from the source to the field point. Using
MRCDI, only one component of the current-induced mag-
netic field, which is the one parallel to the main imaging
field (i.e., the component along the z-axis), can be mea-
sured. If the coordinates of the field and the source points
are represented by unprimed and primed coordinates
respectively, the measured flux density is expressed as

~Bj¼
m0

4p

Z

O

~Jxðy� y0Þ � ~Jyðx� x0Þ

R3
dv: ð9Þ

Equations 4–9 describe the relation between the con-
ductivity distribution and the measured flux density
component.

Analtical solutions for the forward problem are limited
only for some regular geometries; therefore, numerical
methods such as finite element (FE) or boundary element
(BE) methods are used in solving the forward problem.

5. INVERSE PROBLEM OF MR-EIT

The inverse problem is determination of conductivity
distribution inside a conductor object based on measured
magnetic flux density or current density distribution and
one or more peripheral voltage measurements. Informa-
tion on shape of the volume conductor and position of the
electrodes as well as their size and shape are also needed
in solving the inverse problem. The only parameter that
could be measured inside the conductor is ~B. Therefore, all
reconstruction algorithms use ~B measurements for image
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reconstruction. At this point, the MR-EIT reconstruction
algorithms can be grouped into two as:

1. Algorithms using ~B directly ~B-based and

2. Algorithms using the current density distribution
calculated based on ~B ~J-based.

The former algorithms use only one component of
magnetic flux density; therefore, they have an important
advantage over the ones in the latter group in practical
realization of the technique. The current density-based
algorithms require three components of magnetic flux
density to determine ~J, based on Equation 3 (7). On the
other hand, the magnetic flux density-based algorithms
require an iterative solution, whereas most of the ~J -based
algorithms are single pass. Seo et al. (10) proposed a
method to estimate current density within a transversal
slice using only one component of ~B, orthogonal to the
transversal plane when the current flow is purely trans-
versal. However, the required assumptions are highly
unpractical.

The idea of reconstructing electrical conductivity dis-
tribution inside a conductor object based on MRCDI and
surface potential measurements was proposed more than
a decade ago by Zhang (11). The proposed algorithm uses
the fact that the potential difference between two points
can be expressed by a line integral of the electric field,
which is ~E¼r~J, along any path connecting the two points;
that is,

uab¼

Z

C

r~J � d~l; ð10Þ

where rðx; yÞ and ~Jðx; yÞ are the resistivity and the current
density distributions, respectively, and C is any arbitrary
path connecting the measurement electrodes located at
surface points a and b. In MR-EIT, r is the unknown to be
reconstructed. Suppose that a number of voltage measure-
ments are made between the pairs of electrodes on the
surface and several line integral paths are chosen for each
measurement. If the imaging slice is divided into M pixels
and the line integrals are written as a linear set of
equations for a total number of N integration paths, a
linear matrix equation is obtained as:

u¼Tq ð11Þ

where u is a N� 1 vector of surface potential measure-
ments, q is a M� 1 vector of pixel resistivity values, and T
is an N�M matrix of entries related to the integration
paths and the corresponding current density values. This
equation defines the forward relationship between the
surface potentials and the resistivity distribution. Solu-
tion of this linear set of equations is the inverse problem,
which gives the resistivity distribution. The solution to the
inverse problem is unique. The downside of Zhang’s algo-
rithm is that the spatial resolution and the accuracy of the
reconstruction is defined by the number of voltage mea-
surements.

In a simulation study, Woo et al. (12) proposed an
iterative reconstruction algorithm that estimates the con-
ductivity distribution using the sensitivity relation map-
ping the conductivity perturbation to variations in current
density. In 1995, Birgül and Ider (13) developed a sensi-
tivity relation directly between the change in measured
magnetic flux density in one direction (parallel to the main
MRI field) and the change in conductivity distribution.
The forward problem is linearized about an assumed
initial conductivity and expressed as a matrix equation as:

DBj¼SDs; ð12Þ

where Ds is a vector of conductivity perturbations from an
initial distribution, DBj is a vector of the corresponding
changes in the measured magnetic flux density, and S is
the sensitivity matrix (Jacobian of the forward relation-
ship between s and B) (13–16). Birgül (15) and Ider and
Birgül (16) applied the algorithm to experimental data
obtained from saline phantoms by AC-CDI (see Ref. 7)
experiments. AC currents at frequencies of 100–200 Hz
have been used. Their AC-CDI technique acquires data
from a single pixel at each echo; therefore, the spatial
resolution is directly related to imaging time, limiting the
resolution. Birgül et al. (17) applied the technique to DC-
CDI data to improve the spatial resolution. Birgül (18) and
Birgül et al. (19) developed an iterative, sensitivity based
reconstruction algorithm that uses the sensitivity relation
of Equation 12 to improve their conductivity estimate at
each iteration, starting from an initial conductivity esti-
mate. Magnetic flux density with Neumann boundary
conditions is not related to a unique conductivity distribu-
tion. Therefore, to calculate the true conductivity distri-
bution, a scaling is needed. The scaling factor is obtained
to match the potential measurements made at the electro-
des to the electrode potentials calculated by using the
updated conductivity distribution at each iteration. The
technique was satisfactorily applied to experimental DC-
CDI data on saline phantoms by Birgül (18) and Birgül et
al. (19). Müftüler et al. (20) used magnetic flux density
measurements made by AC-CDI with currents of 200 Hz
and 2–4 mA amplitudes and the ~B sensitivity algorithm to
image a live rat bearing a R3230 AC tumor. Reconstructed
images show increased conductivity in the tumor region,
which is identified by contrast enhanced MRI.

Eyüboglu et al. (21) proposed the equipotential projec-
tion-based method for MR-EIT image reconstruction using
both the current density distribution and the peripheral
voltage values. This approach is based on the fact that the
current lines and the equipotential lines are perpendicu-
lar to each other. The algorithm first reconstructs the
potential field distribution by projecting the surface po-
tentials into the volume conductor along equipotential
lines satisfying the orthogonality requirement to the
current density lines. Knowing the potential field, the
electric field distribution can be calculated inside the
object. The conductivity distribution can then be calcu-
lated based on Ohm’s law given by Equation 7. This
method is not iterative. The number of peripheral voltage
measurements strongly affects the accuracy of the poten-
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tial field calculation, hence the spatial resolution of the
reconstructed image. Although only a single current in-
jection is needed for a unique reconstruction, a sufficient
number of voltage measurements is a must. Özdemir et al.
(22) satisfactorily applied the technique to experimental
DC-CDI data from a saline phantom. Kwon et al. (23)
developed an algorithm based on the same idea and tested
the algorithm on simulated data. In Fig. 1 (24), current
density images obtained from a saline phantom with a
conductor inhomogeneity and of a homogeneous phantom
by using DC-CDI are shown. Increased current density
throughout the conductor object can be easily seen in the
current density image of the inhomogeneous phantom
compared with the homogeneous phantom. This current
density image together with the surface potential mea-
surements is then used to reconstruct the conductivity
image as shown in Fig. 2 (25), by using equipotential
projection algorithm.

Birgül et al. (26,27), Eyüboglu et al. (28,29), and Birgül
(18) proposed a double-constraint reconstruction algo-
rithm that combines magnetic flux density measurements
of MRCDI with voltage measurements of EIT technique to
estimate the true conductivity values. The algorithm is an
iterative one that starts with an initial conductivity
estimate. At each iteration, the forward EIT problem is
solved to calculate the potential field, by using the mea-
sured surface potentials and the known probing currents
as Dirichlet and Neumann boundary conditions, respec-
tively. Based on the calculated field and the estimated

conductivity, the gradient of the potential field, rfEIT , and
the current density, ~JEIT , are calculated. A new conduc-
tivity distribution is estimated to minimize the error
between the calculated current ~JEIT and the measured
current density ~JMR:

R¼
X

M

Z

S

~JEIT �
~JMR

�

�

�

�

�

�
dS¼

X

M

X

j

Z

S

�sjrfEIT �
~JMR

�

�

�

�

�

�
dS;

ð13Þ

where M is the number of independent current injection
patterns and j is the number of elements in the finite
element model. An estimate for the jth element’s conduc-
tivity, which minimizes the total error defined by Equation
13, is found by setting @R

�

@sj equal to zero. Thus, the new
estimate of the jth element’s conductivity is obtained as:

sj¼ �
1

mo

P

M

R

Sj
rf � r� ~B dS

P

M

R

Sj
rf � rf dS

: ð14Þ

Iterations are repeated, replacing the initial conductiv-
ity estimate with the calculated conductivity estimate of
the previous iteration. Iterations can be stopped when the
error between the estimated conductivity distributions of
successive iterations falls below a preset level. The pro-
posed algorithm is tested on simulated data for concentric
and eccentric inhomogeneities. In this method, imposing
the potential measurements as Dirichlet boundary condi-

(b)(a)

5 10 15 20 25 30 35 40 45

(µA/mm2)

(c)

Figure 1. Magnitude of the current density, recon-
structed based on magnetic flux density measure-
ments made by using DC-CDI, from (a) a
homogeneous saline-filled phantom, and (b) the
same phantom with a conductor inhomogeneity
placed at its center. The phantom and the conductor
object geometry, the current injection electrodes on
both sides of the phantom are shown in (c). The same
color scale used in both images as shown in the color
bar. [Reproduced from Özbek (24)].
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tions, the solution at the boundary contains large error in
the presence of noise, which is reported to cause divergent
behavior of the algorithm.

The current density-constrained voltage-scaled
(CCVSR) MR-EIT reconstruction algorithm of Birgül (30)
differs from the double-constraint algorithm in the use of
the peripheral voltage measurements. In the CCVSR
algorithm, magnetic flux density measurements are used
to find a fine-detailed conductivity image first, and then
the image is scaled to match the calculated and measured
voltages. Eight rotations of current injection are used.

Using a similar idea, Kwon et al. (31) proposed an
iterative reconstruction algorithm called the J-substitu-
tion algorithm. This algorithm uses magnitude of the
current density measurements and voltage measure-
ments. A cost function, which is defined based on the error
between the measured current density, ~JðrÞ, and the
electric field calculated, ~E, for a given resistivity distribu-
tion rðrÞ:

CðrÞ¼
Z

O
JðrÞ �

1

rðrÞ
E

�

�

�

�

�

�

�

�

2

dr; ð15Þ

is minimized to obtain a resistivity update equation. The
determined conductivity based on the update equation is
then scaled by a factor that is determined using the
measured voltages and the calculated voltages based on
Equations 4 and 5 for given conductivity distribution. This
algorithm requires at least two different current density
distributions that are not parallel in any of the pixels in
the FOV and a voltage measurement to obtain a unique
estimate of the true conductivity values (32). Khang et al.
(33) reconstructed the images of a homogeneous phantom
and an insulator perturbation and Lee et al. (34) recon-
structed images of an inhomogeneous phantom using the
J-substitution algorithm.

Seo et al. (35) and Oh et al. (36) proposed the harmonic
BZ algorithm to reconstruct the conductivity distribution
and current density injecting at least two current patterns
and measuring only BZ (the current-induced magnetic
flux density component parallel with the main imaging
field) from multiple slices of the subject. In this algorithm,
the conductivity distribution is related to the Laplacian of
BZ. The noise in BZ images is amplified when it is
differentiated twice during computation of r2BZ, making
the algorithm highly sensitive to noise in the flux density
measurements. Measured boundary potentials are used
for scaling the calculated conductivitiy distribution. Oh et
al. (37) satisfactorily reconstructed conductivity images of
an inhomogeneous phantom using the harmonic BZ algo-
rithm.

To eliminate the requirement for the Laplacian of BZ for
improved noise performance, Park et al. (38) proposed the
variational gradient BZ algorithm. This algorithm re-
quires differentiation of BZ only once. BZ information for
at least two current patterns and knowledge of conductiv-
ity at one point on each imaging slice are needed to
reconstruct the true conductivity values. They tested the
performance of the algorithm using simulated data with
simulated random noise.

Assuming static conditions exists, Ider et al. (39) used

r� ~E¼ 0; ð16Þ

inside the conductor, O, to develop three current density-
based algorithms. Knowing conductivity is the reciprocal
of resistivity, r, and substituting Equation 7 into Equation
16,

r� r~J¼ 0; ð17Þ

and expending the curl operator,

rr� r~Jþ rr� J
!
¼ 0: ð18Þ

Defining R � ln r, Equation 18 yields

rR� ~J¼ � r� ~J: ð19Þ

The three numerical methods proposed for the solution
of Equation 19 require at least two unparallel current
patterns to reconstruct resistivity distribution and at least
one voltage measurement to determine the scaling con-
stant to obtain true resistivities. All three methods are
direct, which involves either the inversion of a single well-
conditioned matrix or require integration along cartesian
or equipotential lines. In addition to at least two unpar-
allel current patterns and at least one voltage measure-
ment, these algorithms require a priori knowledge of R at
one point in the imaging region. Ider and Onart (40)
extended Ider et al’s (39) work to three dimensions.

Finally, Özparlak and Ider (41) proposed to employ
magnetic induction for current application using external
coils to eliminate problems caused by electrodes. However,
in a practical environment, coils may introduce new

Figure 2. Conductivity image of the inhomogeneous phantom
shown in Fig. 1c. The current density image of Fig. 1b and the
surface potential measurements are used to reconstruct the
conductivity image by using equipotential projection algorithm
[reproduced from Özdemir (25)].
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problems. They performed reconstructions on simulated
data.

The summary of the proposed MR-EIT techniques are
given in Table 1 (10–23,26–31,33–41).

6. DISCUSSION

EIT makes use of peripheral voltage measurements only.
However, MR-EIT uses the magnetic field measurements
throughout the FOV to reconstruct the fine detail of the
inner conductivity distribution, with uniform resolution
throughout the FOV. The peripheral voltage measure-
ments are only used to scale the reconstructed conductiv-
ity distribution in order to obtain true values. MR-EIT is
superior to conventional EIT techniques in which the

resolution is in the order of a few centimeters and is
position-dependent in the FOV. Birgül (18) reconstructed
images employing different reconstruction algorithms for
EIT and MR-EIT, using simulated surface potential and
magnetic flux density data from a numerical thorax
phantom, as given in Fig. 3. EIT images are reconstructed
using back-projection and voltage sensitivity reconstruc-
tion (1) and voltage-scaled double-constrained reconstruc-
tion (VSDCR) of Birgül et al. (27) and ~B sensitivity
algorithm of Birgül et al. (19) are used for MR-EIT image
reconstruction. As seen from the images, MR-EIT images
have superior spatial resolution.

All ~B -based algorithms use only one component of
magnetic flux density. Some ~J -based algorithms need all
three components of current density; hence, the three

Table 1. Summary of the MR-EIT Techniques Found in Literature

First
Author Year

J- or B-

based
Voltage

Measurements

Object
Rotation is
Required

Inverse
Problem
Solution

Type of
MRCDI

Used Data Dimension

Zhang 1992 (11) J multiple yes direct Simulated Simulated 2D
Woo 1994 (12) J none yes iterative Simulated Simulated 2D
Birgül 1995 (13),

1996 (14),
1997 (15)

BZ none no not iterative AC-CDI Simulated &
saline
phantom

2D

Ider 1998 (16) BZ none no not iterative AC-CDI Simulated &
saline
phantom

2D

Birgül 2001 (17) BZ none no not iterative DC-CDI Saline
phantom

2D

Birgül 2002 (18),
2003 (19)

BZ single no iterative DC-CDI Simulated &
saline
phantom

2D

Müftüler 2004 (20) BZ none no iterative AC-CDI In-vivo &
saline
phantom

2D

Eyüboğlu 2002 (21) J multiple yes direct DC-CDI Saline
phantom

2D

Özdemir 2004 (22) J multiple yes direct DC-CDI Simulated &
saline
phantom

2D

Kwon 2002 (23) J multiple yes direct Simulated Simulated 2D
Birgül 1999 (26),

2001 (27),
2002 (18)

J multiple yes iterative Simulated Simulated 2D

Eyüboğlu 2000 (28),
2001 (29)

J multiple yes iterative Simulated Simulated 2D

Birgül 2003 (30) J single yes iterative DC-CDI Simulated &
saline
phantom

2D

Kwon 2002 (31) J single yes iterative DC-CDI Simulated &
saline
phantom

2D
Khang 2002 (33)
Lee 2003 (34)
Seo 2003 (10) BZ none no iterative Simulated Simulated 2D
Seo 2003 (35) BZ single no iterative DC-CDI Simulated &

saline
phantom

2D
Oh 2003 (36)
Oh 2005 (37)
Park 2004 (38) BZ single no iterative Simulated Simulated 3D
Ider 2003 (39) J single no direct Simulated Simulated 2D
Ider 2004 (40) J single no direct Simulated Simulated 3D
Özparlak 2005 (41) J none no direct Simulated

induced
AC-CDI

Simulated 3D
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components of magnetic flux density must be measured.
As only one component of the magnetic flux density in the
direction of the main field of the MR system can be
measured at a time, objects must be rotated in the magnet.
Some of the recent ~J -based algorithms use only one
component of ~B to determine ~J in the imaging slice; hence,
object rotation is eliminated, as suggested by Seo et al.
(10) and Ider et al. (39). The technique proposed by Ider et
al. (39) for the construction of equipotential lines uses only
one component of magnetic flux density to obtain ~J in the
imaging slice, but requires at least two injected current
profiles, a voltage measurement and the conductivity of a
pixel, to be known for a unique reconstruction. Algorithms
other than the ~B sensitivity algorithms require differen-
tiation of the magnetic flux density at least once. This
operation makes the algorithm vulnerable to noise in
magnetic flux density measurements. The iterative algo-
rithms are slower than the direct algorithms. In some
algorithms, it is possible to reconstruct a certain region by
imposing the measured current density at the boundary of
the region as a Neumann boundary condition.

The spatial resolution of MR-EIT images is limited by
twice the MR image pixel size, when the curl operator is
used. For the algorithms that do not require spatial
differentiation of magnetic flux density, this degradation
of spatial resolution is eliminated. Spatial resolution is
also affected by the truncation level used for SVD inver-
sion in some algorithms. Using larger pixel size improves
SNR, although spatial resolution is degraded. Hence,
accuracy of reconstruction can be improved by sacrificing
spatial resolution. Another way to improve the accuracy
and the spatial resolution without sacrificing one or the
other is increasing the amount of applied current. On the
other hand, the maximum current that could be used is
limited in medical applications as a function of frequency.
If DC-CDI or AC-CDI is used for MR-EIT applications on
human subjects, a total injected current of 100mA must be
aimed at (19). For RF-CDI, larger currents can be used.

Birgül et al. (30) discusses using current injection
profiles with lower current amplitudes at multiple elec-
trodes, optimizing the applied current pattern, to improve
the quality of MR-EIT images. It is important to achieve a
uniform current density distribution, hence, a uniform
sensitivity throughout the FOV. They suggest the use of
opposite current injection with eight rotations to guaran-
tee high current density in different parts of the FOV. The
optimum current injection strategy needs to be further
investigated in relation to uniqueness, SNR, and data
acquisition time.

Although biological tissues have anisotropic electrical
properties, all MR-EIT algorithms proposed to date, except
Seo et al. (42), assume isotropic conductivity values. The
error introduced as a result of anisotropy must be inves-
tigated. Future studies should involve development of
image reconstruction algorithms, which take into account
the anisotropic conductivity as well as extension to 3-D
imaging. Employing magnetic induction for current appli-
cation is worth exploring.
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7. B. M. Eyüboglu, Magnetic resonance current density imaging.
Encyclopedia of Biomedical Engineering. New York: Wiley,
2005.

8. G. C. Scott, M. L. G. Joy, R. L. Armstrong, and R. M. Henkel-
man, Measurement of nonuniform current density by mag-
netic resonance. IEEE Trans. Med. Imag. 1991; MI-10(3):362–
374.

9. Z. P. Liang, A model-based method for phase unwrapping.
IEEE Trans. Med. Imag. 1996; MI-15(6):893–897.

10. J. K. Seo, O. Kwon, B. I. Lee, and E. J. Woo, Reconstruction of
current density distributions in axially symmetric cylindrical
sections using one component of magnetic flux density:
computer simulation study. Physiol. Meas. 2003; 24:565–577.

11. N. Zhang, Electrical impedance tomography based on current
density imaging. M.Sc. thesis, Department of Electrical En-
gineering, University of Toronto, Toronto, Canada, 1992.

12. E. J. Woo, S. Y. Lee, and C. W. Mun, Impedance tomography
using internal current density distribution measured by
nuclear magnetic resonance. Proc. SPIE 1994; 2299:377–385.
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1. INTRODUCTION

Breast cancer is a disease in which a loss of control of the
proliferation of the epithelial cells occurs (1). Mammo-
graphy is a radiographic examination that is specially de-
signed for detecting breast pathology (2). It can also
contribute to an understanding of the biology of breast
cancer. This procedure is performed by compressing a
breast using compression devices and producing an im-
age of the breast using low-energy x-ray on an image re-
ceptor. The two applications of mammography are
screening and diagnosis. The purpose of screening is to
search for breast cancer in asymptomatic women who are
expected to be without disease. Symptomatic women who
have abnormal physical findings or an abnormal finding
from screening examination should be directed to diag-
nostic study.

Mammography is considered the single most important
diagnostic modality in the early detection of breast cancer.
Today’s dedicated mammographic equipment, specially
designed x-ray screen-film combinations, coupled with
controlled film processing, can detect very low contrast
lesions close to 5 microns, as much as two years before
they are palpable. The digital mammography equipment
performs equally well or better. Image quality is better
whereas radiation dose is 50–100 times lower compared
with early mammographic systems (3). One of the main
reasons for the expansion of mammography was the in-
troduction of widespread high-volume screening pro-
grams, which have decreased the mortality from breast
cancers in the United States to range from 8% to 25% over
the last 25 years (4).

Screening guidelines exclude pregnant and lactating
patients to avoid potential errors in examining the phys-
iologically altered mammographically dense breast. Males
are not scanned because the rarity of breast malignancy in
asymptomatic men makes the procedure impractical.
Mammographic studies of patients with breast implants
are technically challenging but they can benefit from prop-
erly performed screening studies. The American Cancer
Society (ACS) and the American College of Radiology
(ACR) have developed guidelines for mammographic
screening of asymptomatic women: age 35–49, baseline
mammogram; age 40–49, mammograms at 1 to 2 year in-
tervals; and age 50, annual mammograms. These screen-
ing guidelines are endorsed by many but not all
professional medical organizations (5). However, the
screening of women between 40 and 50 years of age re-
mains controversial with breast glandularity being given
as one of the major contraindications (6).

Despite the wide consensus on its use as a screening
tool, mammographic sensitivity is limited by a variety of
factors, including image quality, reader training, avail-
ability of previous mammograms for comparison, breast
tissue density, presence of interfering conditions in the
breast (e.g., scars, implants), and size of the carcinoma.
However, the most widely cited limitation of mammo-
graphy is its reduced sensitivity in women with dense
breasts. It is generally viewed as less sensitive and specific
in younger women (o50 years) because of dense paren-
chyma, which could result in lower sensitivity and a
higher rate of interval cancers in relation to the screen-
ing detection rate and the underlying incidence. Benign
and malignant processes can cause similar, sometimes
identical, mammographic changes. Biopsy is usually
needed to make the distinction.

A rapid increase of dose exists with decreasing photon
energy and with increasing breast thickness and a marked
dependence on the breast glandularity. It is clear that a
severe dose penalty is associated with the use of very low
photon energies and that a compromise must be reached
between the requirements of high image contrast and low
dose. As mammographic x-ray spectra are low energy, the
dose within the breast decreases rapidly with increasing
depth. It is important, therefore, to specify breast dose
using a quality, which is representative of the dose to the
whole organ, namely using the mean glandular dose con-
cept.

High-contrast, high-resolution images at the lowest ra-
diation dose consistent with optimum image quality are
vital; however, serious difficulties present themselves. In
recent years, there have been many significant technolog-
ical improvements in mammographic x-ray equipment,
image recording systems, and viewing conditions. Fur-
thermore, because of the risk of ionizing radiation and
regulatory control, techniques that minimize dose and op-
timize image quality is essential, and have led to the re-
finement of dedicated x-ray equipment including
specialized x-ray tubes, compression devices, antiscatter
grids, automatic exposure control (AEC), and detector sys-
tems. Strict quality control (QC) procedures and coopera-
tion among the radiologists, medical physicists, and
technologists should ensure that acceptable breast images
are achieved at the lowest possible radiation dose (2).

The limitations of radiologists when interpreting mam-
mograms provide a reasonable, if not compelling, basis for
the application of computer techniques that have the po-
tential to improve diagnostic performance. The eventual
role of computers in mammographic detection and diag-
nosis has not been fully realized, but their effect on clinical
practice will probably be very significant in the future.

2. HISTORICAL TECHNICAL DEVELOPMENT IN
MAMMOGRAPHY

Immediately after the x-ray was discovered in 1895, it was
used for medical applications to visualize the interior of
the body (7). Only in 1913 the surgeon Dr. Albert Salomon,
of the Royal Surgical University Clinic in Berlin, reported
the clinical and radiographic findings of the tumored
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breast specimens using glass plates and a conventional x-
ray machine (8). In 1930 in the United States, Stafford
Warren reported the diagnostic value of performing mam-
mography on live patients (8). In the 1930s, Chester F.
Carlson also developed Xeromammography, a specialized
technique to image the breast, which has been superseded
by screen-film mammography. However, because of the
inability of facilities to consistently produce satisfactory
image quality, Xeromammography was virtually discon-
tinued (8). In 1947 in Philadelphia, J. Gershon-Cohen re-
newed the interest in mammography by correlating the
radiographic images with the anatomy and pathology of
the breast. Unfortunately, most facilities still found it dif-
ficult to reproduce images of diagnostic quality (5).

In the early 1950s in Uruguay, Dr. R. Leborgne re-
ported on the appearances of microcalcifications and their
association with certain types of breast cancer, and
stressed the need for a perfect technique to perform mam-
mography, namely to use low-kVp, the need for collimation
by using an extension cone, the value of high contrast im-
age, and compression (5,8).

In 1960, Robert Egan of the University of Texas indi-
cated the need to provide consistent quality mammo-
graphy by optimizing the x-ray equipment, namely by
using the dedicated processing and the correct film type
and proper training of staff involved (8). In the 1960s in
France, Professor C. M. Gros also introduced two addi-
tional concepts to the film mammography imaging chain,
namely the tungsten (W) target was replaced with a Mo-
lybdenum (Mo) target, and vigorous compression was ap-
plied while exposing the breast. Professor Gros
demonstrated that the characteristic radiation produced
from the Mo target improved the contrast between the
subtle breast architecture, fat, calcifications, and paren-
chyma tissue, whereas compression separated the breast
tissues to provide a uniform thickness and helped elimi-
nate patient motion. Professor Gros had made major ad-
vances in improving image quality, but the skin dose to the
breast had increased compared with that of Egan’s tech-
nique (5). In 1967 in France, Professor Gros and the Co-
mpagnie Generale de Radiologic (CGR) began developing
the first dedicated x-ray unit for mammography—the
Senographes I was born (Fig. 1).

The features of Senographes I include: (a) a rotating C-
arm configuration supported the x-ray tube and a film
holder, (b) patients could be evaluated in the erect of the
recumbent position, (c) the x-ray tube had a water-cooled,
stationary molybdenum anode, (d) a beryllium window
replaced the glass window, (e) a 0.7mm focal spot replaced
the 1.5–2.0mm focal spot. A dedicated generator was de-
signed for breast imaging. (f) the control panel offered a
manual exposure selection up to 40kVp, 40mA, and 10 s
time selection, (g) interchangeable cones of various shapes
and sizes were useful to help minimize scatter radiation,
and (h) a piece of plastic was attached to the bottom of the
cones to compress the breast during exposures (5).

In 1976, the second-generation mammography screen-
film system was introduced. The introduction of the film
holder or dedicated mammography cassette also brought
about the introduction of the Min-R screen developed by
Kodak. The Min-R screen used a gadolinium oxysulfide:

terbium phosphor activated technology. The Min-R screen
and film combination was a major contributor to further
reduction in radiation exposure. The systems that were
available at the time included DuPont LoDose, Kodak
Min-R, and Agfa Mammory. Among the main advantages
of the second generation was the increase in speed, which
permitted: (a) reduction in kVp, which improved the con-
trast, (b) reduction in patient motion, and (c) reduction in
the amount of heat generated by the tube, thus prolonging
tube life (5).

In 1978, the third generation of mammography screen-
film was introduced. Once again, the system speed re-
duced exposure to the patient by approximately 50% com-
pared with the second generation. The systems that
became available were: (a) Kodak Ortho M film and
Min-R screen (b) NMB film and Min-R screen (c) LoDose
2 or LoDose. The screen-film combinations were a single
screen and single-emulsion film combination. The in-
creased contrast improved visualization of the small cal-
cifications. The advantages of the third generations were:
(a) Kodak’s Ortho M film that was faster than Min-R film,
was therefore an excellent choice for magnification stud-
ies, (b) reduction in exposure time reduced patient motion,
and (c) increased speed permitted greater flexibility in ex-
posure factors. The introduction of the new screen film
combinations and dedicated mammography equipment re-

Figure 1. The first dedicated mammography unit, the Seno-
graphes I (Reprint with permission from General Electric).
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sulted in a reduction in patient dose, and image quality
has suffered to some extent (5).

3. PHYSICS AND TECHNOLOGY OF MAMMOGRAPHY

3.1. Physical Properties of the Breast

Breast tissues consist of three types: (a) fibrous, (b) glan-
dular or secretory, and (c) adipose or fat. The fibrous and
glandular tissues are usually described together as fibro-
glandular tissue (5,9). However, the composition and size
of the female breasts vary widely. The compressed breast
thickness can range between 2 and 11 cm with a median
value of about 5 cm. The projected area may be as low as
35 cm2 but, for the larger breasts, it may be necessary to
use a larger film format (24 � 30 cm2) or multiple expo-
sures. In the mammographic energy range, the principal
interactions of the x-ray photons with tissue are Compton
scattering and the photoelectric effect. Scattering domi-
nates at the higher energies and the photoelectric effect at
the lower energies. At 20kV, for example, 60% of the in-
teractions are photoelectric and the mean distance be-
tween photon interactions is 1.6 cm (10).

3.2. Specifications for a State-of-the Art Mammography Unit

The focal spot of most dedicated mammography units is
usually positioned above the edge of the radiation field
closest to the patient with the cathode-anode axis running
in the direction of chest-wall to nipple. The geometry used
ensures the visualization of the maximum amount of tis-
sue close to the chest wall. The breast rests on or against a
support plate and is compressed against this plate using
the compression paddle. The compression pressure can be
applied manually, but power-assisted compression is gen-

erally preferred as it allows the technologist to use two
hands to position the breast. The two most common views
used are, the craniocaudal (CC) and mediolateral oblique
(MLD) (Fig. 2).

In a magnification mode, the breast is elevated and
rests on a platform away from the image receptor to pro-
vide a magnified image of part of the breast. The x-ray
unit may also have an accessory for stereotactic localiza-
tion and biopsy. Such an accessory allows the imaging of a
selected region of the breast from two directions and fa-
cilitates the use of the resulting image pair to calculate the
position in three dimensions of breast abnormalities. On
the basis of these calculations, a needle can then be re-
producibly inserted into the abnormality. The use of a dig-
ital detector for biopsy is much preferred because it allows
the breast to be kept in a fixed position and avoids the
delay incurred by processing the film. A localization accu-
racy of 0.5mm is achievable using such techniques.

3.3. X-ray Unit

Modern mammographic x-ray units have highly developed
ergonomics, such as electrical motors that facilitate height
adjustments and angulations. Specifications for a modern
mammography unit are shown in Table 1.

These features have been developed to improve the
work of image acquisition with reproducible quality. Most
current mammography units can be used with imaging
plates or other digital mammography detection systems.
However, a special x-ray unit is needed for some digital
mammography systems (e.g., scanning digital radiology
systems) where the x-ray beam is collimated to a thin fan
beam, which is scanned across the breast. The essential
components of the mammographic imaging system are a
mammographic x-ray tube, a device for compressing the

Figure 2. The most commonly used views, (a) Med-
iolateral Oblique (MLO) and (b) Craniocaudal (CC).

MAMMOGRAPHY 3



breast, an antiscatter grid, a mammographic image re-
ceptor, and an automatic exposure control (AEC) as shown
in Fig. 3.

3.4. X-ray Tube Design

The mammographic x-ray tube is typically configured
with dual filament in a focusing cup that produces 0.3
and 0.1mm nominal focal spot sizes. A small focal spot
minimizes geometric blurring and maintains spatial res-
olution necessary for microcalcification detection. An im-
portant difference in mammographic tube operation
compared with conventional radiographic tube operation
is the low operating voltage, typically below 35kVp. The
space charge effect causes a nonlinear relationship be-
tween the filament current and the tube current. Feed-
back circuits are required to adjust the filament currents
as a function of kV to deliver the desired tube current,
which is generally 100mA (725mA) for the large focal
spot (0.3mm) and 25mA (710mA) for the small focal spot
(0.1mm). As with conventional tubes, the anode disk is
mounted on a molybdenum stem attached to a bearing-
mounted rotor and external stator, and rotation is accom-
plished by magnetic induction. Mammographic x-ray
tubes use a rotating anode design. Table 2 shows anode
materials and Table 3 shows anode construction, with the
main features of characteristics K lines and melting points
(12). Molybdenum is the most common anode material,
although rhodium and tungsten targets are also used for
thicker breasts. Although more recently, a combination
Mo/Ni filter used in combination with a Mo anode has
been suggested as potentially useful for imaging thin
breast (13).

Table 1. Specification for a Modem Mammography Unit

Parameter Specification

X-ray Tube Current rated 4200mA for short exposure times
Focal Spot 0.3 and 0.1mm
Generator High-frequency
SID 60 cm
Filters Automatic K-edge filter change with kV (Mo, Rh, and Al)
AEC Compensation for kV, film screen, and breast thickness
Compression Motor driven (150 N max.)
Grid 5:1 to 4:1

27–40 lines cm� 1

Table 2. Physical Characteristics of Mammographic Anode Materials [Reprint with permission from Dowsett (11)]

Element Z Melting point K-edge

Tungsten 74 34101C 69.5keV
Molybdenum 42 26171C 20.0keV
Rhodium 45 19661C 23.2keV

Table 3. Anode Constructions [Reprint with permission from Dowsett (11)]

Construction Focal spot Filtration Heat storage/
Heat cooling

Tungsten 0.3/0.1mm 30mm Mo 120kJ
Molybdenum 0.3/0.1mm 25mm Rh 480W

50mm Rh
Molybdenum 0.3/0.1mm 30mm Mo 62kJ
Rhodium 0.3/0.1mm 25mm Rh 250W

1.0mm Al

X-ray tube

Tube port

Filtration

Collimation

Compression
paddle

Grid

Screen-film

Phototimer
detector

Figure 3. Components of a typical mammograpy system, exclud-
ing the generator and user console [Reprint with permission from
Bushberg (2)].
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The molybdenum and rhodium spectrums are shown in
Fig. 4 (2). The main features of the Mo spectrum are the
characteristics K x-ray lines at 17.4 and 19.6 keV and the
bremstrahlung background, which is heavily attenuated
by the molybdenum, filter above its k-edge at 20keV. At
energy of the k-edge, a large increase in the molybdenum
photoelectric cross section occurs because of the ability of
the x-ray to eject the k-shell electron. Peak voltages in the
range of 25 to 30kV are normally used, whereas a lower
kV will be used for an examination without grid. The half-
value layer (HVL) measured with the compression paddle
in place will generally be in the range of 0.32 to 0.40mm of
aluminum equivalent.

To facilitate the practical matching of such an x-ray
spectrum to an individual breast, equipment is available
with dual-target x-ray tubes (e.g., Mo and Rh or Mo and
W) with selectable filters (e.g., Mo or Rh). The selection of
target, filter, and tube potential is automatically matched
to the breast thickness and density following an initial
pre-exposure of the breast, which enables the breast
transmission to be assessed. Recent improvements in the
design of x-ray tubes permitted an increase in output, and
these tubes can withstand higher heat load (5). The use of
a high-frequency generator with low ripple is also recom-
mended (10).

3.5. Imaging Geometry and Focal Spot Size

Three contributions exist to the overall unsharpness in
the mammographic image: intrinsic blurring in the image
receptor, blurring because of the finite size of the focal
spot, and blurring from movement. If the breast is well
compressed and no mechanical vibrations from the move-
ment of the grid exist, the blurring from movement should
be small and is usually neglected in the analysis of system
performance. The overall unsharpness then depends on
the image magnification, the focal spot size, and the re-
ceptor unsharpness. A typical value for the receptor un-
sharpness is about 110 mm.

Magnification can decrease the unsharpness signifi-
cantly if the focal spot is small enough. However, two im-
portant disadvantages of the magnification technique are:

(a) it may be necessary to take more than one exposure
because the entire breast cannot be fit on a single film, and
(b) a dose increase exists of a factor of two or three asso-
ciated with the use of magnification. If the focal spot is too
large, magnification will increase the unsharpness and
the magnification should then be kept as close as possible
to one by increasing the source image distance or focus
film distance (9).

3.6. Compression

Optimal compression is important in mammography be-
cause it reduces breast dose, movement unsharpness, geo-
metric unsharpness, improves image contrast, and
reduces the overlap of structures within the breast. It
also equalizes the number of transmitted photons in all
regions across the breast because the tissue path length is
quite similar (10). Compression is generally accomplished
by automatic pneumatic systems that allow fine adjust-
ments of compression.

3.7. Antiscatter Grid

Antiscatter grids are used to eliminate the loss of image
contrast produced by scattered radiation. Two different
types of mammographic grids are used: (a) a stationary
grids with a line density of about 80 lines cm� 1 and an
aluminum interspace material and (b) a moving grid with
a line density of about 30 lines cm� 1 and an interspace
material of paper or cotton fiber. Stationary grids attenu-
ate the primary photons more than the moving grid, be-
cause it has an aluminum interspace, and results in a dose
some 30% higher. Furthermore, as the thickness of the
stationary grid is restricted because of its high primary
attenuation, it only has a grid ratio of 3.5, whereas this
ratio for the moving grid is often 5.0. As a consequence,
the moving grid is better at stopping scattered photons
and offers better contrast (10).

3.8. Image Receptors

The screen-film combination is the standard image recep-
tor used in mammography. If the appropriate combination
is used with well-controlled processing, then films can be
obtained with good contrast and resolution at reasonably
low dose. It is essential to use the correct exposure so that
all regions of the breast are imaged at optical densities
(OD) that give high contrast, as the small cancer detection
rate is dependent on the film OD (14). The average OD of
the film should be in the range of 1.4 to 1.8. In view of
these facts, the AEC and careful control and monitoring of
film processing are mandatory (10).

3.9. Automatic Exposure Control (AEC)

Proper operation of the AEC is essential to produce opti-
mal and reproducible OD of the films independent of
breast thickness and the beam quality used. The AEC
employs a radiation sensor (or sensors), an amplifier, and
a voltage comparator to control the exposure and thus OD
(Fig. 5) (2). In a modern AEC system, use can be made of
more than one detector or of reading the compressed
breast thickness to control the OD (10).

Figure 4. Spectra for beams filters by 0.025mm Rh are depicted
for a molybdenum and rhodium target. The major difference is the
higher energies of the characteristic x-rays generated by the rho-
dium target compared with the molybdenum target [Reprint with
permission from Bushberg (2)].

MAMMOGRAPHY 5



The AEC detector is located underneath the cassette.
This sensor consists of a single ionization chamber or an
array of three or more semiconductor diodes. The sensor
measures the residual x-ray photon flux transmitted
through the breast, antiscatter grid (if present), and the
image receptor. During the exposure, x-ray interactions in
the sensor release electrons that are collected and charge
a capacitor. When the voltage across the capacitor
matches a preset reference voltage in a comparator
switch, the exposure is terminated. The AEC algorithm
automatically selects the tube potential, and in some cases
anode materials on the basis of compressed breast thick-
ness and sometime breast composition. The combination
chosen should represent a reasonable compromise be-
tween image contrast and dose. AEC algorithms take
into account the radiographic technique and, in the case
of extended exposure times, reciprocity law failure, to
achieve the desired film OD (2,10).

4. TECHNICAL ADVANCES OF THE TECHNOLOGY

Today, mammography is performed with dedicated mam-
mography x-ray equipment (15). These units have spe-
cially designed x-ray tubes, smaller focal spots, and
significantly improved breast compression devices, among
other features. Modern x-ray tubes have multiple targets
of molybdenum, tungsten, and rhodium that are selected
by a microprocessor to give optimum tissue penetration.
Cassettes and special films and intensifying screens are
designed especially for mammography. Film processing is
the most common problem that gives rise to image quality
problems and artifacts, but has, nevertheless, also im-

proved significantly over the years (3). Milestones in tech-
nical advances in mammography are shown in Table 4.

Today, it is also possible to obtain mammograms with
higher image quality at a significantly lower radiation
dose compared with 25 years ago. In 2000, the first digital
mammography system was approved by the Food and
Drug Administration (FDA) for clinical use. More and
more digital mammography units have been installed
worldwide, one such model is the GE Senographe 2000D
(Fig. 6).

5. SCREEN-FILM MAMMOGRAPHY

Optimization of mammography techniques include a se-
ries of activities that begin with the choice of mammo-
graphy film, then choosing the optimum film processing
for that film type, selection of the appropriate technique
factors, and the proper viewing of processed mammo-
graphy films. In each area, the basic physics is used to
determine optimized mammography methods. The key
feature of the screen-film combination is relatively high
contrast with the associated low exposure latitude, in
combination with low noise and excellent spatial resolu-
tion. The selection of a screen-film combination involves
such measures as resolution, radiographic speed, cassette
design, film base color, film contrast characteristics, radi-
ologist preference, and cost. In today’s market, no single
best choice exists; hence, most screen-film receptors, when
used as recommended with film processing, provide excel-
lent image quality for mammography (2).

Screen-film mammography has several distinct advan-
tages, which become particularly evident when one at-
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Figure 5. The Automatic Exposure Control (AEC) circuits [Reprint with permission from Bush-
berg (2)].
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tempts to develop an altered, improved technology. Among
these advantages are: (a) the technology is relatively in-
expensive, (b) film that acts as an image receptor is capa-
ble of achieving very high limiting spatial resolution in

excess of 20 line pairs per mm (lp mm�1) (it acts as a de-
tector, as well as a storage and displaying device), (c) im-
ages are conveniently displayed using view-box
technology, which makes displaying multiple images si-
multaneously possible, and (d) film performs on inherent
logarithmic compression of dynamic range onto the avail-
able film OD range (1).

5.1. Cassette

The cassette consists of front panels made of carbon fiber,
to provide both low x-ray absorption and the requisite
stiffness to maintain intimate screen-film contact, and
thus minimize radiation dose and image blurring. Mam-
mographic screen-film combinations have higher resolu-
tion and higher film contrast than conventional
radiographic screen-film combinations, but also have less
exposure latitude, which can be a problem when imaging
thick, dense breasts.

5.2. Double Screen-Film

A double-screen film system was introduced in 1986, with
the advantages that the dust and dirt artifacts are less
apparent, and the double emulsion films do not require
extended processing times to develop optimum contrast.
However, several studies have documented that the best
resolution is still achievable with the single-screen emul-
sion film combination (5).

5.3. Screen-Film Processing and Viewing Conditions

Film processing is a critical link in the chain leading to
high-quality mammograms. Suboptimal image quality is
frequently caused by suboptimal processing. The process-
ing is one of the key factors determining the film contrast
and breast dose. Critical factors in film processing are
temperature, processing time, and replenishment rate.
Viewing conditions are of great importance in both
screen-film and digital mammography. Display luminance
of a monitor should be adequate (at least about 3000 cd/
m2) and the ambient light should be limited (o50 lux, de-
pending on the luminance) (16,17).

Table 4. Milestones in Technical Advances in Mammography (3)

Year Development

o 1969 Conventional tungsten target x-ray tubes with direct exposure industrial-type film
1969 Dedicated mammographic unit with molybdenum target tube & compression device CGR Senographe
1971 Xeromammography Xerox
1972 Screen-film system Du Pont Lo-dose system
1976 Rare earth screen-film system and special cassette Kodak Min-R system
1977 Magnification with microfocal spot Radiological Sciences Inc.
1978 Grid Philips
1987 American College of Radiology Mammography Accreditation Program ACR
1992 American College of Radiology Mammography Quality Control Manual introduced ACR
1994 Mammography Quality Standards Act (MQSA) implementation FDA
2000 1st Digital Mammography approved by FDA for clinical use GE Senographe 2000D

Figure 6. The first dedicated digital mammography unit, Seno-
graphe 2000D (Reprint with permission from General Electric).
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5.4. Image Quality and Dose

In mammography, it is important to consistently produce
high-contrast, high-resolution images at the lowest radi-
ation dose consistent with optimum image quality (2,3).
Obtaining optimum image quality in mammography is
technically demanding, especially as it impacts on the ac-
curacy of diagnosis. Figure 7 shows measured x-ray at-
tenuation coefficients of fibroglandular breast tissue, fat,
and breast carcinoma versus x-ray energy (18). The small
difference between the curves illustrates why mammo-
graphy is such a challenging imaging task, particularly
when the tumor is surrounded by fibroglandular tissue
(2,3).

It shows the attenuation differences between the nor-
mal and cancerous tissue is highest at very low energies
(10 to 15kV) and is smallest at higher energies (435kV).
Low x-ray energies provide the best differential attenua-
tion between the tissues; however, the high absorption re-

sults in a high tissue dose and long exposure time (2).
Increasing the tube potential increases the penetration of
the beam, which decreases the mean absorbed dose and
decreases image contrast by decreasing the attenuation
differences.

Figure 8 shows the main factors affecting breast dose.
It is important to remember that the goal in making a
mammogram is to obtain as much diagnostic information
at the lowest dose compatible with that information,
which, if done correctly, a high-quality mammogram can
be obtained at a reasonably low dose to the breast (3,19).
The speed of the screen-film receptor and the film OD
preferred by the radiologist are major factors affecting
breast dose (2). Breast thickness and tissue composition
strongly affect x-ray absorption. Higher kVp (higher HVL)
increases beam penetrability (lower entrance skin expo-
sure (XESE) and lower MGD), but decreases inherent sub-
ject contrast. Antiscatter grid improves image quality, but
increases radiation dose (2).

5.5. Limitation of Screen-Film System

The limited dynamic range of screen-film mammography
presents a serious limitation in detecting and recording
the various components of the breast. Mammography film
can achieve maximum OD slightly over 4.0 (20). The si-
gmoidal characteristic curve (Fig. 9) is such that the con-
trast is high for intermediate exposure areas but low for
low as well as high exposures. In other words, ‘‘thin’’ and
‘‘dense’’ areas of the breast are displayed with low con-
trast, which is improved with digital mammography (3).

Another limitation of screen-film mammography is the
trade-off between spatial resolution and detection efficacy.
Although there have been some recent developments in
high-density phosphor materials, which could alter the
interaction efficiency of thin screen, the detection effi-
ciency of many of the currently available systems is typ-
ically only 60–70%, which resulted in increased radiation
dose. Most mammograms are performed using a radio-
graphic grid, which discriminates geometrically against
scattered radiation. Although the scattered radiation does
not carry useful information, it does generate light from
the screen that exposed the film helping to achieve the

Figure 7. Attenuation of breast tissues as a function of energy
[From Ng and Muttarak (3)].
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required OD. The loss of this scattered radiation and some
of the desired primary radiation to the screen, results in
increased radiation dose to the breast (1).

5.6. Sensitivity and Specificity

In mammography, both high specificity and high sensitiv-
ity are important. Although mammography is currently
the best method for the detection of breast cancer, 10–30%
of women who have breast cancer have negative mammo-
graphic results. In approximately two-thirds of these
false-negative results, the radiologists failed to detect
the cancer that was evident retrospectively. Digital mam-
mography and spin-off techniques such as computer-aided
detection and diagnosis (CAD) can improve the sensitivity
and specificity. For example, a CAD system showed 90.5%
sensitivity with 1.3 false-positive results per each image
(20).

6. DEVELOPMENT OF DIGITAL MAMMOGRAPHY

Digital mammography is the most recent significant de-
velopment in mammography, which uses essentially the
same conventional mammography system, but it is
equipped with a digital receptor to capture the breast im-
age digitally for display on a computer monitor. With dig-
ital mammography, the magnification, orientation,
brightness, and contrast of the image may be altered af-
ter the examination is completed to help the radiologist
better visualize the breast (3). Good evidence now exists
that improved image quality and possibly reduced radia-
tion dose could be achieved if mammograms are acquired
directly in digital form (19,20).

Digital mammography presents a unique opportunity
and challenge for us to deal with a new set of technical
considerations, understand the physical principles, and
the QC. This technique offers many benefits: improved
contrast resolution; reduced radiation dose; post-acquisi-
tion image enhancement; rapid image display; improved
imaging in dense breasts; improved sensitivity and spec-
ificity; simplified archival, retrieval, and transmission; po-
tential for CAD; and telemammography (1,3,10,11).

Equipment for digital mammography is commercially
available both with small-area and full-field digital mam-
mography (FFDM). The full impact of digital mammo-
graphy is likely to become significant when novel and
emerging applications such as CAD, telemammography,
contrast uptake imaging, tomosynthesis, tissue character-
ization, and risk prediction through breast density anal-
ysis becomes clinically acceptable (3).

6.1. Detector Technology

The x-ray detector system is fundamental to the perfor-
mance of digital mammography. The digital detectors used
in mammography respond linearly to increase in absorbed
dose over a much wider range than screen-film systems
without saturation at high intensities (11). The important
detector properties for digital mammography are field cov-
erage, geometrical characteristics, quantum efficiency,
sensitivity, spatial resolution, noise characteristics, dy-
namic range, uniformity, acquisition speed, and cost. For
dynamic range studies (breast angiography, tomosynthe-
sis), the rate at which sequential images can be acquired is
important (1). Currently, the following detector technolo-
gies are used: flat-panel imagers using amorphous silicon
detector arrays integrated with a scintillator, flat-panel
direct detection approaches using amorphous selenium,
photostimulable phosphors, and slot scanning techniques
using a charge-coupled device (CCD). The status of devel-
opment in FFDM is shown in Table 5. For additional in-
formation on digital mammography, refer to Yaffe 2000 (1),
Dance 2002 (10), and Pisano and Yaffe 2003 (21).

They include indirect digital detectors based on phos-
phors linked to photon detectors and direct digital detec-
tors where electrical charge is directly liberated following
the absorption of the incident x-ray. Gadolinium oxysutp-
hide and cesium iodide are both used as phosphors in in-
direct digital receptors. The light emitted by the phosphor
can be converted to charge in various ways (9). Charac-
teristics of currently available detectors for digital mam-
mography are shown in Table 6.

A digital mammography system based on a photos-
timulable phosphor with laser raster readout is shown in
Fig. 10 (1). The detector is a flexible plastic sheet coated
with a photostimulable x-ray absorption phosphor mate-
rial, typically barium fluorobromide. In response to ab-
sorption of x-rays, electronic charges are stored in ‘‘traps’’
in the materials of the phosphor where they remain stable
for some time. After exposure, the image is read by pre-
cision scanning of the imaging plate by a laser beam. The
red light discharges the traps, causing stimulated emis-
sion of blue light. The blue light is collected by an efficient
light guide and detected by a photomultiplier tube. The
resulting signal is logarithmically amplified, digitized,
and processed for film or soft copy display. The imaging
plate is erased by exposure to white light in the image
reader for reuse. The resultant image has a pixel size of
50 mm for a dedicated mammography imaging plate. Dig-
ital image can be processed with a computer and displayed
in multiple formats (e.g., on film or a monitor), and such
contrast manipulation can be detected. The grayscale is
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roughly similar to that of mammography film, with laser-
printed film, achieving maximum OD of 3.5–4.0 (20).

In a CCD-based system, an intensifying screen is cou-
pled to the CCD camera. Systems for small-field imaging
(typically 5 � 5 cm2 to 8 � 5 cm2) use a single CCD cou-
pled to the intensifying screen either directly, through a
magnifying lens system, or via a fiber optic bundle. Larger
full-field systems require an array of CCDs and the image
is ‘‘stitched’’ together, which results in stitching artifacts

or loss of information where the segments of the image
join. An alternative approach employs a scanning beam
technique in conjunction with a moving linear CCD array
(11).

In an amorphous silicon system, the amorphous silicon
plate is coupled directly to a cesium iodide scintillator
(image receptor). The signal is read via a thin film tran-
sistor (TFT) array. Such systems are often referred to as
flat-panel detectors. An alternative design of flat-panel
detector is based on selenium. These detectors are similar
to the amorphous silicon devices but without the require-
ment of an intensifying screen, which results in improved
image resolution, as no light spread occurs, a characteris-
tic problem in the use of such screens (1).

The amorphous selenium is also being investigated as a
direct digital detector. Selenium is a phosphor and elec-
trical charge is directly liberated within the body of the
detection following the absorption of an x-ray quanta. The
charge carriers follow the electrical field within the pho-
toconductor and no loss of resolution occurs because of the
later as spread of light fluorescent photons (1,10,11). Di-
rect photon-counting detectors are based on indirect or
direct detection of charges and involve analog intermedi-
ate steps that introduce electronic noise. However, when
the photons are counted directly, the systems can be made
entirely quantum limited, where the number of x-ray
quanta detected determines the noise.

6.2. Dedicated Workstation for Monitor Reading

In the early years of digital mammography, a lack of suit-
able workstations have existed for monitoring readings.
The workstation should be fast, have good grayscale res-
olution, as well as good spatial resolution. The problems
with the present workstations include no specialized
workflow support for screening mammography, insuffi-

Table 5. Status of Development in Full-Field Digital Mammography (FFDM) (3)

Status (as of Nov 2005) FFDM Detector type

FDA approved GE Senographe 2000D Amorphous silicon
Fisher SenoScan Charge-coupled device
Hologic Lorad Digital Breast Imaging Charge-coupled device
Hologic/Lorad Selenia Amorphous selenium

Under clinical investigation Fuji FCR 5000MA Photostimulable phosphor
Sectra MicroDose Mammography Amorphous silicon
Instrumentararium Diamond Amorphous selenium
Planmed Sophie Digital Amorphous selenium

Table 6. Detailed Characteristics of Currently Available Digital Detectors

First Generation Second Generation

GE LORAD Fischer Imaging Hologic (Direct Ray)
Conversion method Indirect Indirect Indirect Direct
Scintillator CsI(Tl) CsI(Tl) CsI(Tl)
Photoconductor Amorphous selenium
Pixel size TFT 100 microns CCD 40 microns CCD 24/28 microns TFT 70 microns
Field of View 18 � 23 cm 19 � 25 cm 22 � 30 cm 25 � 29 cm
Detector Area 414 cm2 475 cm2 660 cm2 725 cm2

Figure 10. Digital mammography system based on a photos-
timulable phosphor with laser raster readout [Reprint with per-
mission from Yaffe (1)].
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cient grayscale resolution, and insufficient spatial resolu-
tion. Improvements in workstation performance are ongo-
ing.

6.3. Image Quality and Dose

The performance of digital mammography imaging sys-
tem can be described in terms of the detective quantum
efficiency (DQE). This measure includes the effects of noise
and of the spatial resolution of the system as a function of
the spatial frequency. It is a measure of how efficiently the
detector can convert the information from the x-ray
quanta to a useful signal to produce an image. X-ray pho-
tons are not efficiently detected by screen-film systems,
which consequently have relatively low DQE values of
0.2–0.3 at 0 lp mm� 1 and 0.05 at few lp mm� 1 (1). Digital
systems exist with DQE values around 0.8 at 0 lp mm� 1

and 0.3 at 5 lp mm� 1 (22). Berns et al. (23) have indicated
that the clinical use of digital mammography may gener-
ally improve image quality for equal or lower breast dose,
while providing tighter control on exposure and image
quality than screen-film mammography.

6.4. Demands of Breast Imaging and a Comparison of Screen-
Film and Digital Imaging

The accuracy of the current digital mammography sys-
tems versus screen-film systems had been evaluated in
the Digital Mammographic Imaging Screening Trial
(DMIST) study on 49,528 asymptomatic women, con-
ducted through the ACR Imaging Network (ACRIN, Phil-
adelphia, PA) (24,25) at 33 study sites in the United States
and Canada. This largest U.S. federally funded clinical
trial on medical imaging study concluded that the overall
diagnostic accuracy of digital and film mammography as a
means of screening for breast cancer is similar, but digital
mammography is more accurate in women under the age
of 50 years, women with radiographically dense breasts,
and premenopausal or perimenopausal women (25).

A concern often shown with respect to digital mammo-
graphy is the loss of spatial resolution compared with
screen-film systems. In small-field mammography, CCD
detectors with resolution of 20 lp mm�1 challenge screen-
film imaging, which is not the case for FFDM because of
the increase in the field size and number of pixels required
to image the full breast (11). Much of the important infor-
mation in the mammogram is contained in the fine detail
associated with microcalcifications and thin fibers radiat-
ing from the tumor mass and, therefore, the spatial res-
olution of the imaging system must be very high (1).
Although digital mammography is quite promising, it still
has some limitations before it can replace screen-film
mammography totally. Digital mammography must pro-
vide higher detail resolution (standard screen-film mam-
mography provides up to 20 lpmm� 1) and become less
expensive (the capital investment of digital mammo-
graphy equipment is currently 4 to 5 times higher than
screen-film mammography).

6.5. Computer-Aided Detection and Diagnosis (CAD)

The terms computer-aided detection and computer-aided
diagnosis, both generically abbreviated as CAD, refer to
detection or diagnosis by a radiologist who considers the
results of pattern analysis performed by a computer as
well as statistical information that is presented regarding
the probability of malignancy (1). Developments in com-
puter vision and artificial intelligence in medical image
interpretation have shown the potential for computers as
providers of a ‘‘second opinion’’ in image interpretation.
CAD systems leave the final diagnosis to the radiologist. It
reduces the variability in radiologist’s interpretation of
mammograms and surpasses the performance gains pos-
sible from double readings by two radiologists. Further
potential is made possible by combining FFDM and CAD
to increase detection in digitized images because digital
imaging systems can have higher DQE than digital
screen-film mammography systems. Just as with human
observers, the relationship between physical image qual-
ity and performance levels has not yet been fully estab-
lished for CAD (26).

Improved cancer detection has resulted if radiologists
who interpret screening mammography studies are aided
with CAD system. In one study, the use of CAD had in-
creased the screening detection rate by 19.5% (26). The
current state-of-the-art CAD performs best for cancers
presenting as calcifications and less well for cancers ap-
pearing as spiculated masses and for cancers appearing as
circumscribed masses. CAD does not seem to increase
false-positive call back for additional imaging work-up or
to increase false-positive biopsy rates (26). Currently, sev-
eral commercially available FDA approved CAD systems
exist for mammography, which are intended for use as an
aid for a radiologist reading routine screening mammo-
grams.

The question remains, however, on how much addi-
tional work will be needed to convert current CAD meth-
ods developed for screen-film mammography to the
requirements of FFDM. It is likely that such conversions
will include some means for ‘‘standardizing’’ both the im-
age data between ‘‘machines’’ and the conversions specific
to the task, such as mass versus microcalcifications and
detection versus characterization (27).

7. QUALITY SYSTEM IN MAMMOGRAPHY

7.1. Quality Assurance, Management, and Control

Quality assurance in mammography includes the assign-
ment of responsibility, the establishment of standard, staff
training, proper documentation of procedures, and QC of
equipment, which occurs at installation and throughout
its working life. An effective radiological quality assurance
should help to achieve the following (28): (a) radiological
information of adequate quality for medical diagnostic
purposes, (b) minimized radiation dose to both patients
and staff, consistent with the achievement of adequate
quality, and (c) minimized cost commitment.
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7.2. Quality Control Regulations

As the American College of Radiology (ACR) guidelines for
early detection of breast cancer have become widely ac-
cepted in the medical community, and because some facil-
ities were known to produce poor quality mammograms,
in 1987 the ACR developed the Mammography Accredita-
tion Program, which placed a strong emphasis on control-
ling and maintaining image quality and radiation dose
levels. The ACR Quality Control Manual was introduced
in 1992. Test procedures recommended for the medical
physicist are: (a) mammography unit assembly evalua-
tion, (b) collimation and alignment assessment, (c) evalu-
ation of system resolution, (d) AEC system performance
assessment, (e) uniformity of cassette/screen response, (f)
artifact evaluation, (g) image quality evaluation, (h) gen-
erator performance, (i) beam quality assessment, (j) aver-
age glandular dose, (k) radiation output rate, (1) viewbox
luminance and room illuminance, (n) compression, (o)
leakage radiation, and (p) primary protective shielding
assessment (17).

In 1992, the U.S. Federal Mammography Quality Stan-
dards Act (MQSA) largely adopted the ACR protocols and
incorporated many of the recommendations into federal
regulations. In October of 1994, the Mammography Qual-
ity Standards Act (MQSA) became law (29). Under MQSA,
a mammography facility must be certified by the Food and
Drug Administration (FDA) to bill Medicare for screening
studies. MQSA requires annual medical physicist surveys
on screen-film mammogram equipment. QC tests that fail
require corrective action within a specified time frame.
Additional testing is required when equipment is replaced
or repaired, which has a significant impact on the im-

provement of the technical quality of mammographic im-
ages in the United States and worldwide (3).

The ACR Mammography Accreditation Program devel-
oped guidelines that have become the international stan-
dard for quality control programs. Accreditation by the
ACR requires: (a) a completed questionnaire about the
credentials of staff, type of x-ray equipment, image recep-
tors, processing, and QC procedures used; (b) submitting
mammograms for evaluation by a panel of radiologists; (c)
submitting a breast phantom image for evaluation by a
panel of medical physicists; (d) radiation dose evaluation;
and (e) submitting film processor control data.

In the United Kingdom, detailed descriptions of equip-
ment test procedures have been given by the Institute of
Physical Sciences in Medicine. It comprises the step spec-
ifications, acceptance testing, commissioning, and routine
testing of equipment (10,30). In Europe, the establishment
of national quality assurance programs, recommenda-
tions, or regulations are stipulated in the European
Guidelines for Quality Assurance in Mammography
screening (31). In 1999, the International Electrotechni-
cal Commission (IEC) released an international standard
for testing x-ray equipment, mammographic cassette, and
film processing (16).

The ACR recommended Average Glandular Dose
(AGD) per film for an examination of 4.5-cm-thick com-
pressed breast of average composition to be less than
1mGy (without grid) and 3mGy (with grid), respectively.
The AGD, Dg is calculated from the following formula
(2,17):

Dg¼DgNxXESE;

Table 7. Glandular Dose (in mrad) for 1 Roentgen Entrance Exposure 4.2 cmBreast Thickness – 50% Adipose/50%Glandular
Breast Tissue

Mo/Mo Target/Filter X-ray Tube Voltage (kVp) W/Al
HVL 23 24 25 26 27 28 29 30 31 32 33

0.23 116
0.24 121 124
0.25 126 129 131
0.26 130 133 135 138
0.27 135 138 140 142 143
0.28 140 142 144 146 147 149
0.29 144 146 148 150 151 153 154
0.30 149 151 153 155 156 157 158 159 170
0.31 154 156 157 159 160 161 162 163 164 175
0.32 158 160 162 163 164 166 167 168 168 170 171 180
0.33 163 165 166 168 169 170 171 173 173 174 175 185
0.34 168 170 171 172 173 174 175 176 177 178 179 190
0.35 174 175 176 177 178 179 180 181 182 183 194
0.36 179 181 182 183 184 185 185 186 187 199
0.37 185 186 187 188 189 190 191 191 204
0.38 190 191 192 193 194 195 195 208
0.39 196 197 198 198 199 200 213
0.40 201 202 203 204 204 217
0.41 206 207 208 208 221
0.42 211 212 212 225
0.43 215 216 230
0.44 220 234
0.45 238

Reprint with permission from ACR (16)
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where XESE is the entrance skin exposure (ESE) in Roent-
gens and DgN is an ESE to average glandular dose con-
version factor with units of mGy/R or mrad/R. An air-filled
ionization chamber measures the XESE for a given kVp,
mAs, and beam quality. The conversion factors DgN de-
pends on radiation quality (kVp and HVL), x-ray tube tar-
get material, filter material, breast thickness, and tissue
composition (2,11,10). Table 7 lists DgN values for 50%
adipose and 50% glandular breast tissue composition of
4.5 cm thickness as a function of HVL and kVp for Mo/Mo
target/filter combination (2,17).

The National Council on Radiation Protection and
Measurements (NCRP) has prepared a new report ‘‘Mam-
mography 2002’’ replacing the NCRP Report No. 85,
‘‘Mammography—A User’s Guide’’, 1986 (32). Its recom-
mendations regarding equipment specifications and QC
activities are consistent with those in the MQSA. The final
MQSA regulations require that before a medical physicist
may provide professional services on a new mammograph-
ic modality (such as FFDM) independently, the physicist
must receive at least 8h of training in surveying units of
the newmammographic modality. Also, facilities using the
FFDM system(s) must perform quality control (QC) tests
as required by the FFDM manufacturers (3).

Image quality analysis is performed to ensure that the
film OD, contrast, uniformity, and image quality imaging
system and film processor are maintained at optimum
levels, which is accomplished using an accreditation phan-
tom (RMI 156 or Nucl. Assoc. 18-220) that simulates fi-
bers, specks (microcalcifications), and masses. Viewbox
luminance and room illuminance has also received greater
attention recently (2).

More recently, a study was undertaken to evaluate
trends in mammography quality before and after the im-
plementation of the MQSA of 1992 and to compare tech-
nical data collected in the United States with
corresponding data obtained from the first survey of mam-
mography facilities conducted in 1994–1995 in Canada.
They found that, in the United States, phantom image
scores, along with other technical measures of perfor-
mance such as film processing, darkroom fog, and x-ray
beam quality have improved continuously since 1985 (33).
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MARKOV CHAINS
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University of Illinois at Urbana-
Champaign

Urbana, Illinois

The study of systems evolving over time is useful in many
applications, ranging from queuing theory and statistics
to coding theory in communication networks or computa-
tional biology.

A Markov chain is a discrete system evolving over time
with first-order probabilistic dependence. It is often used
to describe population processes modeling of the evolution
of populations analogous to biological populations. Markov
chains are named after the Russian mathematician An-
drey Alexeyevitch Markov, who established their first
results. They have since been discussed in many texts
(refer to the ‘‘Reading List’’ at the end of the article).

Although continuous Markov chains exist, the authors’
main concern in this article will be discrete-time Markov
chains. They present a basic introduction to Markov
chains along with some examples. Then they provide
some notion and terminology that is useful for the analysis
of Markov chains and their evolution over time. Finally,
they, introduce the ergodic theorem of Markov chains
regarding the existence and uniqueness of a stationary
probability distribution over the system states.

1. EVOLUTION OF SYSTEMS WITH TIME

1.1. Overview

There are two basic ways for a system to evolve, either in a
deterministic way where we know precisely the sequence
of states over time or in a probabilistic way where we can
predict a sequence of states with a certain probability. A
probabilistic system can be further classified according to
the nature of the dependencies between the evolution of
its states as shown in Fig. 1 (either dependent or inde-
pendent).

Dependency relations can also be classified as first-
order Markov dependence or other (more general) types of
dependence relations. In all cases, the system states may
be observable or unobservable as it evolves.

1.2. Deterministic Models

A deterministic model is one where we know the exact
evolution of the system with time. Consider for instance a
set of traffic lights in Fig. 2.

In the traffic lights example, the sequence of states
starting with Green follows the order Green, Orange, Red,
Green, Orange, Redy. In this example, the states are
observable.

Deterministic systems are relatively easy to analyze
because the precise transitions between the states are
known. In other words, we know at which state the system
will be at any given time.

1.3. Probabilistic Models

In the case of probabilistic models, the exact state of the
system at any given time is not known. However, we can
predict a given state at a given time with a certain
probability. Two general models can be considered for
this analysis: independent models and dependent models,
as discussed below.

1.3.1. Independent Probabilistic Models. The main fea-
ture of the evolution of an independent model with time is
that the probability of the next state does not depend on
the current state of the system or on previous states. This
is equivalent to saying that the conditional probability of
being in a certain state at the next time step given
knowledge of all previous states is equal to the probability
of being in that next state without any further informa-
tion.

The probability for the process to go through a certain
sequence of states is called the joint probability distribu-
tion and is given by the product of the single probabilities:

P Xn;Xn�1;Xn�2; :::;X1;X0f g¼
Y

n

k¼0

PðXkÞ;

where X0;X1; . . . ;Xn are the states of the systems.
Consider, for example, that the weather on a given day

evolves according to an independent probabilistic model.
The weather can be either sunny or rainy, hence, the
model has two possible states: sunny (State S) and rainy
(State R). Let the probability that the weather is sunny be
p (and as there are only two states, the probability of rain
be 1-p). The probability of a certain sequence is the
product of the individual probabilities; i.e.,

PðRRSRSÞ¼PðRÞPðRÞPðSÞPðRÞPðSÞ¼ ð1� pÞ3p2:

1.3.2. Dependent Probabilistic Models. In some cases,
knowing some (or all) of the past states updates our
probability of being in the next state. These models are
called dependent probabilistic models. In general, the
probability of being in the next state depends on the
current state of the system and on the past states.
Assuming such a model, the joint probability distribution
of the sequence of sunny/rainy events in the previous

ProbabilisticDeterministic

DependentIndependent

Other types of
dependences

1st order Markov
dependence

Figure 1. Possible evolutions of a dynamic system.
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example can be expressed in terms of various conditional
probabilities. We will use the notation PðRjRÞ to indicate
the conditional probability that it will rain in the next
time step given it rains in the current. Similarly, the
conditional probability PðSjRRÞ is the probability of being
sunny in the next time step given it is rainy in the current
time step and was rainy in the last time step. The joint
probability distribution can be therefore written as

PðRRSRSÞ¼PðRÞPðRjRÞPðSjRRÞPðRjRRSÞPðSjRRSRÞ

The model involving dependencies between all states
can quickly become intractable when the number of states
increases. One simple model that involves probabilistic
dependence is known as the Markov model, which we
describe below.

1.3.2.1. First-Order Dependence Model and Markov
Chain. A system fXn;n¼ 0; 1;2; . . .g follows first-order
probabilistic dependence if the conditional distributions
of any future state Xnþ 1 given the past states
X0;X1; . . . ;Xn�1 and the current state Xn is independent
of the past states but depends only on the current state.
This assumption is known as the first-order Markov
assumption.

A probabilistic model that follows the first-order Mar-
kov assumption is called a first-order Markov chain, or
simply a Markov chain.

In other words, the conditional probability of being in a
certain state j at the next time step nþ1, i.e., Xnþ 1¼ j,
given all previous states X0;X1; . . . ;Xn, depends only on
the current state i of the system at time n, i.e., Xn¼ i, and
not on the past states. It can be written as

P Xnþ 1¼ j Xn¼ i;Xn�1; :::;X1;X0j
� �

¼P Xnþ 1¼ j Xn¼ ij
� �

¼Pij 8i0::in; j0::jn; i; j andn � 0:

Pij is the probability that the process will next make a
transition to state j when in state i and is called a
transition probability.

The corresponding joint probability distribution for a
Markov chain is now simplified to

P Xn;Xn�1; . . . ;X0f g¼PðX0ÞPðX1jX0ÞPðX2jX1Þ

. . . . . .PðXnjXn�1Þ:

Formally, this probability can depend on time. If not, such
Markov chains are called time-homogenous (or homoge-
nous) Markov chains.

1.3.2.2. kth-Order Markov Chain. Along the same line,
we can define higher order Markov chains by relaxing the
first-order assumption to include some dependencies over
the past states. A system fXn;n¼ 0; 1;2; . . .g is known to be
a kth-order Markov chain if the conditional distribution of
any state Xnþ 1 given all of the past states depends only on
the previous k past states; that is,

P Xnþ 1 Xn;Xn�1; :::;X1;X0j
� �

¼P Xnþ 1 Xnj ;Xn�1; :::;Xn�kþ1

� �

:

However, it should be noticed that any high-order Markov
chain can be represented by a first-order Markov chain
with a sufficiently large state space.

A Markov chain can be represented by a state diagram
with probabilistic transitions as shown in the following
section.

2. EXAMPLES OF MARKOV CHAINS

2.1. Example of Weather Forecasting

Let us now consider a more realistic model for the weather
than the one introduced earlier.

Suppose that the weather on a given day has only two
states: sunny (state S) and rainy (state R), but now, the
chance of rain tomorrow depends on whether it is raining
today (first-order Markov assumption). If it rains today
(state R), the probability of rain tomorrow (state R) will be
p; if it is sunny today (state S), the probability of rain (state
R) will be q.

The evolution of the weather can be represented by a
two-state Markov chain whose corresponding state dia-
gram can be drawn (Fig. 3).

Green Orange Red

state

time

O

R

G

(a) (b)

Figure 2. (a) Flow diagram for the
traffic lights example. The states of
the system are circled; the possible
transitions are given by the arrows.
(b) Generated sequence starting with
Green.

1-qp

q

1-p
SR

Figure 3. State diagram for weather forecasting. The states are
in circles; the transitions are probabilistic (probabilities are
indicated on the arrows).
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Given this first-order dependent model, the joint prob-
ability distribution of the sequence RRSRS is given by

PðRRSRSÞ¼PðRÞPðRjRÞPðSjRÞPðRjSÞPðSjRÞ:

2.2. Transition Matrix

The state diagram for weather forecasting (Fig. 3) can also
be represented with the following matrix:

states R S

P¼

R

S

p 1� p

q 1� q

0

B

@

1

C

A

:

For example, suppose that if the current weather is rainy,
it will rain tomorrow with probability p¼ 0.8, and if the
weather is sunny, it will rain with probability q¼ 0.3. The
previous matrix becomes

P¼
0:8 0:2

0:3 0:7

 !

:

As the transition probabilities are nonnegative and the
process has to make a transition to some state j when in
state i, the values of Pij satisfy

Pij � 08i; j;
X

j

Pij¼ 18i:

In other words, the sum of the elements of any row of P is
1. This holds in our example as

0:8þ 0:2¼ 1

0:3þ 0:7¼ 1:

(

The matrix P¼ ðPijÞ8i;j is called the transition matrix.
In general, a Markov chain can have infinitely many

states as shown in the following example. In practice, one
often makes the assumption that the number of states is
finite and therefore that the transition matrix is finite.

2.3. Example of a Random Walk

Let us consider the example of a random walk. Formally, a
random walk is a random process consisting of a sequence
of discrete steps of fixed length. In this example, suppose
the system can move to the ‘‘right’’ (step of þ 1) at any
stage with a probability p or move to the ‘‘left’’ (step of � 1)
with a probability 1 - p. The states are thus the set of
integers, and the corresponding Markov chain is infinite
(Fig. 4).

The corresponding transition matrix

P¼

. .
. . .

. . .
. . .

. . .
. . .

.

. .
.

0 p 0 0 . .
.

. .
.

1� p 0 p 0 . .
.

. .
.

0 1� p 0 p . .
.

. .
.

0 0 1� p 0 . .
.

. .
. . .

. . .
. . .

. . .
. . .

.

0

B

B

B

B

B

B

B

B

B

B

B

B

B

B

B

B

B

@

1

C

C

C

C

C

C

C

C

C

C

C

C

C

C

C

C

C

A

is also infinite.

2.4. Higher Order Transition Matrix

2.4.1. Two-step Transition Matrix. Consider the simple
weather forecasting model developed previously. The
probability of rain tomorrow depends on the current
weather. Can we determine the probability of rain in two
days given it is rainy today?

To answer this question, two scenarios must be con-
sidered:

(1) It can be rainy tomorrow with probability
PðRjRÞ¼p¼ 0:8 and then rainy the day after to-
morrow with probability PðRjRÞ¼p¼ 0:8, yielding a
probability of PðRjRÞ � PðRjRÞ¼p2¼ 0:64.

(2) It can be sunny tomorrow with probability
PðSjRÞ¼ 1� p¼ 0:2 and then rainy the day after
tomorrow with probability PðRjSÞ¼ q¼0:3; yielding
a probability of PðSjRÞ � PðRjSÞ¼ ð1� pÞq¼ 0:06.

Hence, the probability of rain given it is rainy today is
p2þ ð1� pÞq¼ 0:7.

The weather on the day after tomorrow can also be
represented by the probability tree in Fig. 5. These two
scenarios are shown in black in Fig. 5.

In the same way, we can calculate the probability of
rain in two days given it is sunny today:

(1) It can be rainy tomorrow with probability
PðRjSÞ¼ q¼0:3 and rainy the day after tomorrow
with probability PðRjRÞ¼p¼ 0:8, yielding a prob-
ability of PðRjSÞ � PðRjRÞ¼ qp¼0:24.

(2) It can be sunny tomorrow with probability
PðSjSÞ ¼1� q¼ 0:7 and rainy the day after tomor-
row with probability PðRjSÞ¼ q¼ 0:3, yielding a
probability of PðSjSÞ � PðRjSÞ¼ ð1� qÞq¼0:21.

Hence, the probability of rain given it is sunny today is
qpþð1� qÞq¼ 0:45.

p p p

1-p1-p 1-p

-1 +2 +10.... ....

Figure 4. State diagram of a random walk.
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We can also compute the probability of sun in two days
given today’s weather (rainy or sunny):

the probability that there is sun in twodays given it is rainy

today is ð1� pÞpþð1� qÞð1� pÞ¼ 0:3

the probability that there is sun in twodays given it is sunny

today is ð1� pÞqþ ð1� qÞ2¼ 0:55

8

>

>

>

>

>

<

>

>

>

>

>

:

As a result, the weather in two days given today’s
weather is given by

states R S

P¼

R

S

p2þqð1� pÞ

qpþ qð1� qÞ

0

B

@

pð1� pÞþ ð1� pÞð1� qÞ

qð1� pÞþ ð1� qÞ2

1

C

A

:

Note that if we compute the square of the transition
matrix, we get

P2
¼P:P¼

p 1� p

q 1� q

0

@

1

A �

p 1� p

q 1� q

0

@

1

A

¼

p2þ qð1� pÞ pð1� pÞþ ð1� pÞð1� qÞ

qpþqð1� qÞ qð1� pÞþ ð1� qÞ2

0

@

1

A:

We found the exact same values obtained by analyzing
each scenario. The second method simplifies greatly the
computation.

2.4.2. n-step Transition Matrix. We now define the n-
step transition probability using the notiation PðnÞij to
indicate the probability that a process that is in state i

will be in state j after n transitions:

PðnÞij 9P Xnþm¼ j Xm¼ ijð Þ;n � 0; 8i; j:

Note that Pð1Þij ¼Pij;8i; j. We can now define the n-step
transition matrix as PðnÞ ¼ ðPðnÞij Þ8i;j. To obtain the n-step
transition matrix, we compute the nth power of the
transition matrix Pn, where PðnÞ ¼Pn. For example, we
can obtain the four-day transition probabilities for our
example by computing

Pð4Þ ¼P4
¼P2:P2

¼
0:625 0:375

0:5625 0:4375

 !

and, as an example, observe that the probability it will be
sunny in four days given it is sunny today is 0.4375. We
explain the n-step transition matrix in more detail below.

2.4.3. The Chapman–Kolmogorov Equations. To obtain
the n-step transition probabilities, we first calculate the
probability of going from state i to state j in nþm time
units. We do so by considering all possible paths from state
i to state j in nþm transitions and pass by state k at time
n. The probability of such a path is given by conditioning
as

PðXnþm¼ j;Xn¼ kjX0¼ iÞ

¼PðXnþm¼ j Xn¼ k;X0¼ ij Þ

P Xn¼ k X0¼ ijð Þ ¼PðmÞkj PðnÞik :

Summing over all intermediate states k gives the prob-
ability that the process will be in state j after nþm
transitions:

PðnþmÞ
ij ¼P Xnþm¼ j X0¼ ijð Þ

¼
X

1

k¼ 0

P Xnþm¼ j;Xn¼ k X0¼ ijð Þ:

This gives the Chapman–Kolmogorov equations:

PðnþmÞ
ij ¼

X

1

k¼ 0

PðnÞik PðmÞkj 8n;

m � 0; 8i; j ðChapman-KolmogorovÞ:

Note that the Chapman–Kolmogorov equations can be
written in matrix form as PðnþmÞ

¼PðnÞPðmÞ. For m¼ 0,
we have PðnÞ ¼Pn, where Pn is the transition matrix
raised to the power n.

2.4.4. Distribution over the States at Time n. Let
pðnÞ¼ piðnÞ¼PðXn¼ iÞ for all states i

� �

be the probability
distribution over the states at time n, and note that
pðnÞ¼ ðp0ðnÞ . . . pNðnÞÞ is the corresponding probability
distribution vector. Let us assume the initial probability
distribution over the states is described by pð0Þ, and we

Rainy 0.8

0.2

0.3

0.7

0.8

0.2

0.7

0.3
0.2

0.3

0.7

0.8

Sunny

Rainy

Tomorrow’s 

weather 

Weather on the 

day after 

tomorrow 

Rainy

Sunny

Sunny

Today’s 

weather 

Rainy

Rainy

Rainy

Rainy

Sunny

Sunny

Sunny

Sunny

Figure 5. Two-step probability tree for weather forecasting. The
probability of a scenario (an endpoint to the right) is the product
of the probabilities along the path, by Bayes’ rule.
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want to compute pð1Þ. We have the following equalities
induced by the Markov assumption:

pjð1Þ¼
X

N

j¼ 0

P X1¼ jjX0¼ ið ÞP X0¼ ið Þ¼
X

N

j¼ 0

Pijpið0Þ;

and thus,

pð1Þ¼ pð0ÞP:

Applying the same computation n times yields

pð1Þ¼ pð0ÞP

pð2Þ¼ pð1ÞP¼pð0ÞP2

. . .

pðnÞ¼ pðn� 1ÞP¼ . . . ¼pð0ÞPn:

This formula gives the probability distribution over the
states at time n.

3. LONG-RUN STUDY OF MARKOV CHAINS

Consider the weather forecasting example once again. It is
natural to ask what the probability of rain given sun today
is (and, more generally, what the distribution over the two
states is), when n becomes large.

We obtain this probability by looking at the (S, R) cell in
the n-step transition matrix Pn. In 8 days, we get a
probability of 0.598 by computing

P8
¼

0:602 0:398

0:598 0:402

 !

:

In 16 days, we obtain a probability of 0.59991 with

P16
¼

0:600006 0:399994

0:599991 0:400009

 !

:

Two remarks can be made at this point. First, P16 is
almost the same as P8, meaning that after a large number
of transitions, the probability distribution over the states
given today’s weather seems to converge. Second, the rows
of P16 are almost identical, meaning that the values to
which the transition probabilities converge when n grows
large do not depend on today’s weather.

Does the n-step transition matrix always converge? If it
does, what are these probabilities that it converges to?

3.1. Example

Consider, for instance, the Markov chain in Fig. 6.

When computing the n-step transition matrix, we
notice that

P2
¼

1 0

0 1

0

@

1

A;

P3
¼P2

�P¼

0 1

1 0

0

@

1

A;

P4
¼P2

�P2
¼

1 0

0 1

0

@

1

A; . . . :

And, thus,

P2k
¼

1 0

0 1

0

@

1

A

P2kþ1
¼P

8

>

>

>

<

>

>

>

:

; 8k:

The nth power of P depends on the parity of n.
This implies

P2k
!

k!1

1 0

0 1

0

@

1

A

P2kþ1
!

k!1
P

8

>

>

>

>

<

>

>

>

>

:

;

and lim
n!1

Pn does not converge for any initial distributions.

3.2. Limiting Probabilities

If the n-step transition matrix Pn converges, we note the
limit ~P. We can then define the limiting state probabilities
(and the associated probability distribution) that the
process will be in state j after a sufficiently large number
of transitions by

~p¼ lim
n!1

pðnÞ¼ lim
n!1

pð0ÞPn
¼ pð0Þ ~P with

~Pij¼ limPðnÞij
n!1

8i; j � 0:

We are often interested in the cases where the prob-
ability distribution converges independently of the initial
distribution p(0), so that we are sure to get this probability
distribution after a sufficient number of times.

0 1
0 1

1 0
=P

1

1

Figure 6. Example of a Markov chain where the n-step transi-
tion matrix does not converge.
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However this is not always the case, even if the n-step
transition matrix converges when n increases (Fig. 7).

For these two examples, we have

P2
¼P �P¼P

P3
¼P �P2

¼P �P¼P

. . .

Pn
¼P �Pn�1

¼ . . . ¼P:

;

8

>

>

>

>

>

<

>

>

>

>

>

:

8n > 0

Therefore, ~P¼ lim
n!1

Pn
¼P.

However, for the first chain,

~p¼ pð0Þ ~P¼pð0Þ
0:5 0:5

0:5 0:5

0

@

1

A

¼ 0:5 � ðp0ð0Þþ p1ð0ÞÞ 0:5 � ðp0ð0Þþp1ð0ÞÞ
� �

¼ 0:5 0:5
� �

;

and the limiting probabilities are independent of the
initial distribution.

Whereas, for the second example, we have

~p¼ pð0Þ ~P¼ pð0Þ
1 0

0 1

 !

¼pð0Þ:

Note that if the probability distribution converges, it
must verify

~p¼ lim
n!1

pðnþ 1Þ ¼ lim
n!1

pðnÞPð Þ¼ lim
n!1

pðnÞ
� �

P¼ ~pP:

When they exist, these limiting probabilities are also
the long-run fraction of time that the process will be in a
given state.

3.3. Stationary Probability Distribution

A probability distribution p is said to be stationary, or
invariant, if the probability distribution does not depend
on time, i.e., pð0Þ¼ pð1Þ¼ pð2Þ¼ . . . ¼pðnÞ. In other words,

the associated probability vector satisfies

pð1Þ¼ pð0ÞP

¼ pð2Þ¼ pð1ÞP

¼ pðnÞ¼ pðn� 1ÞP:

If a stationary distribution exists,
pð0Þ¼ pð1Þ¼ pð2Þ¼ . . . ¼ pðnÞ, then it must satisfy the con-
dition p¼pP. This means that p is an eigenvector of the
transition matrix, whose components sum to 1. This is
equivalent to solving the following system of equations for
all pj8j � 0:

pj¼
P

1

i¼ 0

piPij8j � 0

P

1

j¼ 0

pj¼ 1

8

>

>

>

<

>

>

>

:

:

Depending on the transition matrix P, there may be more
than one stationary probability distribution. Particularly,
the limiting probability distribution satisfies ~p¼ ~pP, and
therefore, it is stationary.

3.4. Steady-State Probability Distribution

In the previous section, we saw that any limiting prob-
ability distribution is stationary. Whenever there is a
unique stationary probability distribution equal to the
limiting probability distribution and no probabilities are
zero, the distribution is called a steady-state probability
distribution. This distribution is always reached after a
sufficient number of transitions, whatever the initial
probability distribution over the states is.

The existence of a Steady-state probability distribution
is not always assured.

3.4.1. Example 1. As a first example, consider the
Markov chain described by the transition matrix

P¼
0 1

1 0

 !

(Fig. 6). It is easy to show that the probability distribution
vector p¼ 0:5 0:5

� �

corresponds to a stationary distribu-
tion. However there is no way we can reach this distribu-
tion by running the chain sufficiently long enough, as
there is no limiting probability distribution, as discussed.

3.4.2. Example 2. Consider now the Markov chain de-
scribed by

P¼
1 0

0 1

 !

(Fig. 7b). This is the identity matrix; therefore, all dis-
tribution vectors of the form p¼ð a 1� a Þ are stationary
probability vectors and the limiting probabilities depends

0 0 11

.5 .5

.5 .5
=P

1 0

0 1
=P

(a) (b)

0.5 0.5

0.5

0.5 1 1

Figure 7. Example of Markov chains whose probability distribu-
tions converge (a) independently of pð0Þ, or (b) dependently of pð0Þ.
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on the initial distribution. Hence, there is no unique
steady-state probability distribution.

3.4.3. Example 3. For the Markov chain described by

P¼
:5 :5

:5 :5

 !

(Fig. 7a), the limiting and (unique) stationary probability
distributions verify p¼ ~p¼ ð 0:5 0:5 Þ. This is the unique
steady-state probability distribution.

3.4.4. Example 4. Note that even if the limiting and
stationary probability distributions are equal, this is not a
stead-state probability distribution if one component of
the probability distribution is zero. The Markov chain
described by

P¼
0 1

0 1

 !

admits no steady-state probability distribution, although
p¼ ~p¼ ð 0:5 0:5 Þ.

In the next section, we present some results on exis-
tence and uniqueness of the steady-state distribution,
according to the properties of the states in the Markov
chain.

4. CLASSIFICATION OF STATES AND EXISTENCE OF THE
STEADY-STATE DISTRIBUTION

An important theorem concerning Markov chains states
the existence of the steady-state distribution under cer-
tain conditions. Let us introduce some properties of states
in Markov chains to characterize these conditions.

4.1. Accessibility and Communication

4.1.1. Definition. State j is said to be accessible from
state i if for some nZ0, PðnÞij > 0. This means that a path
from state i to state j exists in the state diagram of the
corresponding Markov chain.

If state j is accessible from state i, and state i is
accessible from state j, state i and state j are said to
communicate, and we write i2j.

Note that any state communicates with itself because
Pð0Þii ¼PfX0¼ i X0¼ ij g ¼ 1.

4.1.2. Example. Consider a Markov chain with transi-
tion matrix

P¼

0 1 0

0 0:5 0:5

0 0:5 0:5

0

B

B

@

1

C

C

A

(Fig. 8).
We have the following:

* State 1 and State 2 are accessible from state 0.
* State 0 is not accessible from state 1 or state 2.
* State 1 is accessible from state 2, and state 2 is
accessible from state 1; hence, 122.

4.1.3. Classifying States. The previously defined rela-
tion of communication is an equivalence relation as it
satisfies the following three properties:

(1) State i communicates with itself for all iZ0 (reflex-
ivity).

(2) If state i communicates with state j, then state j
communicates with state i for all i,jZ0 (symmetry).

(3) If state i communicates with state j and state j
communicates with state k, then state i communi-
cates with state k for all i,j,kZ0 (transitivity).

Two states that communicate are in the same communica-
tion class.

4.2. Irreducible Markov Chain—Recurrent and Transient
States

AMarkov chain is said to be irreducible if there is only one
class, all states communicating with each other. In the
previous example (Fig. 8), state i and state j do not
communicate and, therefore, the Markov chain is not
irreducible.

For any state i, we define fi as the probability that the
process, starting in state i, will ever re-enter state i. State i
is said to be recurrent if fi¼ 1 and transient if fio1.

In the previous example (Fig. 8), f0¼ 0o1 and, there-
fore, state 0 is recurrent. Conversely, we can show that
state 1 and state 2 are transient.

If state i is recurrent, the process will enter state i an
infinite number of times. If state i is transient, the number
of steps that the process, starting in state i, will re-enter
state i follows a geometric distribution with a finite mean
1

1�fi
.
The Borel–Cantelli Lemma showed that:

* State i is recurrent if
P1

n¼ 1 P
n
ii¼1.

* State i is transient if
P1

n¼ 1 P
n
iio1.

One consequence of this is that in a finite-state Markov
chain, not all states can be transient. Furthermore, the
recurrence is a class property; that is, if state i is recurrent
and state i communicates with state j, then state j is
recurrent.

It can be shown that either all of the states of an
irreducible Markov chain are recurrent, or all are tran-

0 1 2

1

0.5

0.5 0.5

0.5

Figure 8. Some properties of states in Markov chains.
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sient. The chain is either recurrent or transient. Further-
more, if an irreducible chain is finite, it is recurrent.

4.3. Periodicity

In the following definitions, we will consider irreducible
Markov chains, unless stated otherwise.

A state i is said to have period d if, given X0¼ i, we can
only have Xn¼ i when n is a multiple of d. State i is
periodic if the period is strictly greater than 1. If the
period is 1, the set of possible return times is a subset of
the set of positive integers f, meaning the return time can
take any value. It can be shown that, for an irreducible
Markov chain, either all states are periodic or none of
them are.

Consider the Markov chain whose transition matrix is

P¼
0 1

1 0

 !

:

This is the chain drawn in Fig. 6. It is straightforward that
given P, state 0 and state 1 are two-periodic. In that case,
the chain is said to be two-periodic. More generally, the
period of a chain is the greatest common divisor of the
periods of its states. If this period is 1, the chain is said to
be aperiodic. Note that if one state is aperiodic, then the
corresponding chain is also aperiodic. For example, in the
Markov chain described by

P¼
:5 :5

:5 :5

 !

(Fig. 7a), state 0 and state 1 are aperiodic and the
(irreducible) chain is aperiodic.

4.4. Positive Recurrence

If you consider a recurrent state i, we know for sure that, if
starting in state i, the system will eventually re-enter
state i for sure. However, it can be the case that the
expected time to re-enter state i is infinite. In that case,
state i is called null-recurrent. Otherwise the expected
time is finite and state i is called positive recurrent. A
recurrent chain whose states are all positive recurrent is
positive recurrent.

Any positive recurrent chain admits a stationary dis-
tribution. Furthermore, irreducibility ensures that the
stationary distribution is unique.

4.5. Ergodic Theorem

An irreducible, positive recurrent, and aperiodic Markov
chain is said to be ergodic. The ergodic theorem is one of
the main results of Markov chain theory. It states that any
ergodic Markov chain admits a unique steady-state dis-

tribution that is given by the limiting probability distribu-
tion whatever the initial distribution. This means that for
any initial distribution, we are sure to converge to the
unique stationary distribution defined by p¼ pP

4.6. Application to the Weather Forecasting Example

Take the weather forecasting example again with the
transition matrix

P¼
p 1� p

q 1� q

 !

:

With regard to the previous definitions:

* The two states are communicating; hence, the chain
is irreducible.

* The two states are clearly aperiodic (this is true
whenever there is a loop for one state).

* The two states are positive recurrent

Therefore, by the ergodic theorem, there is a unique
steady-state distribution and the limiting probability vec-
tor is the solution of p¼ pP, or equivalently,

p0¼p�p0þ q�p1

p1¼ ð1� pÞ�p0þ ð1� qÞ�p1

p0þ p1¼ 1

8

>

>

<

>

>

:

:

This yields p0¼
q

1þ q�p and p1¼
1�p

1þ q�p.
With

p¼ 0:8

q¼ 0:3

(

;

we get p0¼ 0:6, which is consistent with the values found
previously.
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1. INTRODUCTION

Maximum likelihood estimation (MLE) is one of the most
popular techniques in parameter estimation and classifi-
cation. In many applications, some a priori information
exists on the nature of the system to be modeled; e.g., often
it is known that the system produces data according to
some Gaussian distribution. Such information helps iden-
tify the general form of the model. However, the main is-
sue in forming such models is how to find the best set of
parameters for the assumed model. MLE is a parameter
estimation technique that finds the optimal set of param-
eters for a model. More specifically, MLE attempts to find
the model parameters that best fit the training data gen-
erated by the system.

The MLE algorithm was first proposed by Fisher (1).
This algorithm was designed to find the probability dis-
tribution function that best fits the observed data from an
unknown random variable. More specifically, the param-
eters of the distribution function were chosen in such a
way to maximize the likelihood of the model producing the
observed data. Since then, the MLE algorithm has been
further developed and used for many different applica-
tions in science and engineering (2–6).

A major application of MLE is in pattern recognition.
This application of MLE makes an important technique in
biomedical signal and image processing. In almost all pat-
tern classification techniques, one needs to estimate the
parameters of a probability function. For example, in
Bayesian decision theory, which is one the most popular
methods in pattern classification, the main problem is to
estimate the parameters of the class conditional probabil-
ity for all classes. In this article, the authors focus on the
use of MLE for Bayesian classification and describe the
applications of MLE in pattern recognition.

The rest of the article is organized as follows: To better
describe the details of the MLE method, in the next sec-
tion, a brief description of Bayesian decision theory and
class conditional probability is given. Then, it is explained
how MLE can be used to implement the Bayesian decision
making and classification. The third section is dedicated to
a brief review of some of the unique characteristics of
MLE. Then, some of the applications of MLE in biomedical
signal and image processing are described. Finally, the
last section provides a conclusion.

2. BAYESIAN DECISION MAKING

Assume that there are two classes o1 and o2. The goal of
Bayesian decision theory is to come up with a decision
boundary between the two classes. For each new sample in

the testing set, this decision boundary is expected to de-
termine to which class the new sample belongs. More spe-
cifically, the Bayesian decision theory states that a new
sample x belongs to class o1 if

Pðxjo1ÞPðo1Þ > Pðxjo2ÞPðo2Þ; ð1Þ

where Pðxjo1Þ is the class conditional probability of class
o1. If we know that the new sample belongs to the class
o1, then Pðxjo1Þ is the probability of this new sample hav-
ing the value x. Therefore, if the probability function of
class conditional probability is known, then the Bayesian
decision theory determines the class of a new sample.

The problem with this formulation is that in many
cases we do not know the exact form of this probability
function, whereas the general form of the function is often
known. Therefore, the maximum likelihood technique can
be used to estimate the parameters of these probability
functions. Once the probability functions are accurately
estimated, the decision criterion in (1) identifies the deci-
sion boundary.

It has to be mentioned that Bayesian criteria can be
formulated in other forms, but regardless of the exact for-
mulation, there will always be probability functions whose
parameters need to be optimized using MLE.

3. MLE FOR CLASSIFICATION

As mentioned, MLE considers the training samples gen-
erated by the actual system to obtain the optimal set of
parameters for the probability functions. This guarantees
that the resulting model best matches the sampled data
because MLE maximizes the likelihood of the matching
between the obtained model and the observed data.

As mentioned in the formulation of Bayesian classifi-
cation, one needs to know the class conditional probabil-
ities to form the Bayesian decision equations. Therefore,
assuming that the general form of the probability function
PðXjoiÞ is known, the parameters of this probability func-
tion must be determined. Next, we describe how MLE is
used to perform this task.

In a straightforward generalization of the above for-
mulation, suppose that there are c classes in the pattern
classification problem. This means that the dataset can be
separated to c data sets, D1; . . . ;Dc. Assume that samples
in Dj are independent and identically distributed (i.i.d). As
mentioned, the general form of the probability function
pðxjoiÞ is assumed to be known and the problem is to es-
timate the parameter vector yi of this function. It is also
assumed that the parameters for different classes are
completely independent of each other, and therefore sam-
ples in Di have no effect on yj.

Suppose that D contains n samples, x1; . . . ;xn. With the
above assumptions, we have

PðDjyÞ¼
Y

n

k¼ 1

PðXkjyÞ; ð2Þ

where PðDjyÞ is called the likelihood of y. The objective is to
find the parameter set ŷ that maximizes pðDjyÞ. By calcu-

1
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lating the log of Equation 2, we have

lðyÞ ¼
X

n

k¼ 1

lnpðXkjyÞ: ð3Þ

To obtain ŷ, one can calculate the gradient of this function
as

ryl¼
X

n

k¼ 1

ry ln pðXkjyÞ: ð4Þ

Now, setting ryl equal to zero gives ŷ; i.e., solving the
following equations provides the optimal set of parame-
ters:

ryl¼ 0: ð5Þ

Due to the importance of the Gaussian distribution
functions in many practical applications, next the above
formulation is further specialized toward Gaussian cases
and simpler equations are obtained to describe the MLE
algorithm.

3.1. MLE for Gaussian Distribution Function

Gaussian distribution has the following general form:

PðxÞ¼
1

s
ffiffiffiffiffiffi

2p
p expð�ðx� mÞ2=ð2s2ÞÞ; ð6Þ

where m is the mean of the distribution function and s is
its variance.

Based on the existing data, we are going to use MLE to
obtain the parameters of this distribution function. Fur-
ther assume that s is known and the only parameter to be
estimated is m.

Assume that x1; x2; . . . ; xn are the existing i.i.d. data
generated by the normal distribution Nðm; s2Þ with known
s. MLE searches for the m parameter that best matches
the existing training data; i.e., MLE finds the value m̂ that
maximizes the probability function Pðmjx1; x2; . . . ; xn; s2Þ.
This means

m̂¼ arg max
m

Pðx1; x2; . . . ; xnjm; s2Þ: ð7Þ

This equation can be further specialized as follows:

m̂¼ arg max
m

Y

n

i¼ 1

Pðxijm; s2Þ

¼ arg max
m

X

n

i¼ 1

logPðxijm; s2Þ

¼ arg max
m

1
ffiffiffiffiffiffi

2p
p

s

X

n

i¼ 1

�
ðxi � mÞ2

2s2

¼ arg min
m

X

n

i¼ 1

ðxi � mÞ2:

ð8Þ

From Equation 8, it can be seen that performing a simple
derivative operation would result in the calculation of m̂.
This simply reduces the MLE problem in the case of
Gaussian distributions to a least-squares estimation.
There are also many applications where MLE is used for
non-Gaussian distributions (7,8).

4. PROPERTIES OF MAXIMUM LIKELIHOOD ESTIMATION

As can be seen, MLE is efficient, asymptotically unbiased,
asymptotically consistent, and computationally simple.
Moreover, except for the general shape of the distribution
function, MLE does not require any other prior informa-
tion about the system to be modeled. In addition, estima-
tion methods based on maximum likelihood methods have
a relatively desirable convergence rate as the number of
training samples increases (9,10).

On the other hand, a major disadvantage of MLE is the
fact that when dealing with noisy training data, MLE
gives a noisy and unreliable estimation of the parameters.

5. APPLICATION OF MAXIMUM LIKELIHOOD
ESTIMATION

As mentioned, MLE can be used for any problem that re-
quires parameter estimation of a known model, and as a
result, it has numerous applications in biomedical engi-
neering and bioinformatics. Atarius and Soma used MLE
to analyze cardiac late potentials (11). Baryshnikov et al.
have applied MLE to estimate the low rank signals for
multiepoch MEG/EEG analysis (12). Ferrara and Algazi
used MLE to estimate the blood velocity (13). Kang et al.
have used MLE in EMG pattern recognition (14). de Mu-
nck et al. used MLE in analyzing the variations in noisy
MEG/EEG data sets (15). Gutiérrez et al. have applied
MLE in the estimation of brain conductivities (16). Brady
et al. and Davies et al. used MLE in analyzing DNA se-
quence (17,18).

There are many more biomedical engineering applica-
tions in which MLE is effectively used for modeling and
classification. The main applications of MLE in biomedical
engineering are in classification of biomedical images and
signals.

6. CONCLUSIONS

MLE is a method that finds the best set of parameters for a
given distribution function using a set of training data
generated by the actual system to be modeled. Maximum
likelihood is heavily used in Bayesian decision-making
systems and as result plays an important role in pattern
recognition methods. Due to the importance of Gaussian
distribution, MLE is often specialized for Gaussian cases.
MLE is used in many pattern recognition methods applied
to classification of biomedical signals and images.
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The development and advancement of our societies has
been intimately tied to an ability for the members to de-
velop materials and devices. Materials influence our ev-
eryday lives and are deeply entrenched in our everyday
activity. The level of material development, such as the
Stone Age, Bronze Age, etc., designated the earliest civi-
lizations. Materials production and manipulation have
advanced societies by way of fulfilling their needs, such
as the manufacture of devices like hip and knee prosthe-
ses. The earliest societies had limited access to materials;
these materials were the ones that occurred naturally:
stone, wood, clay, and so on. Techniques to produce mate-
rials with superior properties to those found naturally
were soon discovered, including ceramics and various
metal alloys whose material properties could be manipu-
lated by heat treatments and alloying. It has only been in
the last 50 years or so that scientists have come to under-
stand the relationship between a material’s properties and
its structural elements, which has allowed the character-
istics of materials to be fashioned to a greater and more
precise level. Numerous materials have now evolved in
our society with specialized characteristics to meet our
ever-demanding modern and complex needs. These mate-
rials include metals, ceramics, polymers, and composites
(1).

The development of technologies that make our exis-
tence comfortable have been closely associated with our
ability to access such complex materials. The advance-
ment in the understanding of material requirements is
often the forerunner to the quantum progression of such
technologies (1,2).

Mechanical testing involves investigating the relation-
ship between the structures and properties of materials
and devices. In contrast, mechanical testing is an avenue
to evaluate the materials scientist’s design of a structure-
property correlation, where they have designed a partic-
ular material to a previously measured set of properties
(3), which in biomedical engineering are usually biological
tissues.

Some terms related to materials must be defined.
‘‘Structure’’ of a material relates to the arrangement of

its internal components. Many material structures exist
such as homogeneous (metals and their alloys) and non-
homogenous (bone- and fiber-reinforced composites)
where the material properties are different in the orthog-
onal directions. Structure that is viewed through a micro-
scope is known as microscopic. Structure that can be
observed with the naked eye is termed macroscopic.

‘‘Property’’ is a material trait and is defined in terms of
the kind and magnitude of response to a specific imposed
stimulus. Properties are usually independent of material
shape and size. Most properties of solid materials can be
grouped into six different categories: mechanical, electri-

cal, thermal, magnetic, optical, and deteriorative (1). Me-
chanical properties relate to the material undergoing
deformation caused by an applied load, including elastic
modulus and strength (4). Examples of electrical property
include conductivity and dielectric constant; the stimulus
being an electric field. Thermal behavior is characterized
by heat capacity and thermal conductivity. Magnetic prop-
erties illustrate the response of a material to a magnetic
field. Optical property examples are reflectivity and index
of refraction; the stimulus can be either light radiation or
electromagnetic. Deteriorative properties indicate the
chemical reactivity of the material to its service environ-
ment (1).

In the biomedical engineering field, mechanical testing
of a material investigates a number of the effects of the
properties mentioned above, which normally include me-
chanical, thermal, and deteriorative properties. Most me-
chanical testing investigates the structural behavior of a
material by applying a load while recording the load de-
formation characteristics over time, normally in a physi-
ologic environment. The physiologic environment
introduces the thermal and deteriorative property inter-
action to the mechanical testing. Table 1 presents a de-
monstrative list of the biomaterials in use today and their
respective applications (3).

Current research in the biomedical engineering field
requires the ability to simulate, as closely as possible, the
environment in which the material is going to be applied.
This simulation may involve joint kinematics, such as hip
or knee fatigue testing, or organ kinematics, such as the
pumping action of the heart. The majority of mechanical
testing specifications are defined by standards organiza-
tions, such as ISO (International Organisation of Stan-
dardisation), DIN (Deutsches Institut für Normung eV,
Germany), BS (British Standards, England), JIS (Japa-
nese Standards Association, Japan), AS (Standards Aus-
tralia, Australia), and ASTM (American Society of Testing
Materials, USA). Mechanical testing of soft tissues such as
ligaments and tendons are normally based around a stan-
dard defined by a standards organization. The most widely
used testing machines have one degree of freedom (DOF)
(axial, compression, or tension). The types of mechanical
tests performed with a 1 DOF system are tension or com-
pression, fatigue, fracture mechanics, strain rate sensitiv-
ity, viscoelasticity, and creep (3). The 1 DOF system is
appropriate for the basic simulation of the tensile loading
of ligaments or tendons. The in vivo loading of ligaments
and tendons may be complex and other DOF may play a
roll, such as the ligaments of the knee, and in particular
the anterior cruciate ligament of the knee during stair as-
cent (5–7).

The human body is a very complex machine, and the
biomechanics involved in the motion of the joints is also
very complex. It requires simulation of the contraction
and antagonistic relaxation of muscles. This motion is dy-
namic and must be carried out under a complex combina-
tion of load and displacement control. A control system is
an interconnection of components forming a system con-
figuration that will provide a desired system response,
which is normally represented as a block diagram (Fig. 1).

1
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Table 1. Biomedical Materials and Applications

Material Application

Nondegradable Synthetics – Commodity Polymers

Polyamides Sutures
Polycarbonates Housing materials
Polyesters Vascular grafts
Polyformaldehyde Heart valve stents
Polyolefins Sutures, mesh for hernia repair
Polyvinyl chloride Tubing, blood bags

Nondegradable Synthetics – Value Added Polymers

Fluorocarbons Vascular grafts
Hydrogels Contact lenses, catheter coatings
Polyolefin elastomers Tubing, artificial heart bladder
Polyurethanes Catheters, artificial heart bladders
Silicones Soft tissue reconstruction, tubing
Ultrahigh molecular weight polyethylene (UHMWPE) Joint replacement bearing surfaces

Biodegradables

Albumin, cross-linked Vascular graft coatings, cell encapsulation
Collagen/gelatin, cross-linked Soft tissue reconstruction, vascular graft coatings
Polyamino acids Controlled release, cell adhesion peptides
Polyanhydrides Controlled release
Polycaprolactones Controlled release, bone plates
Polylactic/glycolic acid copolymers Suture, bone plates
Polyorthoesters Controlled release, bone plates

Biologically Derived Materials

Bovine carotid artery Vascular graft
Bovine ligaments Ligaments
Bovine pericardium Pericardium substitute, heart valves
Human umbilical vein Vascular graft
Porcine heart valve Heart valves

Bioderived Macromolecules

Chitosans Experimental, wound dressing, controlled release
Collagen Soft tissue injectables, coatings, wound dressing
Elastin Experimental coatings
Gelatin, cross-linked Artificial heart bladder coating
Hyaluronic acid Coatings, wound dressing, surgical nonadhesion

Tissue Adhesives

Cyanacrylate glue Wound closure, microsurgery
Fibrin glue Vascular graft coating
Molluscan glue Enhancement of cell adhesion

Metal and Metallic Alloys

Metal and metallic alloys Orthopaedic and dental implants, vascular stents
Cobalt chrome molybdenum alloys Heart valve stents, orthopaedic implants
Nitinol alloys (shape memory alloys) Vascular stents, orthopaedic wire
Stainless steel Orthopaedic implants, surgical wire
Titanium and titanium alloys Orthopaedic implants, artificial heart housing, heart valve stents

Ceramics, Inorganics, and Glasses

Aluminum, calcium, and phosphorous oxides Degradable bone graft substitutes, enhance bone growth
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Two types of control systems exist, open loop and closed
loop. Open-loop control (Fig. 2) uses a controller or control
actuator to obtain the required response. A closed-loop
control system (Fig. 3) uses the measurement of the actual
output to compare with the desired output response. The
measured output is called the ‘‘feedback signal’’ (8).

Natural joints, such as the knee, have up to 6 DOF in
motion. The motions and dynamic response of the me-
chanical testing machine need to be high and sensitive.
The ‘‘closed-loop’’ control feedback system may need to be
load and displacement controlled, such as a multivariable
control system (Fig. 4).

Servohydraulic mechanical testing machines have the
ability to best meet a complex combination of the load and
displacement control demands. Although mechanical
‘‘screw-type’’ testing machines are still used, they are bet-
ter suited to low-frequency-type mechanical testing. Ser-
vohydraulic mechanical testing machines use a servo
valve that turns electrical signals into fluid pressure.
The fluid pressure generated via the electrical signal re-
acts through the actuator to apply the required loads to
the specimen. The desired loading is normally generated

using a function generator and the waveform electroni-
cally governs the movement of the hydraulic servovalve.
The feedback signal comes from the control transducer
(load cell, linear variable displacement transducer
(LVDT), or extensometer), which is compared with the de-
sired output response, and the error is summed into the
control signal. Figure 5 presents a schematic of a servo-
hydraulic ‘‘closed-loop’’ control system.

More complex servohydraulic systems are required to
simulate joint motions. Mechanical testing machines with
2 DOF (linear and rotational) are often used. Special jigs
to hold the specimens can take the other DOF into ac-
count. Systems with two channels of control have the
other DOF either constrained or unconstrained. The sche-
matic in Fig. 6 presents 4 DOF where 2 DOF are control-
lable and 2 DOF are unconstrained. The unconstrained
DOF is planar motion.

Computer control of servohydraulic systems provides
the ability to program the complex physiological loads and
to simulate the kinematics of the various joints in the
skeletal system. This complex loading data is usually ob-
tained from modeling techniques or gait analysis.

Some simple examples of mechanical testing tech-
niques are described below. The tension test is the com-
mon test used to determine the strength-deformation
characteristics of materials. It involves the preparation
of the specimen according to the respective standards
(AS13991, ISO 15579, ASTM D, and WK series of stan-

Table 1 Continued

Material Application

Bioglasss Bioactive phosphorous calcium glass, orthopedic coating
Glass ceramics Encapsulation of implantable medical electronics
High-density alumina Acetabular cup and bearing surface, femoral head replacement
Hydroxyapatite Bioactive ceramic, orthopedic implant coating, bone graft substitutes

Carbons

Glassy carbons Fibers for orthopedic composites
Pyrolytic (low-temperature isotropic) carbon Heart valves, dental implants
Ultralow temperature isotropic carbon Coatings on heat-sensitive polymers

Passive Coatings

Albumin Thromboresistance
Alkyl chains Adsorbs albumin for thromboresistance
Fluorocarbons Reduced drag for catheters, thromboresistance
Hydrogels Reduced drag for catheters, thromboresistance
Silica-free silicones Thromboresistance, improved wound healing for soft tissue reconstruction

Bioactive Coatings

Anticoagulants, e.g., heparin and hirudin Thromboresistance
Antimicrobials Infection resistance
Bioactive ceramics and glasses Bone adhesion and formation; soft tissue adhesion
Cell adhesion peptides Enhanced cell adhesion, epithelium, endothelium
Cell adhesion proteins Enhanced cell adhesion, epithelium, endothelium
Negative surface charge Thromboresistance
Thrombolytics Thromboresistance

Reproduced with permission (3)

OutputInput Process

Figure 1. Block diagram.
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dards). The specimen will have an original length, l0, and
an original cross-sectional area, A0. The original length is
normally the distance between the gauge marks on the
specimen. Typical data acquired from a tensile test are the
load and displacement measurements, which can be plot-
ted as a load-displacement curve (Fig. 7). The area under
this curve is the energy/work required to fail the material.

The data is then presented as stress and strain and is
defined as the ratio of the applied load to the original

cross-sectional area.

s¼
F

A0
;

where F is the applied load.

Desired 
output response

Control
actuator

Process Output
Figure 2. Open-loop control system.

Control
actuator

Measurement

Desired 
output response

Error +/− Process Output

Figure 3. Closed-loop control system.

Control
actuator

Measurement

Desired
ouput response

 Error +/− Process Output

Figure 4. Multivariable control system (such as load & displacement).

Servo controller

Summing
junction

Error
Valve
driver

Conditioner

Feedback

Feedback
signal

Closed
loop

Command signal

Loading unit

Specimen

Function
generator

Figure 5. Schematic of ‘‘closed-loop’’ control
system incorporated in a mechanical testing
machine (3).
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The strain is given by the following relationship:

e¼
l� l0
l0

;

where e is the strain.
During the tensile test, the material elongates up to a

proportional limit. Prior to this limit, the material is be-
having in a linear elastic fashion. The material behavior
in the linear elastic region can be described by the follow-
ing relationship:

E¼
s
e
;

where E is the modulus of elasticity, or Young’s modulus.
This linear relationship between stress and strain is
known as Hooke’s law.

Once the material has passed its elastic limit, it has
entered the plastic deformation region. The material is
now permanently deformed and the stress-strain relation-

ship is no longer linear. The determination of the yield
point for some materials is difficult (e.g., aluminum) be-
cause the rate of change in the slope is small. The usual
practice to define the yield point, in this case, is to take a
point on the curve that is offset by a strain of 0.2%.

The graph below (Fig. 8) presents a typical stress-
strain curve for a tensile test. The end of the linear re-
gion is denoted by the yield stress (Y) and the peak of the
curve denotes the ultimate tensile stress (UTS), with the
material failure defining the end of the curve. The area
under the stress-strain curve up to the yield point is
known as the modulus of resilience (2).

The tensile mechanical testing discussed above would
typically be used in biomedical engineering to determine
the material properties of sutures, ultra-high molecular
weight polyethylene (UHMWPE), screw pullout, liga-
ments, tendons, and artificial ligaments to name a few.
Similar curves (Figs. 7 and 8) are displayed for compres-
sive mechanical tests. Typical compressive mechanical
testing examples would be to determine the mechanical
properties of newly developed bone graft substitutes,
UHMWPE, bone-implant fixation (bone ingrowth/bone
ongrowth) into new surface textures, and bone graft sub-
stitute repairs in animal experiments. There can be issues
related to compressive testing of biological materials, such
as ‘‘end artifact’’ where the test result can be influenced by
the platen’s friction against the test specimen. Keaveny et
al. found that the precision of the conventional compres-
sion test will be poor unless friction is completely elimi-
nated at the specimen-platen interface (9,10). These data
suggest that the conventional compression test can be
precise but is rarely accurate, and that literature compar-

Actuator

Rotational
DOF
(controlled) Axial DOF

(controlled)

Ball dam
multiplanar DOF
(unconstrained)

Figure 6. Schematic of 4 DOF (2 controlled and 2 uncon-
strained).
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Figure 7. Load-displacement curve.
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Figure 8. Typical stress-strain curve.
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isons should be made with caution. They also found that
the end-cap technique alleviated a lot of the end artifact
(9,10).

Tensile testing involves clamping the specimens in spe-
cially designed clamps/jaws. This method can cause prob-
lems for materials that are sensitive to surface defects and
notching. Ceramics, bone cements (Polymethylmethacry-
late, PMMA), and carbides are materials that fall into this
group. These materials are brittle materials and are also
susceptible to alignment problems that may cause non-
uniform stress distributions along their respective cross
sections.

The most common method of mechanical testing of
brittle materials is to bend them, which is sometimes re-
ferred to as flexure testing. Two types of flexure or bending
tests exist, and these are three-point and four-point bend-
ing tests. The specimen is normally a rectangular cross
section and supported at each end. The load is applied
vertically at either one point or two points (Figs. 9 and 10).

On loading, the stresses in the specimens are tensile on
the lower surface and compressive on the upper surface.
Stresses can be calculated at any point in the specimen
using simple beam theory, which can be found in any text-
book covering solid mechanics. The following formula (4)

will give the stresses at any point along the beam.

s¼
Mc

I
;

where M is the bending moment, c is some distance from
the neutral axis, and I is the moment of inertia. For a
beam of rectangular cross section, I is given by

I¼
bh3

12
;

where b is the width of the beam and h is the height, which
is calculated about the centroid of the beam.

It should be noted that a difference exists between the
two loading regimes in bending. The three-point bending
has a maximum bending moment at the center of the
specimen (Fig. 9), whereas the four-point bending test has
a constant bending moment maximum between the two
central loading points (Fig. 10) for a distance a. Another
point to note is that where the bending moment is max-
imum, the shear force is zero (2,4).

For the two bending tests, if the parameters are main-
tained for both cases, the stresses in both specimens will
be the same. However, the volume of material between the
two loading points in the four-point bending test has a
higher probability to have defects or imperfections pres-
ent, which indicates that the four-point bending test is
likely to have a lower modulus of rupture than the three-
point bending test specimen. Also, the four-point bending
tests have been shown to have less scatter in the data from
experimental tests (2). The modulus of rupture is given by
the following formula with Mfailure substituted for M:

s¼
Mfailurecmax

I
;

where Mfailure is the bending moment at failure of the
specimen and cmax¼

h
2.

Four-point bending is a common method of fatigue test-
ing of fracture plates (ASTM F382-99 & F384-00), intra-
medullary fixation nails (ASTM F1264-01 F1341-99), bone
staples (ASTM F564-02), stereotatic instruments (ASTM
F1266-89), coated materials (ASTM F1160-00e1 & F1659-
95), titanium and titanium alloys (ASTM F67), spinal fix-
ation devices (ASTM F2193-02) (11), bone cements, and
biological fracture repair in animal experiments.

Servohydraulic mechanical testing machines are also
employed to simulate many other types of biomechanical
loading regimes, which can be found in the current liter-
ature (12–15) and loading environments (12–18).

In biomedical engineering, all joint replacements are
biomechanically tested with servohydraulic mechanical
testing machines, including, among other synovial joints,
the hip, knee, shoulder, spine, and ankle. Regulatory test-
ing (ISO, CE, FDA, and ASTM) involves fatigue and wear
simulations of joint replacements. For modular implants,
all modular junctions must also be tested for integrity.

Multistation hip wear simulators provide the motions
of the hip joint found in walking. The resultant forces in
flexion and extension (heel-strike to toe-off) are synchro-

2a

a

Figure 9. Example of three-point bending fixture.

a a

3a

Figure 10. Example of four-point bending fixture.
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nized with the7231 biaxial rocking motion. All specimens
are fatigued in a 371 blood serum bath.

Multistation knee wear simulators provide the motions
of the knee during walking and ascending and descending
of stairs. The 5 DOF are controlled through closed-loop
control of the actuators, providing:

* Axial loading;
* Tibial rotation;
* Anteroposterior sliding (shear displacement);
* Patella condylar loading;
* Flexion/extension.

Again, all specimens are fatigued in a 371 blood serum
bath.

Biomedical engineering research has led to many other
applications using mechanical testing machines. Figures
11 and 12 present examples of shoulder fusion fixation
technique of mechanical testing. The fixation techniques
are then tested under simulated adduction and external
rotation while the optical sensors measure the relative
motion between the humeral head and the glenoid. Over-

all system stiffness is calculated from the data force and
displacement data acquired during testing.

Two other examples are mechanical testing of hip and
knee implants. Many authors have proposed various
methods to simulate the position in gait to investigate
the strain distribution on the periosteal cortex of the fe-
mur (19–32). Figure 13 presents the femur mounted in a
mechanical testing machine in 101 of adduction and 101 of
flexion (ISO 7206-4 orientation), which allows for the fe-
mur to be loaded axially and in torsion, giving an ana-
tomically relevant loading regime, allowing the
investigation of how femoral hip implants impart the

Figure 11. Preparing shoulder fusion plate fixation.

Figure 12. Optical sensors used to measure motion of humeral
head relative to the shoulder glenoid under simulated adduction.

Figure 13. Femur positioned in the ISO 7206-4 orientation.

Varus-valgus
pivot

Load centering
track 

Femoral jig

Tibial jig

Thrust bearing –
axial rotation 

Ball dam – planar
translation

Pivot hole

Flexion
holes 

Figure 14. Experimental knee implant testing jig (44).
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load to the femoral cortex. Figure 13 also shows the ab-
ductor muscle simulation. Abductor muscles should be
simulated, because the loading that they apply to the fe-
mur is three times the magnitude of any other muscle
group. Femoral offset also influences this particular group
of muscles (24,25,33–43).

Mechanical testing of knee components has primarily
been based around the performance of UHMWPE and the
stress distribution within the material. Figure 14 presents
the experimental testing setup (44) of a femoral and tibial
implant.

This particular jig allows for the DOF in the knee joint
to reach equilibrium at a percentage of the applied load
and then to be locked into place. The full loading regime is
then applied and static measurements can be made.

In summary, mechanical testing in biomedical engi-
neering allows the engineer to characterize materials,
which encompasses a number of the effects of the proper-
ties such as mechanical, electrical, thermal, magnetic, op-
tical, and deteriorative. These tests are carried out by
following either standards testing or published guidelines.

BIBLIOGRAPHY

1. W. D. Callister, Materials Science and Engineering: An Intro-

duction. Toronto, Canada: John Wiley & Sons, 1991.

2. S. Kalpakjian, Manufacturing Processes for Engineering Ma-

terials. Sydney, Australia: Addison-Wesley, 1991.

3. L. C. Mejia, Mechanical Testing Systems For Biomaterials/

Biomechanics Research. Eden Prairie, MN: MTS Systems
Corporation, 1994, pp. 1–16.

4. J. M. Gere and S. P. Timoshenko, Mechanics of Materials.
London: Chapman & Hall, 1991.

5. A. Kanamori, S. L. Woo, C. B. Ma, J. Zeminski, T. W. Rudy, G.
Li, and G. A. Livesay, The forces in the anterior cruciate lig-
ament and knee kinematics during a simulated pivot shift
test: a human cadaveric study using robotic technology. Ar-
throscopy 2000; 6(16):633–639.

6. A. Kanamori, M. Sakane, J. Zeminski, T. W. Rudy, and S. L.
Woo, In-situ force in the medial and lateral structures of in-
tact and ACL-deficient knees. J. Orthop. Sci. 2000; 6(5):567–
571.

7. A. M. Ahmed and C. McLean, In vitro measurement of the
restraining role of the anterior cruciate ligament during
walking and stair ascent. J. Biomech. Eng. 2002;
6(124):768–779.

8. R. C. Dorf, Modern Control Systems. Boston, MA: Addison-
Wesley, 1992.

9. T. M. Keaveny, T. P. Pinilla, R. P. Crawford, D. L. Kopperdahl,
and A. Lou, Systematic and random errors in compression
testing of trabecular bone. J. Orthop. Res. 1997; 1(15):101–
110.

10. T. M. Keaveny, R. E. Borchers, L. J. Gibson, and W. C. Hayes,
Theoretical analysis of the experimental artifact in trabecular
bone compressive modulus. J. Biomech. 1993; 4–5(26):599–
607.

11. ASTM-International, Medical Devices; Emergency Medical
Devices, ASTM Standards. W. Coshohocken, PA: ASTM,
2002.

12. B. S. Miller, W. P. Harper, R. M. Gillies, D. H. Sonnabend, and
W. R. Walsh, Biomechanical analysis of five fixation tech-

niques used in glenohumeral arthrodesis. ANZ J. Surg. 2003;
12(73):1015–1017.

13. M. Schramm, S. Krummbein, H. Kraus, R. P. Pitto, and R.
Schmidt, Anterior vertebral body screw pullout testing with
the hollow modular anchorage system—a comparative in vi-
tro study. Biomed. Tech. (Berl) 2003; 12(48):356–361.

14. P. Clavert, F. Bonnomet, J. F. Kempf, P. Boutemy, M. Braun,
and J. L. Kahn, Contribution to the study of the pathogenesis
of type II superior labrum anterior-posterior lesions: a cadav-
eric model of a fall on the outstretched hand. J. Shoulder El-
bow Surg. 2004; 1(13):45–50.

15. E. N. Kubiak, M. Bong, S. S. Park, F. Kummer, K. Egol, and K.
J. Koval, Intramedullary fixation of unstable intertrochant-
eric hip fractures: one or two lag screws. J. Orthop. Trauma
2004; 1(18):12–17.

16. J. Harris and L. Fallat, Effects of isolated Weber B fibular
fractures on the tibiotalar contact area. J. Foot Ankle Surg.
2004; 1(43):3–9.

17. J. Hobbiesiefken, M. E. Ehlers, P. Behrens, and L. Wunsch,
Urothelial mesh—a new technique of cell culture on bioma-
terials. Eur. J. Pediatr. Surg. 2003; 6(13):361–366.

18. C. G. Kissel, S. C. Friedersdorf, D. S. Foltz, and T. Snoeyink,
Comparison of pullout strength of small-diameter cannulated
and solid-core screws. J. Foot Ankle Surg. 2003; 6(42):334–
338.

19. L. Cristofolini, A critical analysis of stress shielding evalua-
tion of hip prostheses. Crit. Rev. Biomed. Eng. 1997; 4–
5(25):409–483.

20. L. Cristofolini and M. Viceconti, In vitro stress shielding mea-
surements can be affected by large errors. J. Arthroplasty

1999; 2(14):215–219.

21. R. D. Crowninshield, R. A. Brand, R. C. Johnston, and J. C.
Milroy, The effect of femoral stem cross-sectional geometry on
cement stresses in total hip reconstruction. Clin. Orthop.
1980; 146:71–77.

22. R. D. Crowninshield, R. C. Johnston, J. G. Andrews, and R. A.
Brand, A biomechanical investigation of the human hip. J.
Biomech. 1978; 1–2(11):75–85.

23. J. B. Finlay, R. B. Bourne, and J. McLean, A technique for the
in vitro measurement of principal strains in the human tibia.
J. Biomech. 1982; 10(15):723–729.

24. J. B. Finlay, D. G. Chess, W. R. Hardie, C. H. Rorabeck, and R.
B. Bourne, An evaluation of three loading configurations for
the in vitro testing of femoral strains in total hip arthroplasty.
J. Orthop. Res. 1991; 5(9):749–759.

25. J. B. Finlay, C. H. Rorabeck, R. B. Bourne, and W. M. Tew, In
vitro analysis of proximal femoral strains using PCA femoral
implants and a hip-abductor muscle simulator. J. Arthropla-
sty 1989; 4(4):335–345.

26. E. E. Gdoutos, D. D. Raftopoulos, and J. D. Baril, A critical
review of the biomechanical stress analysis of the human fe-
mur. Biomaterials 1982; 1(3):2–8.

27. R. M. Gillies, P. H. Morberg, W. J. Bruce, A. Turnbull, and W.
R. Walsh, The influence of design parameters on cortical
strain distribution of a cementless titanium femoral stem.
Med. Eng. Phys. 2002; 2(24):109–114.

28. R. M. Gillies, P. Morberg, T. J. Letters, W. Bruce, M. Neil, N.
Pocock, and W. R. Walsh, The effect of five design parameters
of a femoral hip component on strain distribution in cortical
bone, and the final design influence on bone remodelling. 45th
Annual Meeting, Orthopaedic Research Society, 1999: 912.

29. O. Indong and W. Harris, Proximal strain distribution in the
loaded femur. J. Bone Joint Surg. 1978; 1(60-A):75–85.

8 MECHANICAL TESTING



30. A. W. Miles and D. M. Dall, An experimental study of femoral
cement stress in total hip replacement—influence of struc-
tural stiffness of the femoral stem. Eng. Med. 1985; 3(14):133–
135.

31. Y. Okumura, S. Imura, H. Oomori, K. Ichihashi, and H. Take-
dani, Micromotions and strains of cementless femoral pros-
theses. In: S. Niwa, S. M. Perren, and T. Hattori, eds.,
Biomechanics in Orthopaedics. Tokyo: Springer-Verlag, 1992.

32. T. W. Phillips, S. S. Messieh, and P. D. McDonald, Femoral
stem fixation in hip replacement. A biomechanical compari-
son of cementless and cemented prostheses. J. Bone Joint

Surg. [Br] 1990; 3(72):431–434.

33. D. A. Brown, S. A. Kautz, and C. A. Dairaghi, Muscle activity
patterns altered during pedaling at different body orienta-
tions. J. Biomech. 1996; 10(29):1349–1356.

34. J. J. Fuller and J. M. Winters, Assessment of 3-D joint contact
load predictions during postural/stretching exercises in aged
females. Ann. Biomed. Eng. 1993; 3(21):277–288.

35. H. Schmotzer, G. Tchejeyan, and J. Song, A comparison of
various loading configurations of the proximal femur for the
evaluation of reconstructive surgical procedures. Proc. Inst.
Mech. Eng. [H] 1992; 1(206):29–36.

36. M. Voigt, E. B. Simonsen, P. Dyhre-Poulsen, and K. Klausen,
Mechanical and muscular factors influencing the perfor-

mance in maximal vertical jumping after different prestretch
loads. J. Biomech. 1995; 3(28):293–307.

37. P. Wretenberg, Y. Feng, and U. P. Arborelius, High- and low-
bar squatting techniques during weight-training. Med. Sci.

Sports Exerc. 1996; 2(28):218–224.

38. B. M. Nigg and W. Herzog, Biomechanics of the Musculo-

Skeletal System. Chichester, UK: John Wiley & Sons, 1994.

39. A. Rohlmann, U. Mossner, G. Bergmann, and R. Kolbel, Fi-
nite-element-analysis and experimental investigation of
stresses in a femur. J. Biomed. Eng. 1982; 3(4):241–246.

40. V. T. Inman, Functional aspects of the abductor muscles of the
hip. J. Bone Joint Surg. 1947; 29:607–619.

41. J. J. Collins, The redundant nature of locomotor optimization
laws. J. Biomech. 1995; 3(28):251–267.

42. T. W. Lu, S. J. Taylor, J. J. O’Connor, and P. S. Walker, Influ-
ence of muscle activity on the forces in the femur: an in vivo
study. J. Biomech. 1997; 11–12(30):1101–1106.

43. J. R. Davey, D. O. O’Connor, D. W. Burke, and W. H. Harris,
Femoral component offset. Its effect on strain in bone-cement.
J. Arthroplasty 1993; 1(8):23–26.

44. M. L. Harris, P. Morberg, W. J. M. Bruce, and W. R. Walsh, An
improved method for measuring tibiofemoral contact areas in
total knee arthroplasty: a comparison of K-scan sensor and
Fuji film. J. Biomech. 1999; 32:951–958.

MECHANICAL TESTING 9



MECHANOMYOGRAPHY
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This chapter on surface mechanomyography (MMG) is
aimed to provide basic information about a relatively new
biological signal detectable at the muscle surface during
contraction. The text will deal with the definition and
terminology; the relationship between the activity of the
single motor units and the signal generation process and,
as a consequence, on the MMG reliability as a tool to
reveal the motor units activation strategy, the relation-
ship between MMG and muscle mechanics to disclose the
possible use of this signal to get information about muscle
contractile properties; and finally some examples of prac-
tical applications in physiological and clinical studies. The
goal of this chapter is not to provide an extensive review
on the MMG but only to underline some physiological and
technical aspects that the spreading of its use may be
based on. More extensive reviews on this topic are Orizio
included in (1–3), Stokes (4,5) Stokes and Blythe (6), and
Orizio et al. (7).

1. DEFINITION AND TERMINOLOGY

The term mechanomyography represents a technique by
which the mechanical activity of muscle is detected, using
specific transducers of the muscle surface oscillation due
to mechanical activity of the motor units. The vibration
detected is the mechanomyographic signal, and the re-
cording produced is the mechanomyogram. The abbrevia-
tion, MMG, is applied to all three terms, as with EMG, for
representing the different terms relating to the technique
of electromyography.

The detected phenomenon presents simultaneous
macro- and microcomponents. In the first case (macro-
movements), MMG monitors the gross muscle dimen-
sional changes, caused by voluntarily or stimulated
motor unit activity, that occur during dynamic contrac-
tions or during the transient phases of constant length
contractions of the muscle-tendon unit. In the second case
(micromovements), MMG monitors the summation of the
synchronous dimensional changes of the fibers of each
recruited motor unit, generating pressure waves that
reach the muscle surface and produce skin vibration (see
‘‘MMG origin’’ below for further details). In Fig. 1, the
signal that will be described here is represented.

The term mechanomyogram was indicated by several
delegates at a CIBA Foundation Symposium in 1995 (6) to
underline the basic properties and the origin of the
recorded signal. However, different terms related to a
popular use such as ‘‘muscle sound’’ or ‘‘phono-myogra-
phy’’ can sometimes be found (8). The rationale to acheive
to the MMG term is based on the following considerations.
We can describe the phenomenon of a vibrating membrane
of a loudspeaker detecting the air compression-rarefaction
process by means of a microphone. In this case, we analyze

a ‘‘sound’’ because it is what our ear perceives when it
substitutes the microphone. In reality, the most appro-
priate method to characterize the membrane oscillations
is to measure its movement in time, which can be accom-
plished with laser distance sensors or accelerometers
directly coupled to the membrane. In other words, mea-
suring the membrane dynamics with the microphone
means to evaluate its epiphenomenon named sound,
which is the reason why avoidance of the terms phono-
myography, soundmyography, accelerometermyography,
etc. is recommended. Indeed, each of the reported terms
derives from the transducer used to generate the electrical
signal without indicating the nature of the basic mechan-
ical phenomenon (i.e., the micro- or macromovements of
the muscular surface of the contracting muscle).

2. MECHANOMYOGRAM (MMG) DETECTION

Various mechanical signal detectors have been applied for
MMG recordings, following different aims and exploiting
different techniques and technological improvements.

Probably the first documented technique used with the
purpose of studying the so-called ‘‘muscle sound’’ is repre-
sented by the dynamoscopy introduced by Collongues in
1860 as reported by Beaunis and Aducco (9) (see Fig. 2).

Recently, many others devices have been adopted.
Below, the reader will find reference to the most common
types of sensors used at present, followed by a final
comparison of practical relevance.

2.1. Microphones

Literature on MMG reports widespread use of capacitive
microphones to obtain the surface MMG signal. Usually,
these kinds of devices need a case in order to be secured to
the muscle by means of double-sided sticky tape or by
rubber bands or Velcros straps. The muscle surface and
the microphone are coupled with air or, in some cases, by
ultrasound gel (10) or surgical cement filling the chamber
in which the sensor is placed (11). It is very important to
note that the pressure exerted to obtain the mechanical
coupling with muscle influences the signal amplitude (12).

2.2. Piezoelectric Contact Sensors

This type of transducer has been widely used since the
1980s. In particular, one of the most popular transducers
used by many investigators to detect the muscle surface
oscillations is the HP 21050-A contact sensor. Its mass
(about 40 g) and its dimensions (diameter 3 cm, height
2.5 cm) limit its application to large muscles (for example,
biceps brachii or quadriceps). Indeed, the possibility of
this device to damp the muscle surface dynamic has to be
taken into account. Moreover, another critical aspect is
represented by the pressure needed to ensure the correct
mechanical coupling between the transducer and the
muscle surface. In fact, like microphones, piezoelectric
contact sensors vary their response with the force applied
for mechanical coupling to the muscle surface (13,14).
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2.3. Accelerometers

The use of accelerometers, to detect the transverse oscilla-
tions of a muscle, started in the 1970s (15). The mass of
those early devices was about 60 g, but the spreading use
of accelerometers for MMG detection of late has been
because of the very low mass (less than 2 g) of more recent
transducers available on the market. This light mass does
not influence the dynamics of the muscle surface oscilla-
tions during voluntary or stimulated contractions and,
moreover, makes it possible to affix the transducer with
simple double-sided adhesive tape with no additional
contact pressure applied to the muscle. However, MMG
amplitude and frequency content depend significantly on
accelerometer location, with better results if the device is
placed in correspondence to the largest muscle transverse

sections and smallest muscle distance from the skin (16).
Finally, the use of these transducers enables a prompt
comparison of measurements between different studies
because the acceleration is expressed in physical units
(m* s� 2) rather than transducer dependent units (mV)
(17).

2.4. Laser Distance Sensors

In order to monitor the absolute muscle surface move-
ment, Orizio et al. (18) introduced the use of an optical
distance sensor (MEL M5L/20, Germany). This technique
provides an output DC voltage (710V) proportional to the
distance (linear response within 710mm) between the
head of the laser beam emitter and the reflecting surface
of the target. As the muscle surface moves toward or away
from the laser head, the reflected laser beam provides a
specific output voltage, and so the resulting electrical
signal is proportional to the surface absolute position.
The measurement of the distance of the reflecting surface
from the laser source is not affected by surface rotation if it
is within 7151 and 7301 with respect to the short and
long axes of the laser head, respectively. The sensitivity is
1V/mm.

This technique offers the following advantages: The
muscle is free to move without the additional inertial load

E
M

G
 (

m
V

)
La

se
r 

(m
m

)

0

0.0

Laser ripple

F
or

ce
 (

N
)

0.5

1.0

−0.5

−1.0

Time (s)
0 1 2 3 4 5 6 7 8

A
cc

el
er

om
et

er
 (

m
m

/s
2 )

30

60

0

6

12

0.0

0.5

−0.5

−1.0

0.2 s

0.
1 

m
m

0.2 s0.
2

 
m

m
/s

Figure 1. Voluntary isometric contraction in biceps brachii. Left panel. From top to bottom:
surface EMG, force, laser, and accelerometer detected MMG. The laser distance sensor trace
displays the gross muscle dimensional changes (MMG macromovement component). The two 2 s
long insets, extracted from laser ripple and accelerometer MMG, represent the result of the
summation of the unfused dimensional changes of the fibers of the recruited motor units (MMG
micromovements component). Right panel. The picture of the set-up shows the laser distance
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Figure 2. Dynamoscope, redrawn from (9).
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of a transducer; the output voltage is convertible to
absolute displacement expressed as mm (as a conse-
quence, the signal is directly comparable between differ-
ent studies); the bandwidth of the instrument is very large
(0–10kHz); the investigated area is highly defined (spot
diameter o1mm); the accuracy, due to the system resolu-
tion, is very good (6 mm).

The results obtained with laser-detected MMG com-
pare well with those of the force signal, and the similarity
of the two signals produced during electrically evoked
contractions [see Fig. 21.4 and Fig. 21.5 in Ref. 2] strongly
suggests that the transverse dimensional changes of the
muscle may be an adjunct and reliable tool for studying
muscle mechanics.

2.5. Comparison Between Different Detectors

An important guideline for choosing a transducer con-
cerns the ratio between its mass and that of the investi-
gated muscle. The transducer mass must not induce
distortion in the muscle surface. From this point of view,
the use of very light accelerometers can be the best
solution, also allowing the study of very small muscles.
The use of larger piezoelectric contact sensors is advised
only for muscles with greater mass.

In 1989, Bolton et al. (12) considered another technical
aspect in MMG detection. They compared the air-coupled
condenser microphone (Tandy Electronics) and the piezo-
electric contact sensor (Hewlett-Packard 21050-A) con-
cluding that the two transducers provided similar
signals from evoked single twitches of the thenar muscles
but the two output signals were strongly dependent on the
‘‘pressure of the microphones on the skin’’. The effect of
contact pressure on piezo performance was subsequently
analyzed by other authors who recommended that the
applied force did not have to exceed 200 g (13,19). Similar
investigations have also been carried out with acceler-
ometers, as a result finding a maximal transducer weight
of 5 g (20).

Moreover, Bolton et al. (12) demonstrated that, during
a single twitch, even a 1Hz cutoff for high-pass filtering
could alter the shape of the recorded signal. Indeed, the
most important feature of the recording apparatus is the
frequency response of the transducer. In particular, its
high-pass frequency cut-off must be lower than 1Hz. The
low-pass filter cut-off must be chosen considering that the
greater part of the signal power is well below 100Hz (1).

In 1998, Watakabe et al. (21) compared the MMG
detected simultaneously with a piezoelectric contact sen-
sor and an accelerometer during voluntary contraction. It
resulted that the spectral analysis of the double integra-
tion of the accelerometer MMG produced spectra resem-
bling those of the piezo MMG, and they concluded that the
piezo sensor behaved as a muscle surface displacement
meter. This final statement should be carefully considered
because the piezoelectric crystal is unable to maintain a
steady voltage when a constant force is applied (12),
preventing, in the end, a precise description of the MMG
dynamics at low rates of muscle surface displacement.

More recently, Watakabe et al. (22) compared the
response of an air-coupled microphone with that of an

accelerometer finding that the microphone detecting de-
vice acts as a muscle surface displacement meter whose
responses, in the time and frequency domains, are
strongly influenced by the geometry of the air chamber
between the muscle surface and the sensitive element. A
peculiar and positive feature of this detecting device
seems to be its lower sensitivity to motion artifacts
compared with accelerometers, suggesting a specific role
in MMG recording during dynamic muscle contractions.

A further aspect that should be taken into account
when a decision on the appropriate type of transducer for
MMG detection has to be made concerns the mechanical
discontinuity introduced by both microphones and piezo-
electric transducers that investigate rather large circular,
areas that are isolated from the rest of the muscle by their
rigid sensor perimeter. Baselli et al. (23) have evaluated
the information contained in the accelerometer (acc-
MMG) and in the laser-detected (laser-MMG) signals.
The offline analysis allowed them to compare the second
derivative of laser-MMG and acc-MMG, as well as laser-
MMG and the double integral of acc-MMG, finding that
the two signals monitor the same phenomenon with the
same frequency content. The evidence is that the accel-
erometer, because of its very light mass, and the laser
distance sensor may represent the most reliable tools for
MMG detection during voluntary or stimulated isometric
contraction of the muscle. In fact, they do not interfere
with the muscle surface dynamics; they produce signals
directly convertible as physical units (m/s2 for the accel-
erometer; mm for the laser distance sensor), which allows
comparison of data from different laboratories. Finally,
their sensitivities are independent from the method
adopted for mechanically coupling the detector to the
muscle.

2.6. Detection Site and MMG Properties

Detection site and MMG properties are a technical aspect
that deserves particular attention by the operator when
specific MMG signal characteristics are under investiga-
tion.

To address this subject, Cescon et al. (16) have recently
adopted a new detection technique consisting of a linear
array of accelerometers placed along the muscle. It re-
sulted that the simultaneously recorded MMG signals
presented similar shapes, but MMG amplitude and fre-
quency content depended significantly on the sensor loca-
tion. Moreover, the authors suggested that the rather
large differences in MMG amplitude at different locations
might be correlated to muscle local architecture, motor
unit (MU) territorial distribution, and MU control strate-
gies. The final conclusion is that the estimated MMG
parameters should be reported together with a precise
description of the location of the sensor referring to
anatomical landmarks.

Another factor influencing the MMG properties seems
to be the thickness of the subcutaneous tissue because of
its filtering action on the pressure waves traveling from
inside the muscle to the skin area where the transducer is
located (24).
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3. MMG AND SINGLE MOTOR UNIT ACTIVITY

3.1. MMG Origin

Gordon and Holbourn (25) defined the microphone spikes
related to the MU’s electrical activity of orbicularis oculi
muscle as the ‘‘mechanical counterpart’’ of the MU action
potentials. The authors hypothesized that the front edge
of the traveling wave of lateral expansion along the active
muscle fibers of the MUs generates pressure waves able to
reach the skin through the body of the muscle. According
to this view, the muscle surface should bulge outward at
any point of a given transverse muscular section when
muscle fibers contract. This hypothesis was not supported
by the results of more recent experiments. Indeed, the
stimulation of isolated frog gastrocnemius muscle pro-
duced vibrations 1801 degrees out of phase in two hydro-
phones positioned at the opposite side of the muscle itself
inside the solution bath. On this basis, several authors
suggested that the muscle surface vibration during con-
traction may be related with the ‘‘lateral motion’’ of the
active fibers because of the activation of the nonhomogen-
eously distributed contracting tissue (26,27). This point of
view was more recently supported by data from human
subjects during voluntary contractions in which the single
MU contribution to MMG appeared with, indifferently,
positive or negative main deflections (28) or as nonpropa-
gative lateral vibrations 1801 out of phase (29). Moreover,
the recordings of MMG during the synchronous activity of
several MU during stimulated contraction, when an accel-
erometer was placed on different places over the muscle
surface area of tibialis anterior, presented outward and
inward displacement (30). It can be concluded from the
literature data that MMG reveals muscle surface oscilla-
tions because of pressure waves related with the dimen-
sional changes of muscle fibers and to an overall change of
the muscle-tendon unit geometry during contraction.

3.2. Single Motor Unit MMG

The thesis that the single MU activity contributes to the
muscle surface oscillation is based on several pieces of
experimental data. Recently, by means of a completely
noninvasive method using the extracted MU action po-
tential by the decomposition of the surface electromyo-
gram (EMG) and the spike-triggered averaged technique
from MMG and force ripple, Cescon et al. (31) were able to
isolate the single mechanical MU contribution in two hand
muscles. Similar results were obtained by Yoshitake and
Moritani (32) using needle EMG as the triggering signal.
They suggested that the larger the force twitch the larger
the MMG amplitude of the single MU. Bichler (33) studied
in more detail the relationship between the single MU
force twitch and MMG by means of the stimulation of
different types of MUs in rats. The results indicated that
the amplitude of the MMG was related mainly to the
velocity of the force changes during the contraction phase
of the single twitch of each recruited MU. In agreement
with the contraction time, MMG amplitude increased
when slow-twitch fiber MUs (S), fast-twitch fatigue-resis-
tant fiber MUs (FR), and fast-twitch nonfatigue-resistant
fiber MUs (FF) were selectively stimulated. On this basis,

it can be suggested that MU mechanical properties are
reflected in single MU MMG characteristics.

In 1995, Petitjean and Maton (28) extracted the single
MU contribution from the ‘‘phonomyogram’’ (for the ter-
minological problem, see the first section above) using the
EMG MU action potentials without any comparison with
the force signal. They showed that different MUs provide
specific contributions with different, positive or negative,
deflections.

3.3. Summation of the Single Motor Unit Contributions

In the 1990s, it was underlined that when more MUs are
active they do not sum their contribution in a linear
fashion. Both a negative influence (1) and a positive (28)
influence of the simultaneous activity of neighboring MUs
was reported during voluntary contraction. The difference
may be because of the specific instantaneous phase rela-
tionship between the mechanical events. The nonlinearity
of the summation of the single MU contributions to MMG
was investigated in the human extensor muscle of the
third digit of the hand by means of intramuscular stimu-
lation of two groups of muscle fibers (1 and 2) (35). As a
result, in MMG, the surface oscillations caused by groups
1 and 2 are linearly summated only for very low stimula-
tion rates (for example, 3Hz and 8Hz for groups 1 and 2,
respectively). Summation is not linear, even for frequen-
cies well within the physiological range (for example, 9Hz
and 20Hz for groups 1 and 2, respectively). More recently,
Cescon et al. (31) followed the same MU during isolated
activity and during low-level isometric contractions when
few other MUs are active [2–5% of the maximal voluntary
contraction (MVC) of first dorsal interosseus or abductor
digiti minimi]. As a result, during 2–5% MVC single MU
MMG amplitude was lower than during isolated MU
activity. It can be concluded that the MMG can be con-
sidered as a compound signal in which the transverse
mechanical activity of the active muscle fibers is sum-
mated. However, linear summation of the mechanical
contribution of the recruited MUs does not occur even in
the lower range of the physiological MU firing rates. As a
result of the long duration of the mechanical event, an
inverse relationship has been reported between the MU
firing rate and the single MU surface MMG amplitude
(28,31,34,35).

In summary, modeling of the single MU contributions
to surface MMG—taking into account the number and the
firing of active MUs, the state of the viscoelastic compo-
nents of muscle, intramuscular pressure, and water con-
tent—has yet to be determined, and future studies in this
field are needed.

3.4. MMG and Motor Unit Activation Strategy

Although in MMG the summation of the single MU
contributions is not linear (see above), this signal can be
considered as the result of an interferential process in
which the MU activities are reflected. As a consequence,
MMG has been suggested as a tool to investigate the
relationship between MU recruitment (REC) and MU
firing rate (FR) during voluntary contraction. Data from
voluntary isometric effort seem to confirm the reliability of

4 MECHANOMYOGRAPHY



MMG in reflecting the MUs activation strategy from low
intensity to high intensity of contraction. The MMG root
mean square (RMS), reflecting the signal amplitude, has
been reported to increase up to a given percentage of the
MVC. For a higher percentage MVC, a clear RMS decrease
takes place together with a steeper increase of the MMG
spectrum mean frequency (MF). The above-reported
MMG-RMS and MMG-MF changes from a low to a high
percentage MVC have been reported in biceps brachii (36–
39), rectus femoris (40,41), soleus (32), and jaw elevator
muscles (42). These results suggested that the decrease of
the MMG-RMS and high MMG-MF values at near max-
imal high contraction intensities may be a result of the
high global frequency rate of the active MUs. On this
basis, it can be concluded that the changes in MMG time
and frequency domain parameters as a function of the
effort intensity may disclose specific interactions between
REC and FR in the force generation process. This point of
view finds support in electrical stimulation experiments of
the muscle in which the MMG properties were found to be
influenced by the number and the frequency rate of the
active MUs. Indeed, the MMG-RMS increases together
with the stimulus amplitude (i.e., with the number of
recruited MUs) (43). Furthermore, the increase of the
stimulation frequency reduces the MMG-RMS because of
the shortening of the time between one motor command
and the following determining a fusion-like situation in
which the synchronous dimensional changes of the muscle
fibers, related with the muscle surface displacement, are
hardly detectable (43,44). In Fig. 3, the MMG-RMS and
MMG-MF vs. percentage MVC are reported together with
the suggested MU activation strategy for large muscles
during increasing isometric voluntary contraction (45,46).

4. MECHANICAL PROPERTIES OF SINGLE MOTOR UNIT
STUDIED BY MMG

Few studies have been devoted to the single MU surface
MMG characterization. Bichler (33) was able to stimulate
single MUs in rat medial gastrocnemius and to record
force and surface MMG. After the classification of the MUs

as S, FR, and FF, it resulted that the amplitude of the
MMG recorded during single twitch and transient phase
of the tetanic stimulation was significantly correlated with
the increasing velocity of the force generation process of
S-FR-FF units. Changes in the force oscillations am-
plitude in the three types of MUs during unfused tetani
because of fatigue are reflected well in similar changes of
the MMG amplitude simultaneously recorded (47). With
the spike-triggering technique, from needle EMG MU
action potential, Yoshitake and Moritani (32) demon-
strated that the peak-to-peak MMG amplitude increased
together with MU spike amplitude and hypothesized that
single MU MMG may reflect the size of the recruited MU.
Intramuscular microstimulation of single MUs in human
gastrocnemius confirmed that the MMG amplitude from
single MU is strongly correlated with the same MU
contractile characteristics described by the contraction
time, half relaxation time, or twitch duration (48). In
summary, the reported results indicate that the single
MU MMG is suitable to study and characterize the
mechanical properties of the recruited MUs. This conclu-
sion is supported by the analysis of the data reported by
Cescon et al. (31) in which the single MU MMG is
proportional to the ratio between the peak and the dura-
tion of the force twitch of the retrieved MUs.

5. MECHANICAL PROPERTIES OF MUSCLE-TENDON UNIT
STUDIED BY MMG

The muscle-tendon unit contractile properties are usually
investigated by the recording and the analysis of the
electrically evoked force signal. During electrical stimula-
tion, several MUs are active together and behave as a
single ‘‘large artificial motor unit’’ (49). In this case, the
muscle surface presents a clear macromovement simulta-
neous to the force generation process at the tendon level.
More recent papers tested the reliability of the MMG for
the same purpose comparing its characteristics with the
ones of the force signal simultaneously detected (4,17,50).
Barry et al. (17) studied the single twitches in the first
dorsal interosseus muscle by means of an accelerometer.
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Barry et al. (17) found that, at fatigue, the reduction of the
force peak and of the velocity of force generation process
were well mirrored by the MMG amplitude decrease. The
human tibialis anterior mechanical response was investi-
gated by means of an accelerometer by Orizio et al. (50).
Also in this case, because of fatigue, the single-twitch
parameters (peak amplitude, dF/dt, d2F/dt2) decreased.
Their behavior was well described by the changes in the
MMG amplitude. In particular, a high correlation was
found between MMG peak-to-peak, corresponding to the
second derivative of the muscle surface displacement, and
single-twitch d2F/dt2. Support for the above-reported data
on the reliability of the muscle transverse diameter
changes as a mirror of the contractile properties of a
contracting muscle is also provided by the clear reduction
of the ‘‘phonomyogram’’ amplitude detected during elec-
trical stimulation of the fatigued diaphragm motor nerve
by Petitjean et al. (51).

All the cited papers comparing MMG and force signal,
from single MU or from the whole muscle, concluded that
surface MMG can be used to obtain information about the
mechanical aspects of the contracting system under study.
Actually, MMG is a new tool that follows muscle motor
response given that, although the inverse correlation
between muscle changes in diameter and length had
been noticed as early as since 304 B.C., the cited thickness
variation was only seldom used to describe muscle action
(52). When a laser distance sensor is used to follow muscle
geometry changes during contraction, it is easy to under-
stand why the related signal can provide data on muscle
mechanics. Indeed, the force signal during single twitches
and repetitive stimulation has similar time behavior of the
laser-detected MMG (2). On this basis, the laser MMG and
force relationship was deeply investigated in cat medial
gastrocnemius of which contraction, under isometric con-
ditions, was controlled via stimulation of the motor nerve.
As a result, the MMG vs. force relationship is not linear. It
presents larger MMG or force increments at low and high
ranges of MUs pool activation levels, respectively (18).
Moreover, during tetanic stimulation (beyond 30Hz), the
MMG always anticipated and trailed the force signal
during the on- and offphase of the tetani, respectively
(54). These data suggest that MMG and force generated by
the shortening of the contractile elements are influenced,
to a different extent, by the elastic and viscous elements of
the muscle mechanical model, which is confirmed by the
fact that the frequency response of cat gastrocnemius is
modeled by a double and coincident poles system both for
the force signal and for the MMG. Actually, the position of
the poles on the frequency axis is different for MMG
(around 2.75Hz) and the force (around 1.83Hz) (53).

In summary, data provided in the literature support
the use of MMG detected by the accelerometer and the
laser distance sensor to investigate specific aspects of
muscle mechanics, particularly when the force signal is
difficult to retrieve.

6. PRACTICAL MMG APPLICATIONS

The practical applications of MMG are many and probably
destined to multiply once the reliability and utility of this
technique is ascertained in every field of potential employ-
ment. At present, MMG is receiving an increasing interest
in muscle and exercise physiology as a tool to monitor
muscle fatigue, in clinical investigations, and in rehabili-
tation.

6.1. Dynamic Muscle Actions

In the previous sections, the evidence that the MMG
parameters can be used to describe the motor control
strategies during isometric contraction have been pre-
sented. In fact, a precise correlation has been found
between MMG amplitude/frequency content and MU
REC/FR. More recently, many researchers started to
apply MMG to study MU and muscle performance during
dynamic muscle actions, such as isokinetic contractions
and cycling. An important finding deals with the fact that
different activation strategies, with a dominant role of
REC over FR (55,56), seem to act during isometric and
anisometric contraction (57). In particular, it has been
suggested that MU recruitment, linearly correlated with
MMG amplitude, may play the primary role in motor
control strategies during graded concentric isokinetic con-
traction (58,59). On the contrary, the FR contribution to
peak torque seems lower because no significant changes
are present in MMG-MF throughout the entire torque
range (58). Similar results have been found by Perry et al.
(60) during continuous incremental cycle ergometry con-
cluding that MMG amplitude more closely reflected
changes in mechanical power output.

At low, constant, and continuous power output workb-
outs on a cycle ergometer, it has been assessed that
decreases occurred across time in MMG amplitude with
two possible explanations: the effects of FR reduction
because of the ‘‘muscle wisdom’’ phenomenon or decreases
in muscular compliance (61). A decrease in MMG has also
been found during eccentric contractions and could be
related to a decrease in the number or firing frequency of
MUs (62).

Studies dedicated to maximal concentric and eccentric
isokinetic muscle actions have suggested that MMG sig-
nals could provide information about the mechanical
aspects of muscle power, because MMG amplitude re-
flected muscle power output in relation to movement
angular velocity (63–65).

In conclusion, MMG-RMS and MMG-MF vs. REC and
FR relationships seem to be similar in dynamic and
isometric muscle actions. Furthermore, MMG amplitude
seems to closely track the fatigue-induced decline in
torque and force production during dynamic and isometric
contractions (66), which suggests a potential future appli-
cation of MMG during rehabilitative exercises that may be
optimized by having an estimation of the force production
during fatiguing dynamic contractions when a direct
measure of force is not available.
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6.2. Muscle Fatigue

The changes in muscle fiber mechanical performance
(reduction of the force peak, elongation of the contraction
and relaxation processes) because of localized muscular
fatigue determine clear changes in the FR and REC of the
MUs during exertion. A short review of the underlying
mechanisms and the direction of the FR and REC changes
(increasing or decreasing) in the different types of exercise
(isometric, dynamic, constant or varying level, etc.) can be
found in Orizio (2). Given that MMG is an interferential
signal, changes in the FR and REC have to be reflected in
its parameters calculated in the time and frequency
domains. Since the 1980s, MMG has been studied during
sustained contractions. In biceps brachii, MMG-RMS in-
creased at 20%, was stable around an average value at
40%, and decreased exponentially after an initial plateau
or immediately at 60% and 80% MVC, respectively (67).
Similar findings were reported, even in other muscles, by
Keidel and Keidel (68), Goldenberg et al. (11), Rodriquez et
al. (69,70), and Zwarts and Keidel (71). During sustained
MVC in both biceps brachii (72) and quadriceps (73), the
MMG-RMS decreased dramatically. From the literature
data, regarding MU activation pattern at fatigue, it can be
hypothesized that: (1) the MMG-RMS increase (low level
of effort) may be caused by recruitment of new MUs and to
the global MUs firing increment as well as the synchroni-
zation and grouping of the active MUs; (2) the MMG-RMS
decrease (high level of effort) may reflect the de-recruit-
ment of fast-fatiguing MUs, the reduction in the MUs
firing rate, and the reduced dimensional changes of the
muscle fibers (and hence of the pressure waves reaching
the muscle surface) because of the prolongation of the
mechanical twitch leading to a better fusion of the me-
chanical events between one motor command and the
following; (3) the stable MMG-RMS at intermediate levels
of effort suggests that the mechanisms invoked to explain
the behavior reported in 1 and 2 could simultaneously be
present and jointly affect the MMG properties. When
muscles with a different content of fatigable (fast) and
nonfatigable (slow) MUs were investigated (74), it re-
sulted that throughout contraction, at 50% MVC, the
MMG-RMS behavior presented a first phase in which it
increased, and a second phase in which a significant
decline was present. The second phase decrement was
evident for biceps brachii and not for soleus. The authors
attributed this result to the great extent of fusion observed
in the biceps as a result of the greater quantity of its
fatigable MUs. When the fatiguing effect of intermittent
low-level contractions were investigated, it was found that
the amplitude of MMG during 5% MVC in biceps brachii
was larger than in fresh muscle after 30 minutes of
recovery (75). It was concluded that MMG is suitable to
reveal the effect of long-term element of muscle fatigue,
probably based on excitation-contraction coupling impair-
ment, on MU activation pattern. The frequency content of
MMG during sustained isometric effort of biceps brachii
does not change significantly at 20% MVC. At 80%MVC, a
transient increase of the power in the high-frequency
bandwidth, followed by a clear compression of the spec-
trum toward the lower frequencies, has been described,

whereas at 40% and 60% MVC, the transient increase was
less pronounced (13). During MVC, the MMG spectrum
presents a continuous shift toward the lower frequencies
(72). The reduction of MMG time and frequency para-
meters from quadriceps with different fiber typing,
throughout sustained exhausting MVC, shows peculiar
changes with two, fast and slow, phases. The relative
length of the first phase seems to be related with fast-
twitch fiber content of the muscle (73).

MMG spectral changes can be explained as follow: (1)
the spectrum compression toward the lower frequencies
may reflect the elongation of the single mechanical events
contributing to MMG, the reduction of the overall MUs
firing rate, the de-recruitment of fatigued fast-twitch
motor units, and, finally, the synchronization or grouping
of the active MUs; (2) the transient shift of the spectrum
toward the high frequencies at some contraction intensi-
ties could be caused by the increase of the MUs firing or
faster mechanical events (possibly because of the poten-
tiation phenomenon) in the first part of contraction. In
general, the changes of MMG time and frequency para-
meters during muscle activity offer a new tool to follow
localized muscular fatigue when EMG is not feasible, such
as in environments contaminated with electrical noise
(76).

The reported results provide support to the conclusion
that the time and frequency domain analysis of the MMG
is able to reflect the changes of MU activation strategies
during fatigue. Indeed, during an isometric ramp contrac-
tion up to 90% MVC (see Fig. 4), Orizio et al. (7) reported
data suggesting that the impossibility to recruit fast-
twitch MUs and the reduction/slowing of the muscle fibers
contraction process may hamper the MMG amplitude to
increase as well as the signal enrichment in the high-
frequency range typically described during this type of
contraction (38).

6.3. MMG Clinical Applications

Evoked MMG has been used to characterize some neuro-
muscular diseases. In 1987, Hufschmidt et al. (77) re-
ported that the stimulation of the denervated muscle at
the motor point elicited a lower MMG response when
compared with the unaffected limb. This finding is already
present on the sixth day from the lesion, whereas the
classic fibrillation potential appears in EMG after 2–3
weeks. On this basis, the authors concluded that MMG
can be useful to asses the functional state of the neuro-
muscular junctions.

The stimulation of the tibialis anterior at the most
proximal motor point in patients affected by myotonic
dystrophy (78) indicated that MMG amplitude was lower
than in the age-matched control group during single
twitches and repetitive stimulation (max stimulation fre-
quency 20Hz). Moreover, during single twitches, the
electromechanical delay was 64% longer and the spectrum
mean frequency was 44% lower than in controls. The
authors suggested that MMG may allow, in myotonic
dystrophy, some alterations in electromechanical coupling
and failures in the contractile machinery to be followed.
The same disease was investigated by Orizio et al. (79)
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during voluntary contraction. The ratio between MMG-
RMS and EMG-RMS, named electromechanical coupling
efficiency, EMCE (80), was greatly reduced in the finger
flexor muscles with respect to elbow flexor muscles. These
results suggested that EMCE may be a tool to monitor the
specific involvement of a given muscle group in neuro-
muscular diseases. EMCE was first introduced by Barry et
al. (80) studying several pediatric muscle diseases. This
paper provided the first demonstration that a reduction of
the gain of the system was present in affected subjects
with a lower surface mechanical activity for the same
degree of electrical activation. Muscle fiber atrophy, more
selective in fast-twitch fibers, with a reduction of the
contractile efficiency has been found to be a part of the
deterioration of the muscular performance, per unit of
cross-sectional area, in young patients with cerebral palsy
(81). Also, in this case, EMCE was able to disclose the
alteration of muscle activity in the affected muscles. The
frequency domain analysis of the muscle surface vibra-
tions, showing a signal spectrum shifted toward the lower
frequencies, resulted in being able to distinguish between
controls and patients in subjects with postpolio syndrome
(70), different types of muscular dystrophy and neurologi-
cal problems (82), or disuse muscle atrophy (83).

6.4. MMG Future Applications

At present, the main body of knowledge about MMG relies
on physiological studies, where experimental conditions
can be accurately controlled. Indeed, technical limitations
still present in MMG prevent this technique from broad-
ening out of research laboratories. Although many appli-
cations have been proposed since the 1980s, interest in
MMG has come and gone several times in its history
because it has never really been established as a reliable
enough technique to be adopted in practice for neuromus-

cular performance evaluation. Much effort needs to be
invested in advancing the transducer, in terms of ease and
accuracy of application, and signal processing techniques.
Such measures are required to overcome interference
from other body sounds with similar frequencies, which
contaminate the MMG signal, such as physiological tre-
mor and movement artefacts during muscle action.

In the future, thanks to continuous and fundamental
support of technological and signal processing improve-
ments, the use of MMG could spread into clinical and
rehabilitation fields or localized muscle fatigue studies, to
provide alternative mechanical information whenever
force is difficult to be retrieved (muscles of the back,
abdomen, face, or single agonist contribution). Moreover,
preliminary data suggest that MMG could be used in
sports science to discriminate between muscle fiber types
and to assess the effects of physical training programs as
well as the biofeedback outcome.

An important potential use of MMG has been proposed
in anaesthetic monitoring, as the mechanical activity of
hand muscles is correlated with respiratory muscles func-
tion during recovery from anesthesia (84).

The clinical value of MMG could be extended also to
neurology and psychiatry considering that the relation-
ship between electroencephalogram and MMG have been
studied and may be useful for motor control investigation
(85). Psychologists also may exploit MMG techniques to
evaluate muscle tension in stressed patients or during
sleep states.
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1. INTRODUCTION

Medical devices are an integral part of health-care deliv-
ery and institutions worldwide compete for the best tech-
nology to treat their patients. Good medical practice,
however, does not always require the latest and best
equipment. If equipment costs are not controlled, these
costs will become a major strain on budgets and thus re-
duce the ability of the clinical institution to deliver med-
ical services within a competitive health-care
environment. Good medicine requires good and modern
equipment but not necessarily the most expensive equip-
ment. Keeping up with the latest technology may increase
costs without significantly increasing medical care. Addi-
tionally, the latest equipment is generally the most uprov-
en and can possess hidden problems.

The prepurchase evaluation of medical technology is
the most important step in the process of medical equip-
ment acquisition, in particular, in the case of capital in-
vestments. Before initiating the acquisition process, it is
important to consider if the device is needed or it is just a
fashion statement! Fashion statements are sometimes
useful but not the most efficient way to spend limited re-
sources. In that sense, it is important to define the prob-
lem clearly and identify the clinical goals for the
institution and/or department involved in its purchase.
This defining statement should not be long, but it needs to
provide the general background for the acquisition process
to take place.

To determine if a device is required, one needs to an-
alyze the clinical problems present in light of the institu-
tional goals. Many times problems related to clinical
practice are wrongly attributed to the equipment, when
in reality they might be the result of a lack of personnel,
lack of training, or any number of environmental factors
that make the equipment hard to operate and ineffective
in solving the clinical needs. If a technical problem with a
device is the result of human or environmental factors,
then purchasing new equipment will not solve the prob-
lem and the acquisition process needs to proceed no fur-
ther.

In synthesis, with the institutional goals in mind, you
can initiate a prepurchase evaluation of medical technol-
ogy, determine if new equipment is needed, generate a
needs assay and a simple cost–benefit analysis to initiate

the process of medical equipment acquisition. This cost–
benefit analysis must include not only the initial cost of
the device but also the ‘‘total cost of ownership’’ (TCO).
This process should be essentially the same, regardless of
the type or cost of the device and should be developed into
an institutional policy. In the case of disposables (e.g.,
catheters, stents, and others), some additional strategies
for purchasing need to be considered, such as delivery
time, storage space, volume of consumption, and shelf life.
In fact, some disposables are better handled and admin-
istered as if they were drugs rather than devices, and
some general guidelines suggested in this article might
not be applicable. This article is concerned with the ac-
quisition of major capital equipment for medical institu-
tions.

2. DECIDING BETWEEN REPLACEMENT AND UPGRADE

There are two main reasons for acquiring a medical de-
vice: to replace an existing piece of equipment or to pro-
vide a new service or facility. When replacing equipment
you can go for a direct substitution if the same model is
still available or if the technology has not changed in that
area, or you can opt for an upgrade. However, you should
always check for new versions of the product, that could
provide increased accuracy, higher throughput, and so on.
For example, many traditional analog devices have been
replaced with newer digital versions that can improve ac-
curacy and reduce the effects of patient motion. Even
when the intention is that of a direct substitution, it is
important to find out what other options are out there on
the market. In the case of a replacement or an upgrade,
the process should be handled the same as with new
equipment.

The first step in a technology purchase is to determine
the clinical and technical requirements for the intended
devices. These requirements will need to be translated
into a set of technical specifications that in turn will be
used to initiate the decision-making process. Some aspects
that need to be considered in this data gathering process
are as follows:

* Needs of the population to be attended
* Technological capabilities of the institution
* Volume of patients to be served with the device
* Environmental requirements (space, utilities, etc.)
* Alternative technologies to the one being analyzed
* State-of-the-art for the technology
* Safety and efficacy of the technology
* Compatibility
* Existing standards
* Present types, models, and quantity of the same cat-
egory of equipment in the hospital

* Existence of reimbursement codes
* Availability of clinical study data

In the case of a replacement-upgrade, most questions have
been answered; you know the needs of the population,
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technological capabilities, volume of patients, and so on.
You might not be aware of newer improvements, the state-
of-the-art, or alternative technologies. That is why a mul-
tidisciplinary panel is always required for medical equip-
ment acquisition. Professionals from different disciplines
are recruited from different sources and manage different
aspects of technology trends; hence, they can provide dif-
ferent viewpoints for a successful acquisition process.

3. ASSEMBLING A TEAM

Modern medicine is inherently multidisciplinary, and no
single expert can handle all aspects related to technology
management. In the case of new equipment, this multi-
disciplinary group of people needs to assemble, to deter-
mine the exact needs of the department, and to analyze
and oversee the merits of the received offers. An acquisi-
tion Committee (AC) should be composed of members of
the clinical, administrative, and technical personnel: med-
ical doctors and/or nurses from the specific department, a
member of the administrative staff with knowledge of the
purchasing power, and a member of the technical depart-
ment (clinical engineering, biomedical engineering, elect-
ro medicine, maintenance, information technology
engineer). In the case of a larger purchase, additional
members could be added to the AC, such as a legal adviser
to oversee the contract arrangement; however, the size
should be kept to a minimum to maintain efficient team
operation.

The first function of the AC is to define the technical
specifications for the device. It should gather the proper
clinical requirements from the medical and nursing staff,
the available environmental conditions from the engineer-
ing staff, and the funds availability from the administra-
tion. Together they will need to determine safety,
operating conditions, environmental conditions, and so
on, which involves detailed meetings between the mem-
bers of the committee and, ideally, with the suppliers so
that they can present their systems. The AC might also
generate a set of institutional requirements, facilities,
training, supplies, and so on, that are required for the
technology to operate.

This same group of experts will need to review the of-
fers presented by the vendors, approve a technology, select
a provider, and supervise the installation. Once this pro-
cess is completed, they should generate the acceptance
document that will conclude the purchasing process.

4. ESTABLISHING SPECIFICATIONS

It is a standard practice for many institutions to request to
the department heads a yearly bill of quantity (BOQ) for
desired improvements to their facilities. BOQ should be
the result of a prepurchase evaluation in the department
and should respond to institutional goals and clinical
needs. However, BOQ are normally unaccompanied by
any specifics on the technical requirements, so the first
thing to do is to define a basic set of specifications for each
device. Here is where the AC begins its serious work.

The first step is to determine the particular clinical
needs to be fulfilled. Physicians or nurses tend to request a
particular technology and sometimes even a particular
device. They seldom generate a set of objectives that the
equipment should achieve. In a sense, they need to take a
step back and determine not what they want but also what
they would like to accomplish. What is the problem that
needs to be solved, and what technology should be pro-
vided to solve that problem? We need to see if these goals
are compatible with the institutional goals and make sure
they are achievable via a new piece of equipment. If this is
the case, we can analyze the technology or technologies
that will fulfill our goals. Most of the time the technology
will coincide with that originally requested, but this is not
necessarily the case.

An important step that is many times missed is to ask
the person requesting this new piece of equipment to sub-
mit a financial study to support his/her request. Many
times the specifications are written clearly and the func-
tion is well defined, but the population of patients this
technology will serve is small, which becomes a moral/
ethical dilemma, and with shrinking budgets, the problem
is exacerbated. Should we spend this money to help 5% of
our population or spend it on another machine in a differ-
ent department and help 45% of our patient population?
Also, the estimated revenue this investment will generate
should be considered. Research centers may have a differ-
ent answer to this problem than private hospitals; yet
even research centers need to know this information.

Once the technology has been defined, it is time to
translate the set of objectives into a set of technical spec-
ifications. These technical specifications should include
not only the clinical needs, but also the capacity (number
of patients/time), operating conditions, and some basic
knowledge about the conditions in which the equipment
is intended to operate: space, available services and facil-
ities, environmental conditions, portability, and so on. It is
also useful to review the applicable standards Food and
Drug Administration (FDA), Association for the Advance-
ment of Medical Information (AAMI), or local country
standards, for example: Canadian Standard Association
(CSA), European Community (CE), etc. to see what is re-
quired for a safe and effective utilization of the technology.
With these first specifications, we can do a preliminary
market survey: What companies produce the device, and
what are the typical requirements for operation (electri-
cal, mechanical, etc.), experience from other users, and
last but not least, a purchase cost estimate. Meetings with
suppliers could be useful, because the ideal device might
not exist or might require additional components not orig-
inally considered. Also suppliers usually know their
equipment well and know the weaknesses of the compet-
itor’s devices. By meeting with a few suppliers, one can
quickly build a complete picture of the strengths and
weaknesses of each device on the market and avoid fall-
ing into the trap of being deceived by any one supplier.
With the preliminary knowledge of the market, one may
need to go back to modify the specifications and produce
the final request for quotations. A good source for com-
paring different brands is to use ECRI’s (formerly the
Emergency Care Research Institute) Health Product Com-
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parison System Administration (HPCS). ECRI (http://
www.ecri.org) is a nonprofit health services research
agency that provides many services to improve the safety,
quality, and cost-effectiveness of health care.

5. DEALING WITH VENDORS

Once the final set of technical specs have been developed,
it is time to put together a Request for Quotation (RFQ) to
be sent to appropriate suppliers. This RFQ needs to in-
clude maintenance and administrative information in ad-
dition to the technical specifications. A good source for
comprehensive RFQs is again ECRI. It is important to re-
member that capital equipment purchase is a long-term
investment. The task should not be taken lightly; it is im-
portant to be efficient and to maximize the return on in-
vestment. The only way is by doing one’s homework and
gathering as much information possible to make an in-
formed decision. Important aspects to consider are as fol-
lows:

* Reliability (mean time between failures)
* Serviceability (mean time to repair)
* Manufacturing quality (ISO 9000, ISO 14000, CE,
etc.)

* Consumables utilization and cost
* Accessories required for operation
* Compatibility, in particular, communication stan-
dards

* Expandability
* Upgradeability
* Warranty
* Installation costs
* Service costs
* User reviews
* Ease of use
* Availability of training for clinicians, nurses
* Availability of training for hospital biomedical engi-
neers

* Guarantee of availability of service and support in
coming years

* Existence of reimbursement codes
* FDA, CE, CSA, or local medical equipment certifica-
tion requirements

This is formally the first step in a negotiation process and
is the time when manufacturers are more prone to provide
information. So do not hesitate to ask difficult questions.
In the case of a major investment, it is important to re-
quest contact information for current users of the tech-
nology and contact them to gather their opinion.

6. EVALUATING ALTERNATIVES

A common mistake is to base the decision of the selection
process on price, rather than on cost. It was estimated by
Yadin David (1) that price only accounts for about 20% of

the final cost of a biomedical technology. The other 80%
are hidden costs, which are distributed throughout the
useful life of the device: Installation, training, consum-
ables, maintenance, supplies, and so on that translate into
operation costs. David (1) illustrated this concept as a cost
iceberg, in which only the tip is over the water as purchase
price and all other costs are submerged. A common exam-
ple is equipment leasing; the price of the technology is
negligible, but when you start adding up the operation
costs, a lengthy lease will often be more expensive than
outright purchase. A good example is battery-operated
equipment. One telemetry transmitter needed replace-
ment of its 9-V battery every week, which amounts to 52
batteries per year; at $3.00 per battery, the cost of batter-
ies alone is $156 per year. A competitor’s brand had a re-
chargeable battery (for $20 including the charger), and the
batteries lasted at least for 1 year before needing to be
replaced.

It is important to know what you definitely need and
what you could do without. Some suppliers may submit
more than one offer fulfilling the same function but with
widely varying prices. For example, a patient vital sign
monitor could come with 90 0 or 150 0 screens, cathode ray
tubes (CRTs), or liquid crystal displays. The choice may
not affect functionality or dependability, but it might be
relevant when space or mobility concerns are important.
Focus first on the critical aspects: Is integration an issue?
Is network access important? If the equipment does not
fulfill the critical requirements, it should not be consid-
ered and the analysis should not proceed.

Once you have selected those devices that fulfill the
expected requirements, it is time to consider the hidden
costs, such as downtime, service costs, maintenance cost,
and consumables. Compute the total expected cost
throughout the expected lifetime of the technology and
then compare prices. It is amazing how often equipment
with a higher purchase cost prove to cost less in operation
and hence have an overall lower total cost, which is com-
monly known as the total cost of ownership (TCO). It is
calculated as follows:

TCO¼Purchase price

þ total cost of accessories and consumables over

theuseful life of the device

þ total cost of maintenance over

theuseful life of themachine

þ cost of utilities ði:e:;water;

electricity;needed air conditioning;

etc:Þ over the useful life of themachine:

Another useful indicator is the cost to the patient or the
cost per procedure, which will affect the overall cost of the
examination or procedure and may affect the purchase
decision because insurance may only pay a fixed amount
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for this particular treatment. It is calculated as follows:

Cost perTreatment

¼TCO=Expected total number of patients

over theuseful life of the device:

By keeping both the budget and the functionality in mind,
negotiations are made to arrive at the final and best offer.
Remember that companies are here for profit and their
goal is to arrive at the most beneficial deal for the com-
pany not for the institution. If they can charge you for
talking with you, they will! However, during the negotia-
tion process, the committee is empowered, and if the com-
mittee wants more information, the vendors will, try to
provide it, especially when a major investment is being
considered. After the deal is closed, whatever aspects were
left out of the agreement will generally result in painful
additional costs. They could have given you that extra
monitor for free, but because you forgot to ask for it, it will
cost you twice as much to purchase it later! Do not hesitate
to ask; if you want the devices painted blue, to match your
décor, ask for it; if you want the manuals written in Span-
ish or French as well as English, say so. As long as your
requirements are reasonable, the companies will most
likely try to fulfill them.

A particular situation is that of new technologies that
might be available from only one vendor. Certain technol-
ogies, at least for awhile, are available from just one com-
pany, whereas competitors are in the FDA, CE, CSA, or
other approval process. In this case, you need to compare
the new technology with the established techniques. You
should use references to clinical trials that compare the
new device with the standards. Compare the TCO of the
new versus the old technology, and analyze if the real
benefits provided by this technology outweigh the risks.
Remember that a fashion statement is not the best way to
spend limited resources, and that if the technology be-
comes established, competition will originate and tend to
reduce prices. If your institution can afford the cost of new
state-of-the-art technology, you might come to an agree-
ment with the company and serve as a testing facility for
the device, which should reduce your TCO and allow you
to help establish the novel device. If that is not the case,
you might be better off waiting a couple of years for the
technology to get established.

Most manufacturers offer at least 1 full year of war-
ranty that includes spare parts and labor cost. It is usually
a good idea to insist on a full 3-year warranty including
parts and labor, which may or may not cost you more, but
even if it does cost extra, it is surely going to cost you less
than the cost of a full-service contract after the warranty
runs out. The companies are now competing to get your
money. But once you have purchased the machine, you
have lost all leverage power to negotiate a good service
contract. Some companies even sell their machines below
cost to get your business only to overcharge you on the
service contract when you will have no choice but to sign
with them.

It is also an excellent idea to fix in the contract the cost
of the full-service contract after the warranty expires. The
contract should be worded in such a way that gives the
hospital the choice (not the obligation) of signing a con-
tract with the supplier anytime after the warranty expires
at a preset value.

State all your conditions at this time. Suppliers should
adhere to a minimum level of service (LOS), which in-
cludes guarantees of response time, maximum allowable
repair time, and yearly up-time guarantees. The supplier
should guarantee that a replacement machine will be de-
livered to the hospital while the old one is being repaired
in case the repairs will take longer than a certain ‘‘accept-
able’’ period of time. This period of time should be set in
the contract by the hospital. Consider whether the ma-
chine’s availability is critical to the hospital’s operations:
The hospital’s only MRI can generate $10,000 per day of
revenue and if not available surgical procedures depen-
dent on MRI diagnostics could also be compromised. On
such critical equipment, the contract can include a clause
stating that if a replacement machine is not available,
then a penalty of a preset amount will be paid by the sup-
plier to the hospital.

Two important points are usually not mentioned during
these negotiations; they are preventive maintenance (PM)
and training of biomedical engineers. Most customers as-
sume that during the warranty period, the supplier will
perform all the needed PM on the machines as per man-
ufacturer recommendations. This is not true, and the sup-
plier does not explain this. What the warranty means is
that if the machine malfunctions because of manufactur-
ing defects, then the supplier will repair it free of charge,
which is like buying a new car and using it for 1 full year
without checking/changing the oil, all other fluids, filters,
break pads, tires, and so on. The car may run, but its life
will be shortened, and after the end of the warranty, or
even during the warranty, it will fail and it will not be
because of manufacturing defects but because of lack of
PM. So insist in the contract that if the supplier PMs, that
PM is done per manufacturer recommendations, and that
the supplier gives the hospital schedule for the PM with
the delivery of the equipment.

On complex pieces of equipment, the supplier must
train the hospital clinical engineering staff on the proper
and safe operation of the machine in addition to factory-
certified training for service and preventive maintenance.
This training will save the hospital a lot of money and
better yet a lot of downtime. Most breakdowns are caused
by minor repairs that can be fixed on the spot by in-house
clinical engineering staff.

The contract should also require the supplier to provide
two sets of service manuals and two sets of operating
manuals along with all software that is on the machines.
And it may be appropriate to get two sets of documenta-
tion in each of two or more languages.

It may be advantageous from an operational point of
view to consider getting some types of machines on a re-
agent deal. Examples are laboratory analyzers and hemo-
dialysis machines. The machines are provided to the
hospitals free of charge with an agreed on volume per
year and preset costs per kit, per test, or per patient. This
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way the hospital does not have to freeze a large portion of
its cash, and the supplier will be responsible for the com-
plete service and repair of the machine. Usually this kind
of deal guarantees the hospital a very high level of service
from the supplier because it is in the supplier’s best in-
terest to work as efficiently as possible because he gets
paid when the hospital uses the machine. If the machine
breaks down, he will lose revenue. Yet, a complete finan-
cial study must be made and a good deal must be achieved.
Because the laboratory is vital to the entire hospital and if
it stops, most hospital functions will be affected, a reagent
deal is usually done for the laboratory. Storage consider-
ations and delivery schedules are important consider-
ations in such an agreement.

Some equipments are simple plug-and-use-like defibril-
lators and pulse oximeters. However, others like most ra-
diology equipment, sterilizers, and hemodialysis
equipment need special utilities and/or special civil and
electromechanical preinstallation work. If the equipment
needs special utilities (water, drain, medical gasses,
steam, high voltage, etc.) or any special preinstallations
(like lead shielding, special hanging system for cath-lab-
oratory equipment, etc.), it is important to clarify in the
contract whose scope of work this is and who will pay for
it. This should be coordinated between the vendor and the
contractor preferably before the contract is signed to avoid
any surprises.

Also coordination should be done between the vendor
and the building contractor with regard to the preinstal-
lation schedule and the equipment delivery. The equip-
ment must not be delivered early when their rooms are not
ready. At the same time, they must not come after the
ceiling is closed and the floor is completed, and the equip-
ment is found not to fit through the door.

The committee will have the final say after the best of-
fer is obtained from each supplier; decision should be
based on a good cost–benefit analysis as well as on past
experiences and existing institutional agreements. If
there is already a maintenance contract agreement with
a particular manufacturer, it might be cheaper to extend
the contract to include new devices than to make a totally
new agreement with another company.

7. PURCHASING, INSTALLING, AND ACCEPTING

Before purchasing, study carefully the payment terms and
warranty period as well as the terms of the contract: Are
disposables included, PM included, components and ac-
cessories (x-ray tube and laser heads, electrodes) included,
and so on. You have to clearly specify that the device most
come with all components, parts, accessories, and so on
that required for complete operation. Installation, calibra-
tion, and training should all form part of the purchase
agreement.

Companies may solicit partial payments on the devices;
they normally request part of the money with the pur-
chase order and the rest after installation. However, it
should not be the company that decides if the installation
is completed. The institution must define acceptance cri-
teria for the technology. Acceptance should require the

equipment to be installed, calibrated, and operational,
with all components and accessories in place, with per-
sonnel trained on both operation and maintenance, all
manuals in place, and a signed operational service agree-
ment. Only when these criteria have been met should the
institution accept the device, close the purchasing process,
include the equipment in the inventory, and make the fi-
nal payment to the manufacturing company. Acceptance
should be supervised by the hospital biomedical engineers.

For large orders, it is customary to ask the supplier to
give the hospital a bank guarantee against the down pay-
ment and equal in value to it. This bank guarantee will be
valid until the hospital receives the equipment in its
stores.

The last payment must not be paid to the supplier until
the supplier gives the hospital a performance bond of at
least 10% of the value of the order valid until the end of
the warranty period. These payment terms must be men-
tioned clearly in the contract.

A representative scheme for payment on a capital
equipment is as follows:

* First payment to be paid with the order and against a
bank guarantee from the supplier.

* Second payment to be paid at delivery of the equip-
ment to the hospital stores.

* Third payment to be paid at the completion of instal-
lation, testing, and acceptance of the system.

* Fourth payment to be paid after satisfactory training
of clinical and technical staff on the proper use of the
machines and not before 30 days of normal operations
with the machine or 100 patients, whichever comes
first.

After the equipment is accepted, it should be given a
unique fixed asset tag and added to both the hospital’s
fixed asset database and the biomedical engineering’s da-
tabase. It will then be put on the PM schedule.

8. SUMMARY

A clinical institution is always searching for new technol-
ogy, and new equipment, spare parts, and facilities need to
be purchased frequently. It is common to encounter sce-
narios in which many things need to be done at the same
time. In these situations, it is important to prioritize. It is
important to be unbiased and objective and to be selective
in choosing which technologies are needed. Prioritize, es-
tablish an order, and attack every project independently.
Figure 1 illustrates the steps in the acquisition process as
a useful guide for medical device aquisition. The acquisi-
tion committee needs to keep in mind where each equip-
ment purchase is with respect to Fig. 1.

Remember to do all negotiations before closing the deal,
because once a deal has been reached with a vendor, that
agreement will have a major impact on the success or fail-
ure of the overall acquisition process.

In the case of consumables or disposables, additional
conditions will need to be considered. A critical aspect is
the high price of some disposables and the possibility of
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reprocessing devices that were originally considered for
single use. The fact of the matter is that many so-called
disposables could be resterilized, repackaged, and reused
by the institution. However, reuse of single-use equipment
is illegal in many countries and is not covered by the man-
ufacturer’s warranty. If any condition should develop from
reprocessed devices, the hospital will be responsible and
accountable for the condition. To guaranty the safe reuse
of single-use devices, the institution should count with a
quality control service responsible for the safety and ef-
fectiveness of the reprocessed device. This dependency
should be accountable for the appropriate processing of
the technology, and if well trained and administered, it
should contribute to reduce the operating cost of the tech-
nology, which is of fundamental importance in lesser de-
veloped countries.

Another important consideration is that of acquiring
refurbished or donated equipment. Many companies, in-
cluding some manufacturers, are in the business of ac-
quiring devices that are being replaced or discarded by an
institution, repairing such devices, and selling them to a
third party at a cost that promises to be a fraction of the
new price. It is important to analyze these ‘‘great deals’’; if
the business seems to be ‘‘too good to be true,’’ it probably
is! That is not to say that there are not serious companies
out there in the business of refurbished equipment! You
want to deal with these companies! A serious company
should offer you conditions similar to those offered for new
equipment. Your device should come with some kind of
manufacturer (refurbished) warranty, service agreement,
and most importantly a written guarantee of consumables
and spare parts for the intended expected life of the tech-
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nology. If your device breaks down, and it will, you want to
be able to repair it. If that is not the case, then your bar-
gain will not be such! This is much more important in the
case of donated equipment. Hospitals in developed coun-
tries might think that they are being charitable by donat-
ing their old equipment to some underdeveloped country.
The fact of the matter is that most of the time these do-
nations do more harm than good. How useful is it for an
institution to posses an obsolete device that is always
breaking down and that you cannot find spare parts for?
The operating costs of such a technology become prohib-
itive and the work of charity becomes a burden. If someone
is donating a device to your institution, make sure that it
is operational, working, and not obsolete. Have a clinical
engineer from the donor institution go to the recipient’s
institution and oversee and supervise the proper installa-
tion and operation of the device. Make sure that spares
and consumables can be purchased in the recipient coun-
try, that the instrument is compatible with their stan-
dards, capabilities, and training. Doing charity is not
giving away old stuff; it is making sure that what you
give is actually useful for someone else; that it is opera-
tional, sustainable, and fulfilling a need.
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MEDICAL DEVICE INDUSTRY
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1. INDUSTRY OVERVIEW

In its basic form, medical technology development has
been reported since the early days of recorded history. For
example, in 1000 B.C., the Sushruta Samhita, an early In-
dian surgical text, described the use of metal and wood
tubes (precursors of modern catheters) smeared with liq-
uid butter for removal of urine or management of stric-
ture. In 400 B.C., Egyptian doctors reportedly used hollow
reeds and brass pipes to study heart valve function in ca-
davers (1). In 1711 A.D., a doctor named Hales was the first
to use a cardiac catheter made of glass tube, brass pipes,
and the trachea of a goose to measure a horse’s intracar-
diac pressure (2). The early part of the twentieth century
witnessed the discovery of electrocardiography by Einth-
oven and the history-making first human use of cardiac
catheterization by Werner Forssmann on himself.

As amazing as some of these early developments may
appear, most technologies and devices that markedly im-
proved human health and increased life expectancy have
been developed in the last half century. The 1950s and
early 1960s saw the introduction of cardiac pacemakers
and artificial joint replacements (3,4). The use of ultra-
sound for medical imaging made significant progress in
the 1970s (5). In the early 1980s, the first commercial
magnetic resonance imaging (MRI) systems were
launched and the first patient, Barney Clark, was im-
planted an artificial heart (6,7). The late 1980s and the
1990s experienced tremendous growth in the number of
critical devices and technologies, with angioplasty bal-
loons, implantable cardio-defibrillators, coronary stents,
implantable ocular lenses, and corneal refractive proce-
dures such as LASIK and DNA chips, just to name a few,
becoming available for patient care. The medical device
development saga continues in the early 2000s, with tech-
nologies such as drug-eluting stents and cardiac resyn-
chronization devices promising further improvement in
patients’ quality of life (8).

Although in the last two decades economic cycles and
uncertainties have affected several industries, the medical
device sector has reaped the benefits of earlier invest-
ments and delivered unmatched improvements in life
quality. As a result, between 1980 and 2000, heart attack
mortality decreased by about 40%, stroke deaths declined
by 37%, diabetes complications were 25% fewer, and
breast cancer mortality was 20% lower (9). Americans
now have a life expectancy at birth of 76.5 years. Those
Americans who have reached their sixty-fifth birthday are
likely to live another 16–19 years (10).

The industry fundamentals have been positively af-
fected by favorable demographics and continued growth in
health-care expenditures. In the United States, the num-
ber of Medicare beneficiaries (people older than 65 years)
is expected to rise from about 40 million, in 2000, to over

75 million, in 2030 (10). As such, health-care expenditures
for hospital care, physician care, drugs, medical devices,
and medical nondurables have risen considerably in the
last decade. In 2001, these expenses reached $1.42 trillion
(11). The rate of spending growth is expected to continue
at an average annual rate of 6.9% into the next decade
when health-care expenditures will exceed $2.8 trillion
and will represent 17% of GDP (10). Such elevated levels
of funding are particularly important for makers of high-
tech medical device products and gives the U.S. medical
device industry an important competitive advantage. It
comes with little surprise that the U.S. medical device
manufacturer’s lead the world in both revenues and inno-
vation. The U.S. medical technology industry is the largest
producer of medical devices and diagnostics, with produc-
tion evaluated at $77 billion in 2002 (12). Furthermore,
the United States is one of the world’s largest exporters of
medical technology, selling to other countries an estimated
$20.3 billion. Figure 1 indicates the industry distribution
of revenues in major international markets (12). Note that
in 2000 the worldwide medical technology revenues were
$169 billion. By comparison, in the same year, the semi-
conductor industry dollar size reached about $150 billion
(13). Although in 2004 revenues from medical devices and
supplies are expected to grow significantly over $200 bil-
lion, the semiconductor industry is expected to remain
flat, at about $150 billion, because of the 2001–2002 crash
of the high-tech markets (14).

Companies drawing revenues from surgical appliances
and supplies are most numerous among U.S. medical de-
vice firms. Figure 2 shows the distribution of U.S. firms
based on the industrial classification of their products
(12). Precise data from markets outside the United States
are more difficult to gather. However, the U.S. market is a
good relative predictor for those markets as well. Most
medical device companies participate in the cardiovascu-
lar sector (e.g., implantable pacemakers and defibrillators,
stents, etc.) and are responsible for about 41% of the total
U.S. market. Orthopedics companies (e.g., artificial joint
and limb replacement devices) are second with a market
share of 24% (15). The other sectors, in decreasing market
share order, are urology—12%, neurology—9%, digestive

Figure 1. International markets for the medical device and di-
agnostics industry in 2000.
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disease—8%, and peripheral vascular—6%. As a sign that
innovation is more likely to occur in small companies, in
2001, more than 80% of medical device firms had less than
50 employees (12). Because the typical evolution of a com-
pany is to grow from a seed concept to a single-product
startup stage and then into a larger, more diversified or-
ganization, it is important to understand how early ven-
tures get funded. The seed concept, the idea that gives
genesis to a company, comes from sources such as acade-
mia, entrepreneurial physicians, or other individuals or
small groups with enough medical and engineering back-
ground to have an in-depth understanding of the medical
problem and to offer a realizable solution. The funding risk
to reduce the concept to practice is, most of the time, as-
sumed by venture capital firms, by organizations and
foundations that offer grants, or by ‘‘angel’’ groups (e.g.,
family members, close friends). Among government orga-
nizations that fund medical device research, the National
Institutes of Health (NIH) and the National Science Foun-
dation (NSF) offer the most substantial grants.

Corroborating the exponential growth of medical device
innovation observed in the 1990s, the NIH budget has
grown from $6.5 billion in 1991 to $27.8 billion in 2004
(16). The U.S. government also plays an active role in
funding the development of medical devices to treat rare
diseases (i.e., diseases with a prevalence of less than 5 per
10,000). Such devices are also known as orphan medical
devices. For example, in 2002, the Office of Orphan Prod-
ucts Development provided over $13 million in grant
awards (17). Similarly, private funding by venture capital
has almost quadrupled from $454 million in 1992 to $1.6
billion in 2003 (12). Another aspect that underlines the
innovation outburst that occurred in the 1990s and the
fierce competition in the medical device industry is the
intellectual property portfolio. As illustrated in Fig. 3,
critical for the survival of both small and large companies
and a direct measure of their investment in research and

development, the number of medical device patents issued
by the U.S. Patent Office has more than doubled from 1989
to 2003 (12).

1.1. Medical Device Research and Development

The medical device industry is one of the most research-
intensive industrial sectors. The percentage of revenues
reinvested in research and development (R&D) has grown
from 5.4% in 1990 to 11.4% in 2002. Figure 4 compares the
level of R&D investment among several industrial sectors
(12).

On average, medical device firms invested in R&D sig-
nificantly more than other high-tech sectors such as tele-
communications—5.6%, electronics—3.9%, and aerospace
and defense—3.1%. From 1990 to 2002, the diagnostic and
electromedical apparatus segments were the most R&D-
intensive among all medical device sectors, averaging 22%
and 11%, respectively (12). The orthopedics surgical sup-
plies and dental equipment segments have had the lowest
R&D percentage-of-revenue levels, averaging 5% and 3%,

Electromedical
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Surgical &
medical

instruments
25%

Irradiation
3%

Dental
16%

Surgical
appliances &

supplies
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Lab apparatus
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Figure 3. The number of medical device patents from 1989 to
2003.
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respectively (12). Figure 5 presents the R&D level of in-
vestment among all broad medical device industry seg-
ments.

In terms of percentage of revenues, small companies
invest the most in R&D. Startup companies are notorious
for having R&D budgets that, in some cases, exceed their
sales. Such trend is not unexpected, as startups’ survival
rates strongly correlate with their ability to rapidly inno-
vate. Although large corporations allocated a lower per-
centage of sales for R&D activities, in absolute dollars,
their development budgets far exceed those of small firms.
Figure 6 shows the level of R&D spending relative to the
company size (12). For example, Medtronic Inc., the larg-
est medical device company in the world, spent $852 mil-
lion for R&D in 2003, although that represented only 9.4%
of its sales for that year (18).

As a direct result of growing R&D investment, the last
25 years have seen an impressive number of innovative
medical technologies that obtain regulatory clearance and
thus become available for patient care. In a recent survey,
reader of the MD&DI Magazine voted the following tech-
nologies as the top ten medical device achievements of the
last quarter of a century (19):

1. Stents

2. Magnetic resonance imaging

3. Minimally invasive surgical devices

4. Pacemakers

5. Defibrillators

6. Joint and limb replacement devices

7. Artificial body parts (hearts, limbs, organs)

8. Angioplasty

9. Laser surgery technology

10. Computed tomography scanning.

2. REGULATORY ASPECTS OF THE MEDICAL DEVICE
INDUSTRY

Medical device manufacturers are subject to regulations
from several federal government regulatory bodies. Two of
them, the Food and Drug Administration (FDA) and the
Centers for Medicare & Medicaid Services (CMS), previ-
ously known as HCFA, have the highest level of interac-
tion with medical device companies. These two agencies
effectively control whether a device may be marketed, and
if so, whether it will be reimbursable. The FDA requires
that a device be proven to be both safe and effective. Before
allowing a device to be reimbursable under federal health
programs, including Medicare and Medicaid, the CMS
conducts an additional assessment of effectiveness and re-
quires the device be cost effective.

Before 1976, the federal government did not require
premarket clearance or approval of medical devices. After
reports of injuries and deaths linked to devices such as
heart valves, pacemakers, and intrauterine devices, the
Congress passed the Medical Device Amendments of 1976
and mandated FDA premarket clearance for medical de-
vices (20). Most of the time, new devices are approved by
the FDA via one of two regulatory paths: 510(k) or pre-
market approval (PMA) submissions. If the sponsor of the
submission can prove the device is substantially equiva-
lent to another device already in legal clinical use, the ap-
plication claiming equivalence is called 510(k) submission.
A company must wait for the FDA to issue an order find-
ing substantial equivalence before it can put its device on
the market. If the new device is not substantially equiv-
alent to an existing product, or if the device is a class III
device (i.e., highest risk classification) and the FDA re-
quires a safety and effectiveness demonstration, the com-
pany must file a PMA application. Guidelines require the
FDA to reply to a 510(k) submission in 90 days and to a
PMA filing in 180 days. However, it is a rare event when a
company obtains FDA approval within this mandated
time. Typically, the FDA replies with requests for addi-
tional information or questions related to the submitted
data, which thereby significantly increases the approval

Figure 4. R&D as a percentage of sales for se-
lected industrial sectors of the U.S. economy in
2002.
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time. In 2002, the average review time for an original
PMA was 374 days, an increase from the 2001 number of
335 days (12). To approve a 510(k) application, in 2002, the
FDA needed 162 days on average, the same number of
days as in 2001 (12). Figure 7 shows the fluctuations of the
number of original PMAs approved by the FDA between
1996 and 2001.

The timeliness of the response to a submission was a
hotly contended point between the FDA and industry
sponsors. Most of the time, sponsors felt regulatory ap-
provals were taking unjustifiably long periods of time. The
FDA argued that resources made available to them by the
U.S. Congress limited their ability to respond within the
stipulated period. In 2002, the medical device industry
and the Congress agreed to a 3-year pilot program that
would provide additional resources in exchange for certain
FDA performance goals. The program, known as the Med-
ical Device User Fee and Modernization Act of 2002
(MDUFMA), established the submission fees that the
FDA would levy on sponsors and the performance goals.
For example, for 510(k) submissions, the FDA has agreed
to (21):

* An FDA decision (i.e., issuance of a substantially
equivalent or nonsubstantially equivalent determi-
nation letter) will issue within 90 days cumulative
FDA review time

* First action additional information letters will issue
within 75 days

* Subsequent action additional information letters will
issue within 60 days.

The fees are supposed to be used to hire additional re-
viewers and boost the FDA’s internal resources. Every
year of the pilot program, the Congress is supposed to
provide additional matching funds when they approve the
appropriations for the FDA. Table 1 presents the approved
fee schedule for regulatory submissions filed with the FDA
between October 1, 2004 and September 30, 2005 (22).

The process of obtaining regulatory approvals in other
countries can be vastly different than in the United States.
The European Community (CE) approves medical devices
based on regulations stipulated in the Medical Device Di-
rective (MDD) (23). In many cases, these regulations re-
quire product testing based on accepted international

Figure 5. R&D spending as a percentage of
sales by industrial classification.

Figure 6. R&D spending as a percentage of
sales by company size.
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standards, such the EN60601 collection of standards (24),
which makes it easier for companies to comply with de-
mands of regulators and obtain the CE mark, the ‘‘pass-
port’’ that allows manufacturers to sell their goods
throughout the European market. In a survey conducted
by AdvaMed among its members in 2003, 76% of partic-
ipating companies indicated it was easier to obtain Euro-
pean regulatory approval than FDA approval. Only 5% of
participants found it faster to go to market in the United
States than in Europe (12). In Japan, one of the biggest
markets for medical devices, the regulatory environment
is arcane and complex. In 1999, the Organization for Ec-
onomic Cooperation and Development (OECD) stated
that: ‘‘Lack of transparency in regulatory and administra-
tive processes is a major weakness of Japan’s domestic
regulatory system’’ (25). Fike found out that the median
Japanese regulatory approval time for devices approved
between 1995 and 1998 was double that of the FDA for the
same period. The approval time ranged between 6 and 50
months (26). To be fair, in recent years, the Japanese Min-
istry of Health, Labor and Welfare, the regulatory author-
ity, has undertaken reforms to improve the transparency
of the process and to streamline approvals, hoping to pro-
vide more timely care benefits for their patient population
(26).

3. PATIENT CARE BENEFITS

In previous sections, we have seen that the medical device
industry is relatively well funded, has a high growth rate,
and undergoes a rigorous regulatory process before its
products can be used to treat patients. It is important to

understand how this solid infrastructure of the medical
device industry benefits patients.

The answer to this question is not simple, has many
facets, and can be elaborate. At least a partial understand-
ing can be obtained by looking at how medical devices
benefited sectors of health care that have significant ex-
penditures, such as elderly care, management of cardiac
risks—the number one ‘‘killer’’ in the United States, and
death rates caused by breast cancer. Figure 8 shows a
telling story about the decrease in the rate of disability in
people 65 years of age or older (27). Although the benefits
to the aging population are not from medical devices
alone—advancements in pharmaceuticals deserve signifi-
cant credit also—it is important to note that in 1999, the
number of chronically disabled elderly people was more
than 2 million less than the number predicted using the
disability rate that existed in 1982.

Events such as ventricular fibrillation and coronary
artery blockage are the main responsible factors for the
undesirable first place held by cardiac-related death rates
on the list of mortality causes in the United States. Car-
diac arrhythmias, of which ventricular fibrillation is the
deadliest, are treated with devices such pacemakers (e.g.,
used against bradycardias) or implantable cardioverter-
defibrillators (ICDs) (e.g., used against ventricular fibril-
lation). Figure 9 presents that the number of patients
benefiting from pacemaker implantation has grown stea-
dily, by approximately 50%, in the 1990s. However, the
number of ICD implants has experienced tremendous
growth rates, from just a few thousand patients, if that,
in 1990, to about 200,000 in 2000 (12). Blockage of coro-
nary arteries can be diagnosed by catheterization and
treated by balloon angioplasty, by stenting, or surgically,

Table 1. FY 2005 Device Review User Fees (U.S. Dollars)

Application Standard Fee Small Business Fee

Premarket Application (PMA, PDP, BLA) $239,237 $90,910
First premarket application by a small business Not applicable Fee is waived
Panel-track Supplement $239,237 $90,910
180-day Supplement $51,436 $19,546
Real-time Supplement $17,225 $6,546
510(k) $3,502 $2,802
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by coronary bypass. Coronary bypass is the most matured
and the most invasive treatment modality, which is used
now for only the most severe forms of coronary blockage.
Balloon angioplasty has been a viable, less-invasive, and
more cost-effective option to bypass surgery in milder
forms of blockage. However, as shown in Fig. 10, the num-
ber of patients treated using either bypass of balloon an-
gioplasty has been steadily decreasing since the late
1990s, after the introduction of stents (12). Stents, in par-
ticular, drug-eluting stents, have much lower restenosis
and complication rates than the other two options. Con-
sequently, patients and the medical community voted for
their use once stents were proven to be safe and efficacious
(28).

Table 2 shows the decline in the death rate caused by
heart disease between 1950 and 2001 (12). That the tech-
nologies presented here became available for patient care
starting in the 1980s is directly reflected in the per-decade
drop in cardiac-related death rates. Over the three de-
cades, 1950–1980, the death rate dropped from 586.8 per
100,000 residents to 412.1, a 29.8% drop, or just over 9%
per-decade drop. From 1980 to 2001, owing to the intro-
duction of these technologies, the rate further dropped

from 412.1 to 247.8, an impressive 39.9% drop, or about
19% per-decade drop.

Next to cardiac risks, breast cancer is the most serious
condition affecting women. Figure 11 shows a significant
drop in death rates associated with breast cancer (12).
Certain technologies are responsible for this improve-
ment. The importance of mammography for early tumor
detection was recognized in the late 1970s. Nowadays,
benefiting from the introduction of digital x-ray systems,
mammography may detect over 85% of breast tumors
(29,30). Advancements in genetics, such as understand-
ing the role of mutations of BRCA1, BRCA2, and p50
genes, have further contributed to the management of risk
factors. In recent years, minimally invasive breast-cancer
treatment technologies, such the Mammosite system de-
veloped by Proxima Therapeutics, have been approved by
the FDA and are now available for clinical use (31).

Because of the rapidly increasing cost of new technol-
ogy, the potential benefit a particular new medical device
may have to patient care has become a high concern for
both government regulators and medical device compa-
nies. Most medical devices are marketed to hospitals, doc-
tors, and other health-care providers, who are reimbursed
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by third-party payers, primarily Medicare or Medicaid
programs, managed health-care providers, and private in-
surers. These third-party payers add a third criterion, cost
effectiveness, for marketability over and above the safety
and effectiveness criteria required by the FDA. As men-
tioned in the previous section, the CMS is mandated to
assess the cost-effectiveness of new technologies to deter-
mine the level of reimbursement by Medicaid and Medi-
care. Typically, the CMS reviews a device for possible
reimbursement coverage after the device is approved by
the FDA. Private insurers usually follow the recommen-
dations made by the CMS. Unfortunately, the CMS is per-
ceived to view technology as a driver of costs rather than a

saver of costs (32). Because of cumbersome coverage, cod-
ing, and payment procedures, it has been reported that
the CMS reimbursement processes delayed the introduc-
tion of new medical products by several years (32). A new
procedure that uses a new device may cost more in the
beginning, while being adopted, but save cost and improve
quality of life long term, as it increases effectiveness, re-
duces side effects, and accelerates recovery times. Al-
though its point of view is changing, the CMS is seen as
failing to take these long-term savings into account when
considering cost effectiveness. The reimbursement review
process for two devices, ICDs and drug-eluting stents,
merits presentation in somewhat more detail to better
understand the evolution of CMS. For patients with spon-
taneous or inducible episodes of ventricular fibrillation,
ICDs have been approved since the early 1990s for use and
reimbursement to treat ventricular fibrillation by delivery
of electrical intraventricular shocks. At the time, ICDs
were not approved for patients that did not exhibit epi-
sodes of ventricular arrhythmias but who might have ben-
efited from prophylactic treatment because of their
increased cardiac risk profile. In the late 1990s, results
of a clinical trial, MADIT II, showed that ICDs have pro-
phylactic benefits in patients with prior myocardial in-
farction and a left ventricular ejection fraction of 0.3 or
less (33,34). Although after the release of the MADIT data,
the FDA approved certain ICDs for such use, the CMS
initially decided to delay reimbursement approval. The
CMS decision has caused significant debate in the indus-
try (34). To its credit, more than a year later, the CMS re-
vised their decision and approved ICD coverage in June
2003. Another device, the drug-eluting stent, has fared
much better through the CMS review process. To secure
access to this technology, in October 2002, the CMS took
the unprecedented step of approving coverage for drug-
eluting stents before the first such device, Johnson &
Johnson’s (J&J) CYPHER, gained FDA approval in April
2003. In contrast, when J&J introduced the first bare
metal coronary stent into the United States in 1994, it was
not until more than 3 years after FDA approval that CMS
reassigned this technology to a higher paying code (12).
For most new medical technologies coming to market,
there is a 3-year time lag between FDA and CMS approv-
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Table 2. Death rates caused by heart disease in the United
States

Year Deaths per 100,000 resident population
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als. However, the drug-eluting stent experience may be a
sign of changing times at the CMS.

4. ECONOMIC BENEFITS

The medical device industry represents an important part
of the U.S. economy. Over the last two decades, this in-
dustry grew steadily and was minimally affected by eco-
nomic slowdowns. Medical technology U.S. companies
produce more than $77 billion in revenues annually and
generate over 6% annual growth, more than double the
U.S. GDP average growth rate (35). The U.S. medical de-
vice companies are successful at exporting their products,
placing this industry among the few economic sectors that
generate a consistent trade surplus. Over the last 15
years, it generated $56 billion in trade surplus, more
than $7 billion in 2000 alone (35).

Medical device companies are a source of secure em-
ployment and high-paying American jobs. The stability
and growth of the medical device industry make it one in
which lots of professionals want to get in and few want to
get out. As investment in medical devices has constantly
grown over the last two decades, so has the number of
people employed in this industry. Figure 12 shows that
considerable employment growth occurred between 1988
and 2001 (12). Even with the economy still uncertain,
those in the device industry understand that their field is
as stable and rewarding as any, especially in comparison
with other high-tech sectors. Medical device professionals
are satisfied with and secure in their jobs. Workers in this
industry earn 49% more than private sector employees
and 18% more than general manufacturing workers (35).

For example, in 2003, U.S. engineers working in med-
ical device R&D earned an average salary of $85,000 and
an average total compensation (including bonuses and
stock options) of $110,000 (36). Their income grew on av-
erage 4% with respect to 2002. Students graduating with
biomedical engineering degrees will be glad to learn that
the future of employment in this industry is brighter than
that of many other industrial sectors. The Whitaker Foun-
dation reported that the number of biomedical engineer-
ing jobs will climb almost twice as fast as the overall
average for a 26.1% gain by 2012, based on the govern-
ment’s new long-range forecast (37). According to the U.S.
Bureau of Labor Statistics, overall job growth is projected
to be 14.8% between 2004 and 2012. As of 2002, 7600 bio-

medical engineering jobs were counted in the United
States. This number is projected to exceed 10,000 by
2012 (37).

5. OUTLOOK FOR THE MEDICAL DEVICE INDUSTRY

In the next decade, medical technology innovations will
fundamentally transform the health-care landscape, pro-
viding new solutions to address chronic diseases condi-
tions and revolutionize the way treatments are
administered. To understand how these new technologies
will be brought to market, it is important to review the
factors that affect new product development and resource
prioritization. Figure 13 ranks the main factors that rein
the industry’s ability to bring new devices to market (12).
Given the long time required to obtain FDA approval and
the effort and resources that go into it, regulatory concerns
top the list for 84% of the surveyed companies. New de-
vices that are not substantially equivalent to any existing
devices may be required by the FDA to undergo clinical
testing before being approved for market release. As such,
it does not come as much of a surprise that the cost, the
time, and the resources required to run a clinical trial
represent that second highest concern for 74.1% of the
surveyed firms.

Figure 14 ranks the factors that influence the indus-
try’s decision on how to prioritize projects that would turn
ideas into new products (12). Again, not surprisingly, risks
related to FDA approvals top the list for 81.5% of the sur-
veyed companies. Risks related to the thoroughness of the
patent portfolio, as it relates to new products, rank second
among 78.5% of the surveyed entities. Confirming the fact
that the medical device industry is well funded, risks re-
lated to funding resources for new technologies rank only
in ninth place.

Hopefully, the MDUFMA and other actions considered
by the Congress will streamline the regulatory process at
the FDA and the CMS, which thus elevates some obstacles
the industry faces in making new technology available for
patient care.

An outlook of the medical device industry would not be
complete without discussing several new technologies
with the potential to benefit patients. Future break-
throughs will build from the incredible progress made in
other scientific and technical areas, such as computers,
material science, communications, information technol-
ogy, and genetics. Equally important, technology innova-
tion will address the cost-effectiveness concerns raised by
governments and society and will seek to meet the grow-
ing needs of an increasingly well-informed patient popu-
lation that demands more efficient but less-invasive
treatment options. Based on AdvaMed, future innovations
in medical technology will reflect several broad trends:
increased miniaturization of devices, replacement organs
and tissue, earlier use of more accurate diagnostics, and
advances in information technology (35). Miniaturization
of medical devices will allow for more targeted delivery of
therapies. The hope is that nanotechnology will create de-
vices to deliver treatment to individual diseased cells. Re-
placement organs will provide new therapies for the most
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serious disease conditions. Implantable artificial hearts
will be able to extend the lives of patients whose hearts
cannot be treated in other ways. Tissue engineers are on
the verge of breakthroughs that will grow entire organs,
including hearts, livers, and kidneys. Significant progress
has already been made in developing artificial skin for
burn patients and bone substitutes for osteoporosis and
fractures. Molecular and gene-based diagnostics will de-
tect diseases earlier in their progression and will allow
physicians to target drugs to match the patient. Molecular
imaging diagnostic tests will be able to detect cancers and
other diseases at the molecular level. Information tech-
nology innovations will allow critical medical data to be
processed and transmitted rapidly over great distances,
saving both patients and physicians time and speedy de-
livery of treatment.
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MEDICAL DEVICES: REGULATIONS, CODES,
AND STANDARDS

ROBERT MUNZNER

Medical Device Consultant
Schuyler, Virginia

1. INTRODUCTION

Before May 28, 1976, most medical devices were not
subject to any special regulatory requirements, although
the U.S. Radiation Health and Safety Act of 1968 (1) did
apply to some devices such as those used for radiation
therapy and to diagnostic x-ray machines. Also, a few
devices, such as surgical sutures, were treated as drugs
and were subject to the U.S. Food, Drug, and Cosmetic Act
(FD&C Act) of 1938 (2).

The 1976 Medical Device Amendments to the FD&C
Act (3) ushered in a new era of governmental control over
the medical device industry. In the United States, every
medical device, from the simplest commercial bandage to
the most complex therapeutic device, was subject to re-
view by the Food and Drug Administration (FDA) before
being introduced to the market. Regulation in Great
Britain and Canada focused on post-market control of
the more problematic devices such as implants. Later,
the European nations initiated regulatory reforms based
on the establishment of standards.

1.1. U.S. Medical Device Amendments

The 1976 law that incorporated medical devices into the
FD&C Act was large and complex. It dealt with all aspects
of device development, qualification, and quality control.
Whereas the Radiation Health and Safety Act of 1968
consisted of only a few general paragraphs that left the
details of rule making to the implementing agency, the
device amendments included detailed instructions on how,
when, and by whom each provision was to be implemen-
ted. The FDA was mandated to assure that all medical
devices distributed in the United States, both domestic
and imported, are reasonably safe and effective. Parts of
this legislation, such the establishment of performance
standards, were so tortuous and complex that they were
never implemented.

Although a few provisions of the device amendments
came into effect immediately upon enactment, most provi-
sions could only be implemented through rule-making
authority of the FDA. The rule-making procedures require
that the FDA first publish a proposed rule in the Federal
Register and request public comment. After a comment
period, the agency must publish responses to all com-
ments, indicate how the proposed rule has been modified
in response to the comments, and publish the final rule,
indicating the date on which the rule becomes effective.
(New rules first appear in the Federal Register and then
are added to the Code of Federal Regulations on an annual
basis.)

The principal parts of the medical device amendments
dealt with:

* The classification of devices that were on the market
before enactment of the amendments

* The determination of ‘‘substantial equivalence’’ of
competing devices that could be introduced without
a premarket approval application (PMA)

* The process for considering approval of PMAs
* Investigational device exemptions (IDEs) that pro-
vide for the legal distribution of new devices for
purposes of clinical research

* The establishment of device performance standards
* The establishment of ‘‘general controls’’ that apply to
all marketed devices and that forbid false statements,
forbid misidentification of the product, and provide
controls for manufacturing practices, documentation,
and record keeping.

1.2. U.S. Radiation Health and Safety Act

In addition to the FD&C Act, there are additional regula-
tory requirements for devices that emit radiation. The
scope of the definition of radiation includes sonic and
ultrasonic radiation, as well as a large part of the electro-
magnetic spectrum and ionizing particle radiation. There
are particular requirements for laser emissions. A report
of required testing must be filed with the FDA before the
device is introduced into commerce, but there is no waiting
period.

1.3. European Community (EC) Marks

The marketing of medical devices in most European
countries now requires that many devices be awarded an
EC mark by a ‘‘Notification Body.’’ The person that intends
to introduce the product may have to provide samples of
product and design documentation to an authorized noti-
fication body, a commercial entity that charges a fee, for
examination and certification of compliance with applic-
able standards. European standards often invoke general-
izations that are not translated into specific requirements
or test methods. The certifying agency must therefore
perform the necessary translation into specific test re-
quirements. Some European countries do not accept certi-
fications from agencies in other countries.

2. U.S. REGULATORY REQUIREMENTS

2.1. Definition of a Medical Device

From the FD&C Act (4):
The term ‘device’ (excepty) means an instrument,

apparatus, implement, machine, contrivance, implant, in
vitro reagent of disease or other similar or related article,
including any component, part, or accessory thereof,
which is—

(1) recognized in the Official National Formulary, or
the United States Pharmacopeia, or any supple-
ment to them,
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(2) intended for use in the diagnosis of disease or other
conditions, or in the cure, mitigation, treatment, or
prevention of disease, in man or other animals, or

(3) intended to affect the structure or any function of
the body of man or other animals, and which ... (is
not a drug).

Even with some words omitted, it is apparent that there is
an intent to make this definition all-inclusive. Note the
inclusion of components, parts, and accessories. It is also
important to note that the definition is based on intended
use. The same physical object (device) can have both
medical and nonmedical uses. Medical devices having
different uses are considered as different devices and
may be regulated differently. Thus, the intended use, as
expressed by written materials associated with the device
(all of which the FDA refers to as ‘‘labeling’’), determines
whether the device is a medical device. The labeling also
determines how the medical device will be classified.
Adding a new intended use to the labeling of a marketed
device is the same as creating a new device.

2.2. Interstate Commerce

The term ‘‘interstate commerce’’ is used to describe the
FDA’s scope of authority; however, a strict interpretation
would be misleading if one concludes that intrastate
commerce is not subject to the FD&C Act. On the contrary,
the Act specifically states that there is a presumption of
interstate commerce for devices manufactured in the
United States, and this provision has been upheld by the
courts. The term does imply that authority does not
extend into other areas, such as the practice of medicine.
It is obvious, however, that in exercising its authority over
commerce, the practice of medicine will be affected. In
addition, the FDA is obligated with regard to exported
devices.

2.3. Classification of Devices

The Medical Device Amendments to the FD&C Act de-
fined three classes for preamendment devices.

Class I devices are subject only to the general provi-
sions of the FD&C Act. Some class I devices have been
exempted from the premarket notification requirement, or
‘‘510(k),’’ and some have been exempted from the Good
Manufacturing Practice (GMP) requirements, or the
‘‘quality systems regulation.’’

Class II devices are subject to the general provisions
and are subject to any ‘‘special controls’’ that the FDA
requires by regulation. Originally, class II devices were to
be controlled by standards; however, the comprehensive
nature of a standard proved to be difficult to implement on
the scale needed. The FDA has drafted numerous ‘‘gui-
dance documents’’ that suggest performance measures for
particular devices, but these are not legal requirements. It
would be reasonable to expect that some of the more
critical performance measures could become mandatory
by regulation.

Class III devices are subject to all class I and class II
requirements and are subject to the approval of a PMA
application. For a new class III device (one that is not

substantially equivalent), the PMA must be approved
before the device can be marketed. The PMA will not be
approved until the manufacturing facility passes inspec-
tion.

2.4. Premarket Notification

Any person who intends to introduce a medical device into
U.S. interstate commerce must notify the FDA, providing
all information required by Part 800, Subpart E in Title 21
of the Code of Federal Regulations (21 CFR 800E). The
purpose of this notice, which is commonly referred to as a
‘‘510(k),’’ is to provide sufficient data for the FDA to
determine if the device is substantially equivalent to other
devices that have been marketed under the 510(k) provi-
sion of the medical device amendments or to devices that
were on the market before enactment of the amendments.
If the device is found to be equivalent, the FDA replies
with a letter saying that it may be marketed without a
PMA; otherwise, notice is given that the device is in class
III by statute. The FDAmay be petitioned to reclassify the
device on the basis that a lower classification is sufficient
for assuring safety and effectiveness, but otherwise a PMA
is required before marketing the device.

Until 2003, there was no fee for filing a 510(k); however,
the Medical Device User Fee and Modernization Act
(MDUFMA) of 2002 introduced a user’s fee of $ 2187 for
each premarket notification. There was discussion of an
exemption or reduction for small business, but no reduc-
tion was implemented. It seems that user’s fees will be
revised yearly.

2.4.1. Substantial Equivalence. The pivotal determina-
tion of whether a device requires a PMA is based on the
interpretation of the phrase ‘‘substantially equivalent.’’
The FD&C Act, which provided detailed specifications
about so many procedures, did not define this term, and
interpretation was left to the agency. In 1976, when the
medical device amendments went into effect, what was
then called the FDA Bureau of Medical Devices had only
about 35 qualified reviewers. This number rose toward 90
when the IDE rules became effective, but clearly there
were insufficient resources to require many PMA applica-
tions for the more than 5000, 510(k)s that were being
submitted annually and that had to reviewed within 90
days. The resources required to review a PMA, which
makes no assumptions about the effectiveness of old
devices, are probably ten times greater than for a 510(k).
(A typical PMA seems to be about the size of a Chicago
telephone directory.) Review of a PMA typically requires
the convening of an advisory panel of non-FDA experts for
their recommendation.

Pragmatism dictated that ‘‘substantial equivalence’’ be
interpreted in the broadest possible sense. Reviewers
could provide a reasonable assurance of safety and effec-
tiveness by requesting performance data that would show
that some entirely new technology would perform a given
function at least as well as the old technology. Thus, the
interpretation of ‘‘equivalence’’ expanded to include al-
most any device for which a PMA was not considered
essential, provided some marketed device can be found
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that has a similar intended use, i.e., a competing product.
In the rare case that no similar product can be identified,
the device must be classified in class III, and the statute
requires a PMA approval before marketing. However, the
sponsor may petition for de novo classification on the basis
that class I or II controls are sufficient. If the device
receives de novo classification, a 510(k) can be submitted.

About 97% of the medical devices being introduced each
year reach the market through a finding of equivalence.
Clinical data are sometimes now being required for a
510(k), which gives rise to the sobriquet ‘‘mini-PMA.’’
Considering that a determination of equivalence can
only be obtained through a letter from the FDA, the
notification process is virtually an approval process.
Only the criteria for determining safety and effectiveness
differ.

2.4.2. Exemptions from Premarket Notification. The ori-
ginal medical device amendments gave the FDA discretion
to exempt any class I device from the 510(k) requirement
if they deemed it unnecessary for that type of device. Some
devices that met particular criteria were made exempt by
FDA regulations. However, later legislation, the ‘‘FDA
Modernization Act,’’ encouraged the FDA to exempt all
class I devices and some class II devices. Subsequently, the
FDA published lists of device types that were exempt but
for the most part did not specify any qualifying criteria.
The device types identified are the preamendment devices
that were classified in the late 1970s and which, under the
broad interpretation of equivalence, often bear little re-
semblance to devices of that type now on the market. The
regulations explicitly say that exemptions are limited, and
that they may not apply if there are differences in in-
tended use or technology.

The difficulty for the manufacturer who wants to ex-
ercise an exemption and market a product without a
510(k) is that there is no assurance that the product is
equivalent to a named preamendment device without a
determination from the FDA. If a person markets a device
that the FDA later determines is ‘‘not substantially
equivalent,’’ that person is deemed to have violated the
law.

2.5. Investigational Device Exemption

The basic provisions of the FD&C Act make it illegal to
distribute any device that has not been shown to be
reasonably safe and effective; therefore, a special provi-
sion is needed to provide a means by which new devices
can be distributed for the clinical investigations needed to
gather safety and effectiveness data. Thus, it was neces-
sary to provide a means of exempting new devices that
were intended for clinical research. The experiences of the
National Institutes of Health (NIH) demonstrated the
need for procedures that would protect the rights, safety,
and welfare of human subjects who volunteer to partici-
pate in research. The primary purpose of the IDE applica-
tion is to assure that subjects in the study are adequately
informed of the risks associated with their participation
and that they are made aware that the device has not yet
been shown to be effective. The IDE application must,

therefore, include a description of the information that
will be given to the subjects. In addition to identifying the
risks associated with injury and death, the subject must
be informed of the sponsor’s intent (or lack thereof) to pay
the cost of any injuries resulting from participation.
(There is no requirement for patient indemnification.)
Also, the subject must be informed that the FDA will
have access to personal data. A complete list of the
required elements of informed consent is specified in 21
CFR Part 50.

In addition to informed consent materials, the IDE
application must identify an Institutional Review Board
(IRB) that will oversee the conduct of the investigation to
assure that the rights, safety, and welfare of the subjects
are protected. A clinical study may not begin until it is
approved by the IRB (5). The IDE application must also
include the study protocol, identify the investigators and
provide their credentials, specify how the sponsor will
monitor the investigation, and report all prior investiga-
tions of the device. The complete contents of an IDE
application are specified in 21 CFR 812.20.

The FDA has consistently responded to IDE applica-
tions within 30 days, either with an approval or with a
detailed list of needed changes. Although the reviewers
often provide gratuitous recommendations concerning the
protocol, applications cannot be disapproved on the basis
of poor study design alone. Approval letters include a
disclaimer saying that the FDA has not assured that the
study design is adequate for the purposes of a PMA. The
sponsor is required to report on study progress yearly
thereafter.

2.5.1. Abbreviated IDE Requirements. Some medical de-
vice investigations do not expose the subjects to any
significant risk, e.g., examination of excreta or completing
questionnaires. The sponsors of nonsignificant risk stu-
dies are deemed to have an approved IDE when the IRB
creates a record of approval on this basis. The sponsor
does not apply to the FDA, and no routine reports are
required. However, the rules for conducting studies (21
CFR 812) do apply, and adverse device effects must be
reported. The informed consent materials must include
specific elements that are specified in 21 CFR Part 50.
Note that in general the FDA will not be aware of studies
that are being conducted under the abbreviated require-
ments and that the determination of nonsignificant risk is
made at the discretion of the IRB. However, if the FDA
becomes aware of a study in which the IRB’s determina-
tion seems questionable, perhaps through a subject’s
complaint, they may require that an IDE application be
submitted.

2.6. Premarket Approval

Part 814 of the Code of Federal Regulations (21 CFR 814)
specifies the required contents of a PMA application. A
PMA is an extensive document, similar in scope to a new
drug application (NDA). A formal table of contents is a
required element, and the contents must include indica-
tions for use, a device description (including manufactur-
ing methods), alternative practices and procedures,
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marketing history (including non-U.S., if any), a summary
of studies (both laboratory and clinical), and conclusions
drawn from studies. Filing a PMA now requires payment
of a user fee of $154,000 as a result of the MDUFMA
legislation, unless the applicant qualifies as a small busi-
ness. Currently, there is no charge for the first PMA filed
by a small business entity.

In the actual planning and preparation of a PMA, 21
CFR 814 is of minimal value, but the FDA Center for
Devices and Radiological Health (CDRH) has prepared
extensive guidance material on the subject. The term
‘‘manufacturing methods’’ translates into a detailed de-
scription of the manufacturing process, change controls,
documentation, quality control procedures, and follow-up
on user complaints. The manufacturing section of the
PMA consists of a separate volume that is reviewed by
the Office of Compliance in CDRH as well as the Office of
Device Evaluation (ODE). Inspectors in the local field
office can also use that section for reference. Note that
final approval of a PMA is not granted until actual
manufacturing has begun and the facility has been in-
spected. The dates for the first inspection are prearranged
as part of the PMA process.

2.6.1. Indications for Use. The term ‘‘indications for
use’’ was derived from drug terminology and refers to
the disease or condition for which it is an effective treat-
ment. By analogy, the concept can be extended to diag-
nostic devices that detect a specific disease or condition,
but the concept is not always so well defined for diagnostic
devices that may show only the absence of a condition or
an image the diagnostician finds useful. The overall
‘‘intended use’’ concept includes ‘‘indications,’’ but it de-
fines what the device is to be used for, what group of
persons will benefit from its use, and the way in which it is
intended to be used. An explicit description of intended
use is needed to define the device that is the subject of the
application.

2.6.2. PMA Review. The nominal review period for a
PMA is 180 days, but of course FDA questions concerning
perceived omissions, contradictions, and ambiguities can
require amendments that extend the review time. For new
devices, the FDA must hold a public meeting of an
advisory panel of non-FDA experts and seek their recom-
mendations concerning approval. The FDA, having the
ultimate responsibility, is not required to accept a panel
recommendation, but typically the recommendation is
accepted, especially when the members are unanimous.

The pivotal issue in most PMA approvals is the demon-
stration of effectiveness by means of clinical data. The
PMA sponsor is expected to provide an analysis of the data
that supports all claims of effectiveness. This analysis
must use rigorous statistical methods, and it is scrutinized
carefully by the agency’s statisticians.

2.6.3. Foreign Data. There is no prohibition of the use
of data from studies performed outside the United States
in support of a PMA; however, the original data records
from the site of the study must be made available for
inspection. Studies performed in countries where the

government does not allow FDA inspection of hospital
records would not qualify as the primary clinical data.

2.7. Good Manufacturing Practice

As originally implemented under the medical device
amendments, GMP rules focused on documentation asso-
ciated with manufacturing process, quality control proce-
dures, and facility maintenance. Partly in response to the
industry’s objections to providing design qualification and
process validation data to support a 510(k), emphasis was
placed on inspection of qualification and validation data
after marketing clearance. The rules implemented in 1997
redefined the GMP rules as the ‘‘quality system regula-
tion,’’ which allows the 510(k) reviewer to assume that all
design performance criteria will be met before the device
is marketed, although the actual qualification testing has
not been completed. However, reviewers do sometimes
request qualification or validation test data when it seems
the performance specification or process is impracticable.

2.7.1. Quality System Regulation. These rules, 21 CFR
820, define the conditions that must be satisfied when the
FDA inspects a manufacturing facility. To assure confor-
mance with the rules, more detailed information is pro-
vided in guidance documents that are available from the
CDRH website (6). Testing that assures that product
performance conforms to the design performance criteria
is termed ‘‘design validation.’’

2.8. Device Labeling and Promotion

The term ‘‘labeling’’ as used by the FDA means any
published information pertaining to a marketed product,
including personal presentations and media material, as
well as all printed matter associated with the device, such
as operating instructions and maintenance manuals. The
basic rule is that no false or misleading statements are
allowed. Making false statements causes the product to be
‘‘mislabeled’’ or ‘‘misbranded’’ in terms of the FD&C Act.
After having obtained a court order, the FDA can seize
devices that are in violation. In some cases, where decep-
tion is alleged to be intentional, the Justice Department
has prosecuted the responsible person for fraud.

Devices are required to have adequate instructions for
use. The FDA maintains that many particular devices
cannot be adequately labeled to assure safe and effective
use by a layperson; therefore, they may only be sold by, or
on the order of, a licensed health-care practitioner. These
devices must be labeled with a ‘‘Caution’’ statement to that
effect and would be misbranded without it. During 510(k)
review, intended use and instructions for use are evalu-
ated, whereas other labeling may not be. PMA labeling
information is evaluated by the CDRH Office of Compli-
ance before the application is approved, and any subse-
quent changes to the labeling must be approved through a
PMA supplement.

2.9. Exemptions from GMP

Many class I devices have been exempted from the GMP
(or quality system) rules. The letters the FDA issues when
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a determination of substantial equivalence is made make
reference to the classification rule that applies to the
device described in the 510(k). By consulting the CFR,
the sponsor of the 510(k) can determine whether that
classification rule exempts the subject device from GMP
(21 CFR 820) rules. Manufacturing facilities that produce
only GMP-exempt devices are not inspected routinely.

2.10. Establishment Registration

No registration is required when a 510(k) is first sub-
mitted; however, a completed registration form must be
submitted within 30 days after a manufacturer or impor-
ter commences commercial distribution. This is a simple
filing procedure for the purpose of providing an accurate
address of the facility for purposes of inspection. Foreign
manufacturers that market products in the United States
must designate an agent residing in the United States
that can arrange for inspections of foreign facilities.

2.11. Device Listing

Operators of each manufacturing establishment must
complete a simple form listing every device that is being
manufactured at that site and must update the list
annually. This form aids the FDA in planning inspections
and assigning appropriate inspectors. Designated agents
perform this function for foreign manufacturers.

2.12. Inspections

The FDA field offices assign inspectors to examine manu-
facturing facilities in their region. The inspectors examine
the facility and its documents to assure compliance with
21 CFR 820 as well other general provisions of the FD&C
Act, such as labeling. Upon completion, the inspector
issues a ‘‘Form 483’’ that specifies all discrepancies found.
The operator is expected to take corrective action and to
report the actions. The findings may be disputed. If the
field office deems it necessary, a follow-up inspection may
be ordered. If the facility is not brought into compliance
and the violations are considered serious, the findings are
reported to the Office of Compliance and a warning letter
may be issued. Failure to take corrective action in re-
sponse to a warning letter provides cause for legal action,
usually a court order to seize the products. Products
manufactured in an improperly controlled facility are
said to be ‘‘adulterated.’’

2.13. Importation

Imported devices are subject to the same requirements as
domestic devices. In addition, a 510(k) must identify the
designated U.S. agent for the new device. Importers of
investigational devices may be required to show that an
IDE is in effect and that the device is being sent to an
approved site. Investigational devices are required to be
labeled: ‘‘CAUTION—Investigational device. Limited by
United States law to investigational use.’’ Although en-
forcement provisions for medical devices rules are weak in
many regards, the importation of any device believed to be
violative can be blocked by the FDA simply by the
issuance of an ‘‘import alert.’’

2.14. Exportation

Obviously, the United States cannot regulate the market-
ing of a device after it leaves the country; however, the
FD&C Act contains a provision that forbids exportation of
devices that are known to be unsafe. Devices manufac-
tured and legally marketed in the United States are
assumed to be reasonably safe; however, investigational
devices have not been found safe. An exporter of an
investigational device must have a letter from the FDA
approving the export. To get this approval, the exporter
must show that this does not violate the laws of the
country to which it is being sent, usually by obtaining a
letter from the trade office of the destination country.

3. STANDARDS

The role of standards in the regulatory environment is not
easily summarized because of the many kinds of stan-
dards and the differences in the regulatory paradigms
employed by the European nations, Canada, and the
United States. The EC model is based on certification by
independent laboratories that the device to be marketed
conforms to all applicable standards. Canadian regulation
is oriented toward controlling new high-risk devices where
few, if any, standards are applicable. U.S. regulations, as
described, are based on the review of device specifications
by FDA experts to assure the safety and effectiveness of
devices entering the market. Although the U.S. law ex-
pressed an intention to develop performance standards
specific to each device type, such standards, or special
controls, have not been implemented to any great extent.
However, to the extent that performance standards were
developed by U.S.-led standards development organiza-
tions, these documents have been useful in facilitating
communication between device developers and the FDA,
primarily by reference in the 510(k). However, confor-
mance to industry standards in the United States is
voluntary.

3.1. General Standards

The need to deal with common device problems and risks,
such as sterility, biocompatibility, electrical safety, and
electromagnetic interference has provided motivation for
the industry and, with government participation, has
resulted in numerous useful consensus standards. These
standards, which are applicable to many different devices,
are sometimes referred to as cross-cutting standards, and
the FDA uses the term ‘‘horizontal’’ for standards with
general applicability. International standards develop-
ment organizations (predominantly European) have been
active in expanding the scope and detail of these stan-
dards.

3.2. Standard Test Methods

As an outgrowth of general standards, the methods used
to make the measurements needed to demonstrate com-
pliance with the acceptance criteria have also been for-
malized, i.e., standardized. The standards for test
methodology not only save a great deal of labor, but also
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they provide added assurance that test results will be
comparable between different laboratories. Many general
standards now include standards test methods. These
published, validated test methods are now being used by
the FDA as a basis for self-certification of conformance in
510(k)s.

3.3. FDA Recognized Standards

The FDA/CDRH website (6) includes searchable lists of
several hundred domestic industrial and international
standards that are ‘‘recognized for use in premarket re-
views.’’ This statement is of less importance than it might
at first seem to be, considering that conformance to any
non-federal medical device standard under the present
rules is voluntary and the use of test data obtained with-
out reference to any recognized standard is routine in
premarket reviews. However, the FDA does allow a de-
claration of conformity to a recognized standard by the
sponsor to be used in lieu of actual test data, which can be
of use in expediting the consideration of a 510(k).

3.3.1. Biocompatibility. Two basic approaches have
been used to assure the compatibility of device materials
with tissue: (1) the duplication of well-documented repro-
ducible materials that have a history of successful use and
(2) the evaluation of new materials by means of a battery
of tests designed to assure sufficient compatibility for the
intended use. Standards are being used to document the
composition of known reproducible materials, such as
metal alloys. Numerous alloys have been identified and
documented as suitable for surgical implantation and use
in specific applications for general surgery, orthopedic,
and neurological surgery by the American Society for
Testing and Materials (ASTM).

The qualification of new materials can be an expensive
process because of the many tests that may be necessary.
A joint committee of experts from Canada, Great Britain,
and the United States have formulated a matrix of
biocompatibility tests based on varying degrees of expo-
sure risk that they recommend be used in evaluating new
materials (7). The most exhaustive testing is indicated for
permanently implanted materials; somewhat lesser re-
quirements are specified for short-term implants and
invasive devices; and the least testing is required for
materials that have only momentary invasive contact or
external application.

3.3.2. Sterility. Three basic methods of sterilization are
documented in the International Standards Organization
standards: high-temperature pressurized steam (auto-
clave), ethylene oxide (gas), and radiation. However, pro-
duction batches must be subjected to validation testing to
assure that the process was correctly executed as a part of
manufacturing quality control if the product is to be
shipped in the United States with ‘‘sterile’’ labeling.

3.3.3. Electrical Safety. For medical devices that are not
used to intentionally apply electrical current to the human

body, complete standards and test methods have been
developed that specify insulation, grounding, and leakage
current. Both the Underwriters Laboratories, Inc. (UL)
2601 and the International Electrical Technical Commis-
sion (IEC) 60601 standards can be used for electrical
safety certification; however, the latter does not provide
complete, explicit tests.

3.3.4. Limitations on Electromagnetic Interference
(EMI). In general, the FDA does not have specific require-
ments with regard to EMI; however, there is at least one
notable exception in the case of powered wheelchairs and
scooters that came about as a reaction to a particularly
dangerous EMI problem associated with design of these
devices. In response to the need for EMI testing, the
Rehabilitation Engineering and Assistive Technology So-
ciety of North America (RESNA) published a voluminous
detailed standard for wheelchair design that includes
specific criteria for limiting the electromagnetic suscept-
ibility of powered wheelchairs (8). Using its authority for
device labeling, the FDA now requires powered wheel-
chairs that have not been tested for EMI susceptibility to
be placarded with prominent warnings.

The U.S. Federal Communications Commission (FCC)
is responsible for regulating devices that emit radio-
frequency energy; however, most medical devices were
exempted from FCC rules because of their importance to
human health. As a consequence, many medical devices
produce emissions that can and do interfere with other
devices. Also, medical devices are often vulnerable to FCC-
authorized emissions. In one event, the activation of a
high-definition television transmitter completely dis-
rupted the operation of a nearby hospital (9); therefore,
it is reasonable to expect additional regulation to control
EMI.
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Design has many connotations, ranging from the funda-
mental creation of technical capability to the general
appearance of an actual, commercially available medical
device. For complex devices, the former might include a
‘‘bench top’’ working system that is far from a finished
product but that might be suitable for proof of concept.
The latter can address issues as basic as color and brand
identification. For the purpose of this article, the term
‘‘design’’ will be used primarily in the context of moving
from a more-or-less working concept toward a marketable
device; i.e., the endpoint is a legally marketed, finished
product complete with instructions for use, installation,
and service information when applicable, and perhaps
training materials. In addressing this process, we will
touch on the design process in general, the U.S. Food and
Drug Administration’s (FDA) Design Control regulations,
human factors, system safety and risk management, in-
dustrial design, the link between design and manufactur-
ing, and design modification.

1. FUNDAMENTAL COMPONENTS OF THE DESIGN CYCLE

The design process has been taught to engineering stu-
dents in summary form for decades. The major steps are
understanding the need, translating that need into spe-
cific design specifications, and executing a finished design
that meets those specifications. The finished design must
progress from concept through selection of specific meth-
odologies to specifying specific components and their
assembly. Increasing attention in many design activities,
including many medical devices, is toward the user inter-
face; i.e., how does the user interact with the device to
achieve the desired performance? Modern team design
also pays early attention to a regulatory strategy, human
factors, safety, manufacturability, packaging and ship-
ping, and installation.

Properly identifying and enumerating the clinical
needs for a medical device may sound considerably easier
than it actually is. In many cases, the clinical require-
ments may be stated in a much simpler and general form
than the technical requirements that the ultimate device
must meet. An example here is an infusion pump for
which the goals may at least be initially simply stated as
the ability to deliver a certain flow rate at a certain
pressure. This relatively simple requirement has in fact
become increasingly complex as, for example, it is realized
that certain parameters will require alarms, and that
those alarms may need to communicate with a centralized
monitoring system, perhaps via a wireless system. In
addition, over-infusions (too much total drug, or delivered
too fast) as well as under-infusions (too little total drug, or
delivered to slowly) may need to be protected against, as
must be at least some subset of programming errors. For

example, decimal point errors are a common type of
programming error. These challenges may in turn lead
to drug library software or bar-coded drug sources. Cer-
tain other potential use errors may also need to be
protected against, such as the now classic potential of
certain tubing sets to allow unrestricted flow if the tubing
system is removed from the pump body and the user forgot
to manually close a separate clamp. This situation is
commonly called free-flow. This is a classic example of
the human factors principle of eliminating by design the
potential for certain use errors. Thus, a thorough investi-
gation of the actual ‘‘requirements’’ for such a device may
result in a much larger set than those stated as general
clinical needs. The development of a highly detailed set of
specifications, and the fact that these specifications may
evolve as more is learned about the system, is in contrast
to the engineering fantasy that any design that meets its
specifications is a success. It is more often the case that
specifications may include those that are known and
appropriate, known but not particularly relevant, only
partially known, or completely overlooked (1). The fact
that specifications can be fundamentally flawed is behind
the FDA’s requirement that designs be both ‘‘verified’’
against the specifications and ‘‘validated’’ against actual
clinical needs. This will be addressed further below.

In contrast to requirements that are understated,
requirements may be overstated, especially when desires
and preferences are misread as requirements. Marketing
interests can be a source of such excess requirements as a
result of feature creep where these features may or may
not be useful, but are not necessities. Furthermore, ex-
cessive features may have to be balanced against other
desirable attributes such as ease of use and cost. Conflict-
ing requirements must be dealt with by a direct assess-
ment of tradeoffs, often including attributes of not only the
current design but also competing products. Semistruc-
tured and structured methods have been developed, such
as brainstorming, function-structure analysis, and Qual-
ity Function Deployment (2) to enumerate, evaluate, and
compare features. Although these methods can be useful,
they also have a fad element and care must be exercised to
capture the utility of the method without becoming overly
engaged in the joys of the method.

Another important part of the design cycle is the early
definition of test requirements and the inclusion of testa-
bility into the product. The corresponding design of test
equipment, if necessary, must then be initiated as a
parallel task. Similarly, labeling and packaging are also
critical elements of a final product. Packaging has the
interesting dual demand of fully protecting the device up
to the time of use, but then being easy to open and deploy.
Packaging must therefore be subjected to physical integ-
rity as well as testing usability testing.

In some cases, the need for new design comes as a
specific request from the clinical environment. In other
cases, the idea arises from the developers with the tacit
assumption that with a successful design, they will be able
to demonstrate utility and create the ‘‘need’’ for their
product. In either case, the requirements statement
must be thoroughly analyzed.

1
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2. FDA DESIGN CONTROLS

The FDA, as part of the Quality System Regulations (3),
has set generic requirements for the design process. These
requirements are known as the Design Controls. As with
many FDA regulations, the Design Controls were not a
conceptual breakthrough but instead are an enumeration
and requirement for a structured process that is familiar
to any careful and thorough design process. What was new
here from a regulatory perspective was the necessity to
demonstrate to the FDA that a design was developed and
tested in compliance with these requirements. Failure to
adequately demonstrate compliance can lead to FDA
regulatory action ranging from notations on the post-
inspection 483 form to a warning letter to other legal
actions. Warning letters are posted on the FDA’s website.
An example of a Design Control warning letter comment is
‘‘Your firm failed to establish procedures to control the
design process of the device and your design history file
does not demonstrate the device design was developed
following an approved design plan and design control
requirements as required by 21 CFR 820.30(a) & (j).
Your firm failed to document all appropriate areas of
design control including design plan, design review, de-
sign validation, and risk analysis (FDA 483, Item #s 6 &
7)’’ (4). Evidence of compliance with the Design Controls is
also required for initial device clearance or approval.
[Clearance refers to devices marketable under the 510(k)
process, whereas the term ‘‘approval’’ is limited to devices
that require a Premarket Approval (PMA)as explained
below.]

The required elements of the FDA Design Control
regulations are shown in Table 1.

3. FDA AND MARKET PRODUCTION

Generally, before a medical device can be marketed in the
United States, it must receive either a clearance or
approval from the FDA. All medical devices are divided
into either class I, II, or III. Most class I devices can be
marketed without submission to the FDA. Class II devices
require the submission of a Premarket Notification, or
‘‘510(k).’’ The term ‘‘clearance’’ is used for class II devices
for which the sponsor is required to submit a ‘‘510(k).’’ The
complexity of a 510(k) will depend on the nature of the

device, but it always includes comparison with already
legally marketed (cleared) similar devices. This must be
the case because if a device has no already cleared
counterparts, then it cannot be in class II. When there is
positive action from the FDA on a 510(k), the device is said
to be ‘‘cleared’’ but notably not ‘‘approved.’’ The term
‘‘approval’’ is restricted to class III devices that require
PMA. Class III devices will commonly require human
clinical trials under an Investigational Device Exemption
(IDE). Bench testing of devices is considered a routine
part of the design cycle. Animal testing is also common
when there are performance or biocompatibility issues.
Animal testing that will be part of a FDA submission must
be conducted in conformance with the FDA’s Good La-
boratory Practices (5). Some devices are the subject of
specific FDA guidance documents (6) that provide further
expectations of appropriate testing and statistical analy-
sis. Details of device classification and the appropriate
‘‘route to market’’ can be found at the FDA website.

4. HUMAN FACTORS

Human factors is the science that addresses the interac-
tion between a device and its users. Poor human factors
features can result directly or indirectly in use error and
adverse patient outcomes and/or unnecessary system fail-
ures, user fatigue, or biomechanical injury. (The term ‘‘use
error’’ is preferred over ‘‘user error’’ because the latter
implies that fault and blame has already been assessed.)
Good human factors design can reduce or eliminate use
errors and system failures and thereby enhance the
quality of care. The essence of the use error reduction
component of human factors is that good human factors
design is the link between a device that is technically
capable and a device that will be used correctly and
consistently in the real world of clinical care, and by the
real people who provide such care. Thus, it is not the
user’s sole responsibility to consistently and safely operate
a complex and possibly confusing user interface, but the
designer’s responsibility to design an interface that facil-
itates the user’s ability to achieve an appropriate level of
performance when adverse incidents occur. This principle
broadens attention from simply ‘‘blaming’’ the user to an
examination of the overall system of devices, tasks, train-
ing, environment, and related factors. The 1999 Institute

Table 1. Elements of FDA Design Controls (21CFR 820.30)

Element Design History File

Design and development planning Documented plans for the project, including resources and responsible persons
Design input Development if appropriate requirements, including the needs of the patient and user
Design output Definition and documentation of the results of the define process, or of subtasks
Design review Formal documented reviews at appropriate stages of the design, to include others than the

designers
Design verification Conformation that the design meets the input requirements
Design validation Procedures to ensure that the design conforms to user needs (risk analysis is mentioned here)
Design transfer Procedures to ensure that the design is correctly translated into production specifications
Design changes Procedures to identify, document, verify, validate, review, and approve design changes before

their implementation
Documentation that contains or references the records necessary to demonstrate that the

design was developed in accordance with the plan and the design control requirements

2 MEDICAL DEVICES, DESIGN AND MODIFICATION OF



of Medicine’s report on medical error (7) increased atten-
tion to a system analysis of error, although this was by no
means the first recognition of this issue and approach.

In addition to enhancing user performance, and per-
haps product attractiveness, it should also be recognized
that incidents caused by allegedly poor human factors
design can result in FDA-mediated recalls and product
liability litigation. One example of the former is an
anesthesia switching valve that was recalled by the
manufacturer because of repeated reports that users had
misconnected three identical tubes to three identical ports
where some of these misconnections were lethal to the
patient. Although the manufacturer noted that ‘‘Although
these valves worked correctly in each reported inciden-
cey,’’ they ultimately recommended that the valves be
removed from service and the ends ‘‘struck with a heavy
object.’’

Effective human factors analysis is facilitated by the
recognition that errors are in general not inexplicable
random events but instead fall into recognizable patterns
that invite generic solutions. Generic errors are shown in
Table 2 and corresponding design solutions in Table 3. In
addition to the types of errors users may make, underlying
and contributing factors can also be enumerated as shown
in Table 4.

5. SYSTEM SAFETY AND RISK ANALYSIS

As with human factors analysis, system safety analysis
generally takes a pessimistic ‘‘what can go wrong’’ per-
spective rather than an ‘‘everything will always go right
perspective.’’ The three most popular components of sys-
tem safety analysis are the preliminary hazard analysis
(PHA), the failure modes and effects analysis (FMEA), and
the fault tree analysis (FTA). All of these analyses are
structured means to help achieve a high level of safety
performance. They are also dynamic documents that must

be visited and revisited as the design evolves. PHA,
FEMA, and FTA can be applied to use error issues as
well as to more technical failures.

The PHA takes an early look at hazards that are or may
be associated with a design, even before the details of the
design are developed. Simply the area of endeavor of the
forthcoming design can dictate hazards that must be
considered and addressed. For example, all implants
must address biocompatibility and infection, whereas all
infusion pump designs must address technically driven
over/under-infusions (as well as those that are user dri-
ven). As a design is developed, specific additional hazards
must be identified and added to the hazard list. As will be
described below, hazards can also be evaluated for the risk
they present to prioritize focus on critical hazards and
‘‘accept’’ less critical ones. Of course, merely listing ha-
zards is not a useful process by itself. Each listed hazard
that must be addressed (as defined by risk analysis) must
receive specific and assigned attention, and their resolu-
tion or mitigation must be tracked through the complete
design process. A simple form can be used for this purpose.
Table 5 shows such a form, with a brief example.

FMEA is the pessimist’s playground. In a FEMA, major
components or subsystems are addressed individually.
Here the user can also be considered a component. For
each identified component, the question is then asked,
‘‘how can this component fail?’’ These are the failure
modes. Here it should be noted that many components
have multiple failure modes. For example, a switch could
stick open or stick closed. A circuit element could fracture
creating an open circuit at that point, or possibly a short to
another circuit element. For each failure mode, the con-
sequence of that failure must then be considered in the
context of the design. For example, a broken wire weld in a
pacemaker could result in a total failure to pace with a
corresponding grave risk to the patient, whereas a similar
failure in an anti-pain stimulator may result in a loss of
the pain blocking function, but no immediate risk to the
patient. As each ‘‘effect’’ is identified, a decision must be
made as to whether the effect is acceptable. If unaccep-
table, the design must be modified to mitigate either the
failure or the effect. One example of a design that might be
found to be unacceptable is that of a single relay in a
dialysis system that responds to low dialysate osmolarity
by stopping dialysate flow, lighting a warning light, and
sounding an audible alarm. In considering the failure

Table 2. Generic Use Errors

Not following prescribed procedures
Inappropriate improvisation
Misassembly
Failure to note critical conditions
Errors is setting/operating controls
Inappropriate decision making
Inappropriate choice of equipment
False reliance
‘‘Excessive’’ force

Table 3. Error Mitigating Design Solutions

Simplify procedures/clarify instructions
Reduce need for improvisation
Reduce number of parts and how they can go
Clarity of layout and means of use
Enhance user feedback
Improve standardization
Clear indications and contraindications
Greater durability

Table 4. Factors Contributing to Error

Use under adverse conditions
Lack of understanding/inadequate training
Limited mechanical/electrical aptitude
User not a ‘‘problem solver’’
Lack of access to technical assistance
‘‘Can do’’ or coping philosophy
Fear of criticism
Disinterest
Fatigue or adverse emotional state
Divided attention/workload
Motivation
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mode of ‘‘relay stuck open,’’ it should be noted that all
three safety features would be disabled simultaneously.
Given the reliability of an electromechanical relay, and the
risk of low concentrate dialysis, an appropriate conclusion
would be not to use this single component to drive all three
outcomes. Another approach to FMEA is to consider the
end effect on the patient as the failure mode, e.g., infec-
tion. This approach helps to remind the analyst that
patient harm is the ultimate endpoint that is to be
avoided.

Failures can also be evaluated in the risk analysis to
help determine the need to address them. When this is
done, the term ‘‘FMECA,’’ failure mode and effects criti-
cality analysis, is sometimes used. FEMCA is usually
applied to only one failure at a time and only to the
immediate effects. Thus, it is not generally necessary,
once having determined that failure A can lead to effect
B, to then speculate that effect B could lead to effect C,
which could lead to effect D. Similarly it is not generally
necessary to consider the simultaneous effect of, for ex-
ample, failure A of component 1 and failure D of compo-
nent 6.

FTAs are often described as the ‘‘opposite’’ of the
FEMA. Although the FEMA looks first at components,
the FTA looks at adverse system outcomes and asks ‘‘what
can occur that could lead to this adverse event.’’ The
application of FTAs requires that they be done for all
adverse events, or at least those that must be actively
considered based on risk analysis. Diagrammatically,
FTAs have the appearance of a top adverse event with
contributing events leading up to the top event (Fig. 1a).
The tree can then be extended downward as a further
layer of events contributing to first-level events are iden-
tified. This process can be extended to increasingly basic
components and their failures, with the process extended
to a level of detail that must be determined by the analyst.
The contributing events can interact in either an ‘‘OR’’
manner or in an ‘‘AND’’ manner. OR here means that
either contributing event at the same level can itself lead
to the above event, whereas an AND link means that the
linked events must occur for the above event to occur. In
general, AND’s are preferred to OR’s from a system safety
perspective because AND’s require multiple simultaneous
failures. The logic symbols for OR and AND are often used
in FTAs (Fig. 1a). Once an FTA is developed, it is then
necessary to evaluate the paths to the top to determine
what events or combinations of events can lead to the
specified adverse event. If a route to the top is found to be
unacceptable as shown in a risk or reliability analysis, the

design must be changed. When the design is changed, the
FTA in turn changes to reflect the revised design. For
example, the addition of a secondary system or component
that forces an AND link to replace an OR link represents a
fundamental enhancement from reliability and risk re-
duction perspectives. FTAs can also be used for user issues
as shown in Fig. 2b, which is an analysis of the causes of
deviations from prescribed protocols.

5.1. Risk Management

Risk management is basically intended to address identi-
fied hazards to assess their true significance in a design
with respect to the need for change, or the appropriate-
ness of finding the hazard to be acceptable. Risk manage-
ment reflects the perspective that there must be a
rationale basis to address hazards either during design
or after adverse field reports. It is typically not possible to
completely eliminate all hazards or to respond to all
hazard issues simultaneously and with equal vigor. This
reality does not mean that one should despair nor deal
with hazard mitigation, or fail to deal with it, in an
arbitrary manner. The FDA is increasingly interested in
risk management as part of a company’s Quality System,
and to govern its own ‘‘risk based’’ marshaling of its
resources. There is an international standard for medical
device risk management activities called IS0 14971.

The two fundamental elements of risk analysis are the
consideration of the severity of the hazard if it was to
manifest itself, and the probability of that occurring.
When the hazards being considered are those of the
system, the effect of the actual occurrence of the hazard
can be categorized as ‘‘harm,’’ thus distinguishing the
cause of the harm from the harm itself. These elements
are typically represented as several different levels of
severity and probability. These levels can be represented
by words and then in turn by a numerical score. A typical
scoring system might have five levels each of severity and
probability (Table 6), and a typical risk calculation then is
to multiply the two scores to determine a risk index.
Another calculation method is to raise one score to the
power of the other. Both the number of gradations, the
individual scores, and the method of calculation vary, even
to the extent of whether a larger number is better or worse
than a smaller number. Thus, care must be taken to
understand the details of the method being used as a local
standard. However, scoring systems and risk index calcu-
lations can be misleading as they tend to create a false
interpretation of relative and equivalent risks, especially

Table 5. Preliminary Hazard Analysis Form—With Example

Project: Dialysis Machine
Team: Team A
Start Date: x/xx/xxxx
Update Date: x/xx/xxxx

Hazard System Part Effect Possible Mitigation Assign To Resolution (Date/Signature)

Hemolysis Mixer Wrong mix Monitoring Bob/Mary
Auto shut down Bob/Mary

Note: This is only a small part of an actual PHA.
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as severity and probability are used to ‘‘calculate’’ a risk
score.

Severity and probability are often represented as the
axes of a two-dimensional space as shown in Fig. 2a. The
combination of risk and probability are represented by
areas in this two-dimensional grid. If numerical scoring
and a risk index calculation is used, the two-dimensional

representation will be in matrix form as shown in Fig. 2b.
These computations do not have much of a theoretical
basis, and they all lead to the same effect, which is that
some areas of the two-dimensional risk space are gener-
ally acceptable (low severity and low probability), some
are generally unacceptable (high severity and high prob-
ability), and the mid-range is questionable subject to

or

and

Adverse
event

First level
contributing event 

# 1

First level
contributing event

# 2

First level
contributing event

# 3

Second level
contributing event

# 1

Note: Each contributing event at any level can be further analyzed

Second level
contributing event

# 2

Didn’t know
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Figure 1. FTA: (a) generic and (b) failure to follow protocol.
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practical considerations of utility of the device and the
ability to further reduce either severity, probability, or
both. Ultimately, only the design team and management
can determine where these zones are for a particular
project, and what risk is ‘‘acceptable.’’

In addition to severity and probability, other factors can
be considered. A third relatively common factor is detect-
ability. This is often used in a manufacturing risk analysis
in which the probability of a failure of some kind is offset
by the opportunity to subsequently detect and correct the
failure through standard inspection and testing before the

product is released. In effect, this redefines the probability
from the probability that describes the ultimate effect
(e.g., bad product released), to the fundamental probabil-
ity of the failure of a component or process before sub-
sequent inspections or testing. The value in making this
distinction is that it recognizes two options for reducing
risk. One is to reduce failure of the component or process.
The other is to improve the number or quality of inspec-
tions. A mathematical version of the severity, probability,
detectability approach can be used by scoring detectability
and multiplying all three factors. Care must be exercised
here to scale each factor reasonably and in the appropriate
direction. For example, if severity and probability are
scaled so that larger numbers are worse, with correspond-
ing large products from multiplication being bad, then
detectability must be scaled so that more likely detection
is a lower score than less likely detection, rather than vice
versa. In so doing, good detectability multiplied by the
severity and probability reduces the risk score, whereas
poor detectability increases it. Appropriate scaling is
necessary so that a modest level of detectability does not
make a significant risk overly acceptable.

Although not widely used, other multipliers can be
considered in a risk score calculation. These might include
medical significance and ease of mitigation. The medical
significance factor could systematically account for the
fact that more risk can be tolerated for a life-sustaining
technology than, for example, a cosmetic implant. An ease
of mitigation factor could address the notion that hazards
that are relatively easy to eliminate should in fact be
eliminated even if they are not the most significant hazard
of the product or the design.

6. INDUSTRIAL DESIGN

On the far end of the spectrum from technical design,
industrial design has addressed only the appearance of
the product aside from any functionally significant issues.
However, modern comprehensive industrial design as
currently practiced has a much closer interface with
functionality than this, including safety, human factors,
and ergonomic considerations. Corporate branding and
related marketing issues may also be considered (8). When
this form of ‘‘full-service’’ industrial design is undertaken,
it is appropriate for the industrial designers to join the
design team early in the design cycle, rather than forcing
them to tackle a nearly finish product.

7. INSTRUCTIONS AND WARNING

All but the simplest medical devices rely on instructions
and associated information, and such labeling is required
by FDA regulation. As stated in 21CFR 801.109 (c), the
labeling must contain ‘‘information for use, including
indications, effects, routes, methods, and frequency and
duration of administration, and any relevant hazards,
contraindications, side effects, and precautions under
which practitioners licensed by law to administer the
device can use the device safely and for the purpose for
which it is intended, including all purposes for which it is
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Severity

(a)

(b)

P
ro

ba
bi

lit
y

GA

GNA

PA

GA:     Generally Acceptable, ≤ 3
PA:      Possibly Acceptable – Subject to utility and practicality, 4 - 12
GNA:  Generally Not Acceptable, ≥ 15

1 2 3 4 5

1 2 3 4 5

2 10864

3

4

6

16128

9 12 15

10 15 20

20

2555

4

3

2

1

P
ro

ba
bi

lit
y

Severity

Figure 2. (a) Two-dimensional risk space and (b) Quantitative
two-dimensional risk space.

Table 6. Risk Index Scoring

Score
Severity Probability

Description Description

1 Negligible Improbable
2 Marginal Remote
3 Moderate Occasional
4 Critical Probable
5 Catastrophic Frequent
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advertised or represented.’’ Patient or lay person used
devices have similar labeling requirements (21CFR 801.5)
These IFUs (Instructions for Use) deserve attention early
in the design process rather than being an after-the-fact
effort. In particular, IFU warnings should not be viewed as
an opportunity to ‘‘fix’’ remaining hazards that should
have been dealt with during the technical design. The
development of IFUs involves a balance between creating
a document that is actually useful and one that is more
focused on an effort to control liability. In addition to
operator instructions, service manuals are also required,
and serviceability should likewise be a design considera-
tion.

8. MANUFACTURING

It is a simple fact that devices must be manufactured
before they are sold, preferably economically and with
high in-process quality. This phase of product introduction
is different than building the first bench version of a
device, during which relatively high-paid personnel hand
build a working model that often looks nothing like a final
product.

The old model of designers designing and then turning
over the finished device to manufacturing to figure out
how to produce the product in volume has been abandoned
in most settings in favor of manufacturing actively parti-
cipating in the design process, so the ‘‘how are we actually
going to make them?’’ question can be continuously ad-
dressed. In many cases, manufacturing methods dictate
design details as in the interface requirements for ultra-
sonic welding of plastics. Manufacturing methods may
also be dictated at least in part by existing manufacturing
capability rather than allowing a design to necessitate
substantial investment in new methods, and new space to
put them in. In other instances, efficiency and quality
considerations can dictate manufacturing methods and
thereby influence design decisions. Quality control re-
quirements also influence manufacturing methods and
therefore design, with the recognition that it is generally
far more desirable to build quality in than to inspect poor
quality out. As the design evolves, manufacturing can also
begin the parallel development of the appropriate manu-
facturing and quality methods, along with the training of
manufacturing personnel.

Many devices must also be sterilized, and this too can
greatly influence design and material selection in that all
finally assembled components must be compatible with
the sterilization method chosen.

9. DESIGN MODIFICATIONS

There are at least three distinct opportunities for design
modifications (8). One is during the initial design cycle,
i.e., before the Design Output is finalized. As a design
progresses, early decisions about how to address a Design
Input in terms of underlying technology or specific com-
ponents are often revised. Similarly, component availabil-
ity can change, forcing an alternative selection, or in
process testing can reveal that a chosen method or part

will not be successful. Although this may occur during the
design cycle, changes to already made decisions (subtask
Design Outputs) must still be managed under Design
Change control so that earlier safety and performance
assessments are either reverified or appropriately up-
dated.

A second opportunity for design modification is after
initial release of the Design Transfer and may occur as a
result of post-release manufacturing difficulties or unde-
sirable field performance. Opportunities to reduce manu-
facturing costs can also drive design modifications. With
manufacturing driven changes, it is essential that the
design not be ‘‘fixed’’ in the manufacturing environment
without review and approval by those knowledgeable
about the original design and safety assessments. Design
changes must always be assessed with careful attention to
their effect on overall device safety and performance and
their interaction with other parts of the design. Holding to
this standard can be particularly challenging when a
‘‘quick fix’’ is demanded to maintain product availability.
These quests for quick fixes must be balanced against the
ultimate effect and cost of not only failing to fix a problem
but also making the device worse. As an example, consider
an intravascular device that had a braking mechanism
that originally consisted of a one-piece component. Ease
and cost of manufacturing suggested that a two-part
brake would be advantageous, and this change was
made. It was subsequently discovered that the two-part
brake had an unanticipated jam mode. Reports of brake
failure resulted in a recall until the cause of the problem
could be identified. The design was changed back to the
one-piece brake before manufacturing was resumed.

Significant design or manufacturing changes can be
subject to an FDA submission requirement, often as a
supplement to the existing 510(k) or PMA under which the
device initially received marketing clearance or approval.

A third modification opportunity is when the owner/
user of a medical device perceives an opportunity to
improve the device through some in-house engineering.
These modifications can be intended to change the direct
functions of the original device, or to do seemingly less
significant tasks such as adding computer control or
communications via the hospital’s information system.
Although it is difficult to find this post-sale modification
issue addressed in FDA regulations, the FDA’s stated
position is that such modifications cannot be done without
the modifier identifying itself as a device manufacturer,
and otherwise being in compliance with medical device
regulations. This FDA position includes modifications
made without any further marketing or sale of the mod-
ified device. If a device modification results in capabilities
that should be considered experimental, another layer of
FDA regulatory oversight is triggered in that the FDA has
authority with respect to all clinical trials involving
medical devices.

One specific example of regulation of device modifica-
tion is the FDA’s explicit regulation of the reuse of devices
labeled by the initial manufacturer as single-use only
(SUD) (9). The current regulation of reprocessors of
SUDs are based on the premise that the reprocessing is
a device modification and that therefore the reprocessor is
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a manufacturer that is subject to full regulation. Even a
hospital that undertakes in-house reprocessing of SUDs
falls under these regulations.

10. SUMMARY

The comprehensive design process covers a broad spec-
trum including the development of a requirements state-
ment, the translation of these requirements into technical
specifications, and the technical design cycle including
human factors, labeling, packaging, installation, service,
and manufacturing. In the United States, the design
process is regulated by the FDA in the form of the Design
Controls requirements of the Quality Systems Regula-
tions. There are counterparts to these regulations in other
countries and regions based on ISO and local standards.
The effect of these regulations is that regulatory bodies
look not only at the finished design, but also at the process
by which that design evolved, and perhaps changed.
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MEDICAL EXPERT SYSTEMS
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The term expert system commonly denotes a computer-as-
sisted decision support system that is knowledge based,
with the knowledge base derived with expert input. These
approaches are also referred to as knowledge-based sys-
tems. Traditionally, expert systems incorporate tech-
niques from artificial intelligence that dealt with
symbolic data, as opposed to data-based systems that re-
lied on algorithmic approaches. Until the advent of expert
systems in the mid-1970s, most computer-based systems
for medical diagnosis relied on pattern recognition and
other classification methods. In the 30 years since the ad-
vent of the first medical expert system, methodologies
have expanded in several directions. Advances in com-
puter hardware have made these systems practical.

1. HISTORICAL PERSPECTIVE OF MEDICAL EXPERT
SYSTEMS

1.1. The First Decade

The new field of artificial intelligence originated at a 1956
conference when some attendees were discussing the fu-
ture possibilities of the relatively new concept of the com-
puter. Although most projections made at the time have
not come to pass, artificial intelligence gave rise to other
unforeseen developments. The major factor that differen-
tiates artificial intelligence approaches from traditional
computer methodology is the reliance on qualitative judg-
ments or heuristics, rather than on numerical calculation.
General techniques include knowledge representation,
heuristic search, natural language understanding, and in-
exact reasoning. A summary of the first two decades of
thought in artificial intelligence can be found in Reference
1. The first 15 years produced mostly small-scale projects
that did not address real-world problems, in part because
of the slow speed and limited memory of early computers.

Pople and Werner made one of the first attempts to use
artificial intelligence in medicine in 1972 (2). Their work
focused on the modeling of neuronal muscle control activ-
ities in an inferential processor that analyzed data and
proposed hypotheses with data arranged in a causal net.
The program was written in Lisp, the language of choice
for artificial intelligence programs at that time.

In 1973, Gorry recommended a change to a new meth-
odology for addressing diagnosis problems in medicine (3).
He concluded that previous approaches that he had used
could not handle complexities that develop in actual situ-
ations, such as interactions among multiple diseases. He
proposed a plan for future research. His conclusions were
that

* Gross knowledge coupled with many experimental
facts and mini-decision procedures seem to form the
basis of clinical judgment.

* Knowledge used by experts is both factual and pro-
cedural.

* Knowledge is associated with certainty factors.
* Most of this knowledge is not specifiable a priori.
* Experts seem to recall all knowledge on the subject.

The new prototype that Gorry proposed would include a
simple language to allow experts to give advice to the pro-
gram. He cited the following as areas for investigation:

* Concept identification
* Language development
* Explanation

His article resulted in a major paradigm shift from the
most popular current approach to medical decision mak-
ing, pattern recognition, toward incorporation of artificial
intelligence techniques that could address the three areas
he suggested. Many researchers began to work on a new
generation of computer-assisted medical decision aids, de-
noted medical expert systems.

MYCIN, which was developed by Shortliffe et al. in the
mid-1970s, is generally recognized as the first medical ex-
pert system, a highly accurate system for diagnosing in-
fections and prescribing antimicrobial therapy (4). It was
the first rule-based system in medicine and was based on
earlier work by Buchanan et al. (5), who had developed
DENDRAL, a rule-based system for chemical synthesis.
The basic information structure for these systems was the
production rule. MYCIN’s knowledge was contained in
these rules that consisted of premises and conclusions.
Each conclusion contained a certainty factor that indi-
cated the degree of confidence in that conclusion. In addi-
tion, user interaction was facilitated with natural
language processing that functioned well within a speci-
fied subset of English. The system also corrected minor
misspellings. Furthermore, the program could answer
questions regarding its conclusions. When it was queried,
it would supply the line of reasoning followed in reaching
a conclusion and cite the rules that had been invoked.
Thus, all three requirements put forth by Gorry had been
fulfilled for this limited problem domain. The program
could also accept new rules entered by the user. The order
of searching the rules was not predetermined, but relied
on the information provided for each case to ascertain its
path. The MYCIN system contained approximately 200
inference rules. The rules produced a depth-first search of
an AND/OR goal tree, similar to PLANNER (1). Rule-
searching strategies are discussed later in this article. The
maximum number of rules for a single subgoal was ap-
proximately 30. Meta rules suggested strategies for rule
structures. A sample MYCIN consultation follows (6).

From what site was the specimen for CULTURE-1
taken?

**BLODD

¼BLOOD

1
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Howmany days ago was this blood culture (CULTURE-
1) obtained?

**2

I will refer to the first offending organism from this
blood culture (CULTURE-1) as:

y..ORGANISM-144444

Enter the identity (genus) of ORGANISM-1:

**UNK

Staining characteristics of ORGANISM 1 (gram):

WHAT IS THE STAIN OF ORGANISM-1?

Expected responses are: ACIDFAST GRAMPOS
GRAMNEG

Enter HELP for list of user options.

**GRAMNEG

IS ORGANISM-1 a rod or coccus (Etc.):

**ROD

An outgrowth of MYCIN, EMYCIN, was developed as a
management system for Stanford’s oncology clinic. The
goal of EMYCIN was to set up an expert system shell that
could be adapted to any application (7).

These programs represented the first break from the
traditional algorithmic approach to computer program-
ming. The knowledge base, in the form of rules, was sep-
arate from the reasoning structure, the inference engine.
Thus, in theory, the application could be changed by sup-
plying a new rule base without changing the reasoning
structure.

Pauker et al. (8) and Szolovits and Pauker (9) presented
a different approach for analyzing the current illness. The
program contained four components. The patient-specific
data comprised the computer’s knowledge about the pa-
tient. A supervisory program selected questions, sought
and applied relevant advice, and generated and tested hy-
potheses. A short-term memory allowed patient data to
interact with general medical knowledge. An associative,
long-term memory was organized in frames that repre-
sented clinical states, physiologic states, or diseases. The
frames were causally linked in a network. The decision
strategy employed problem-solving techniques derived
from artificial intelligence for searching the network.

Another rule-based system developed in 1976 was
MEDICO (10). It consisted of a knowledge base with
long- and short-term memories, a rule interpreter, and a
program that maintained the knowledge base. The long-
term memory had two divisions: episodic memory that
contained information about particular patients and
events, and systemic memory that contained general
knowledge about diseases, tests, and treatments. The
knowledge was contained in inference rules.

Weiner and Vinaver (11) described a computer simula-
tion of medical reasoning applied to kidney disease based
on medical logic. The object was to indicate possible dis-
eases on the basis of patient history, physical examination,
and routine diagnostic tests, and then to branch to specific
investigations for more definite diagnoses. Classification
among six diseases was attempted. Three stages were de-
fined: the suspected, the probable, and the diagnosed.

Each stage was confirmed or rejected on the basis of cur-
rent observations and previously confirmed inference.

A major difficulty with rule-based systems is acquiring
sufficient and reliable rules. The normal procedure is to
interview experts in the field. In 1978, Blum and Wieder-
hold proposed a system called RX for deducing rules from
a medical database, ARAMIS (12). Since then, several
other researchers have followed this path.

In the same year, Weiss et al. (13) developed a causal-
association network for glaucoma, CASNET. A loop-free
network described causal relationships among variables.
Multiple causes and effects are possible. This medical ex-
pert system was the first to include causation rather than
relying on expert-supplied diagnostic strategies. The net-
work is defined by the quadruple (S, F, X, N), where

S Set of starting states (no antecedent causes)

F Set of final states (no effects)

N Total number of states

X Mapping between states (causal relationships)

Certainty measures represented confidence that a certain
state exists. Transitions between states were given
weights, and statistical likelihood measures determined
the optimal transition. This application includes state-
space representations as well as artificial intelligence
techniques.

In 1980, a report by the U.S. Department of Health (14)
featured three medical expert systems. In the first system,
the CASNET approach was applied to diagnosis and treat-
ment of rheumatic disease with an expert system shell,
EXPERT, similar to EMYCIN. EXPERT was also applied
to the construction of knowledge bases in endocrinology,
clinical pathology, neuro-ophthalmology, and internal
medicine. A rule-based psychopharmacology advisor,
called HEADMED, was developed at the University of
Texas at Galveston that recommended psychiatric drugs
for individual patients. It followed the logic scheme laid
out by MYCIN. The first expert system to be put into clin-
ical use was PUFF, pulmonary function and ventilation
management, which was implemented at Pacific Medical
Center in San Francisco, CA. It contained approximately
250 decision-making rules to interpret pulmonary func-
tion indications. Another segment of the program, VM,
provided advice on intensive care patients on ventilators.

An ambitious project to design a decision support sys-
tem for all of internal medicine, INTERNIST, was under-
taken by Miller et al. (15). It combined database
information with knowledge base information to give con-
sultative advice on a broad range of diseases. INTERIST-I
was superseded by QMR (16), which includes the consul-
tative portion with the DXplain database. QMR covered
600 diseases. Subsequently, DXplain was expanded and
formed the basis for WebMD.

These examples show the rapid development of numer-
ous medical expert systems embracing techniques from
artificial intelligence.
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1.2. Second-Generation Expert Systems

By the start of the 1980s, numerous medical expert sys-
tems had been designed and implemented, but few were in
actual clinical use. Several problems remained with this
approach, which in the late 1970s had virtually replaced
the pattern recognition approach to computer-assisted de-
cision making. The construction of the knowledge base
was time-consuming and required interaction between the
designer of the expert system and the domain experts in
the application area. Often communications problems de-
veloped. Once the knowledge base was developed, it re-
quired updating as new information became known. One
major strength of the knowledge-based approach was the
separation of the reasoning process, which was handled by
the inference engine, from the domain knowledge. In the-
ory, this procedure allowed the application to be changed
by simple replacement of the knowledge base without any
alteration to the program. In practice, however, this result
rarely happened, as each inference engine was tuned to-
ward specific features of its initial application. Another
common thread in these early systems is the recognition of
the role of uncertainty in medical decision making. MY-
CIN dealt with uncertainty by including certainty factors
that indicated the degree of confidence that an implication
was correct. As it turns out, uncertainty in reasoning is
much more complex and originates in many parts of the
expert system, including patient data and the knowledge
base. Criticisms were also raised regarding the production
rule format, which generated rules known as heuristics. It
was argued that this was not really the way the people
reasoned and that what was needed were more causal and
deep reasoning models, rather than ad hoc rules. In the
1980s, researchers attempted to address some of these is-
sues. The systems are often referred to as second-gener-
ation expert systems.

1.2.1. Causal Systems. A new approach to expert sys-
tem development involved deep reasoning as opposed to
heuristic reasoning, which was generally included in the
earlier systems. Deep, or causal, models are more objective
in that they model the structure and function of the sys-
tem. As the name indicates, they apply cause-and-effect
reasoning. However, not all causal models are deep mod-
els. An example of a causal model that is not deep would be
a relationship such as ‘‘angina causes elevated blood pres-
sure.’’ Although this relationship is causal, it is not based
on the mechanisms of the disease. Deep causal models in-
volve not only relationships between diagnosis and symp-
toms, but also they describe the behavior of the modeled
system. See Torasso and Console for a discussion of causal
and deep reasoning (17).

CASNET was a causal reasoning system and is an ex-
ample of a causal system that does not include deep rea-
soning. In the early 1980s, Reggia et al. (18) proposed
another causal model that established causal relation-
ships between findings and diagnostic possibilities.

In biomedical applications, it is very difficult to develop
deep causal knowledge because of the complexity of bio-
logical systems. Basically, a causal model is represented
by states of a system and relationships among the states,

as we saw in CASNET. The relationships differ depending
on the system.

A 1987 article by Miller and Fisher (19) surveys causal
approaches in artificial intelligence systems that involve
qualitative causal models as opposed to quantitative
causal models (i.e., mathematical models). A study by
Jang (20) combines association-based reasoning and cau-
sal reasoning in the same system. A 1997 article by Bell-
amy applies a fuzzy state space approach to medical
diagnosis (21) in an attempt to incorporate uncertainty
into the model.

1.2.2. Reasoning with Uncertainty. The development of
knowledge-based expert systems in medicine began about
a decade after Zadeh’s introduction of fuzzy logic (22) with
the MYCIN system. Although MYCIN did not apply fuzzy
logic directly, it included certainty factors, which was an
early recognition of the major role that uncertainty plays
in medical decision making. Virtually all medical expert
systems have made some attempt to deal with uncer-
tainty, with some including fuzzy logic directly. Numer-
ous other approaches to approximate reasoning have also
been employed, along with other methods that are more
ad hoc in nature.

An early medical expert system that included fuzzy
logic was developed by Adlassnig (23), in which he applied
theoretical principles from fuzzy logic to a diagnostic prob-
lem. This system was then followed by other fuzzy logic-
based approaches (24,25). EMERGE (26), which was orig-
inally applied to the analysis of emergency room chest
pain cases, includes other techniques from approximate
reasoning. The rule structure for EMERGE permits
weighting of antecedents and partial presence of symp-
toms. EMERGE is also an expert system shell for the de-
velopment of other applications. Another expert system
shell that could handle both exact and inexact reasoning
was developed by Leung et al. (27).

Possibility measures, rather than probability mea-
sures, were illustrated in a medical application by Vila
and Delgado (28). A later application of possibility theory
for the development of an expert system for the analysis of
evoked potentials combines possibility theory with heu-
ristic rules (29). Recent biomedical applications of fuzzy
set theory and fuzzy logic include a system for diagnosis of
coronary artery disease (30) and MEDUSA, which is a
fuzzy expert system for the diagnosis of abdominal pain
(31).

1.2.3. Hybrid Systems. Many researchers have aban-
doned the idea of one technology in favor of a combina-
tion of approaches. These combined systems, which are
denoted as hybrid systems, have grown in number in the
last few years since the early 1990s (32). The objective of
the hybrid system approach is to bring as many tools to
bear as possible on the problem at hand. Traditionally,
many researchers have become advocates of their meth-
odology and have sought to promote it as the preferred
method. The hybrid system approach requires a step back
from this advocacy to a more pragmatic approach to prob-
lem solving. A typical argument for hybrid systems is their
ability to include both expert-derived and data-derived
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knowledge in the same system, which thus allows all in-
formation to be incorporated.

The basic strategies for combining the two approaches
include

* Using output of one method directly as input to an-
other method

* Restructuring output of one method to produce input
to another method

* Running two methods independently and combining
output information

* Using one methodology to significantly alter the
structure of another

Table 1 summarizes the historical development of medical
expert systems. For more details, refer to Reference 33.

2. KNOWLEDGE REPRESENTATION

2.1. Production Rules

The most common representation includes the production
rule, a situation-action pair in which the first part is a list
of items to watch for and the second is a list of things to do.
The standard production rule format is

IF Condition A AND Condition B AND Condition C . . .

THEN Action a

The condition part of the rule can have several compo-
nents that are ANDed together. For example, a rule from
the MYCIN (7) system is

IF The site of the culture is one of those sites that are
normally sterile

AND

The portal of entry of the organism is the same as the
site of a prior organism with the same identity as
this current organism

THEN There is more suggestive evidence (0.3) that
each of them is a prior organism with the same
identity as this current organism

This type of inference is said to be in conjunctive form.
Subsequent systems have involved more complex rule

structures. As an example, consider the rule structure
shown in Fig. 1 from the EMERGE system (34) that in-
cludes approximate reasoning. It combines weighted an-
tecedents along with the partial substantiation of each
antecedent. The wi’s must be determined by expert input,
which is derived from data or collected through literature
review. The ai’s are determined by information entered
from the user. A rule threshold determines if the condi-
tions hold. This format requires a different type of infer-
ence engine, as discussed below.

2.2. Certainty Factors

Almost all medical expert systems include certainty fac-
tors or some other means of handling uncertainty both in
the knowledge base and in the case-specific information.

Some of these approaches are ad hoc in nature, whereas
others have a more well-founded theoretical basis. In MY-
CIN, each production rule includes a certainty factor, with
a value between 0 and 1, inclusive. The certainty factors
are combined with the AND/OR tree description (6), which
is illustrated in Fig. 2. At AND nodes, the smallest cer-
tainty factor on the condition’s branches is multiplied by
the certainty factor for that rule. The result is then passed
upward in the tree. At OR nodes, the certainty factors on
the branches reinforce each other. For one branch, the
overall certainty is the certainty factor (CF) associated
with that branch. The remaining distance to total cer-
tainty is 1�CF1. For a second branch, these factors are
multiplied and subtracted, i.e., 1�CF1 � CF2. Similar
certainty factors are used in EMERGE, although the der-
ivation is somewhat different (35,36).

3. INFERENCE ENGINES

Rule-based expert systems use inference engines to deter-
mine when a rule has been substantiated. The rule base
searching techniques accumulate information that the in-
ference engine applies to make the determination of sub-
stantiation. Several types of inference engines exist.

3.1. Binary Engines

The early expert systems such as DENDRAL and MYCIN
included binary logic engines with rules in conjunctive
form. Many variations on this structure are possible while
maintaining a binary inference engine, including the use
of disjunctions (ORs) and counts (a specified number in a
list) as in the original implementation of the EMERGE
system (37).

3.2. Approximate Reasoning and Fuzzy Logic Engines

Later systems included more complex reasoning that in-
corporated some uncertainty that existed within the in-
ference engine rather than trying to represent it through
certainty factors. To deal with rules such as the type de-
scribed here with weighting factors and partial substan-
tiation of antecedents, it is necessary to apply some form of
evidence aggregation rather than straightforward binary
logic-based engines. One method of evidence aggregation
is through approximate reasoning techniques to deal with
rules of the type illustrated in Fig. 1. To determine S, the
degree of substantiation, let Q be a kind 1 linguistic quan-
tifier (such as all, most, or some), which replaces the state-
ment ‘‘QV0s are A’’ with

Q1ðQ2V
0sÞ areA: ð1Þ

The quantifier Q in this case replaces traditional binary
logic operations, such as AND, OR, or more generally, m
out of n conditions required for substantiation. The truth
of the proposition is then determined by assuming some
subset C of V exists such that the number of elements in C
satisfies Q or each element in C satisfies the property A.
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The degree S to which P is satisfied by C is given by

S¼ max
C eA
fVPðcÞg; ð2Þ

where

VPðcÞ¼ max Q
X

n

i¼ 1

c^i wi

 !^

min
i¼ 1;...;n

ða
c^
i
wi

i Þ

" #

; ð3Þ

where ^ indicates minimum; wi and ai are the weighting
factor and degree of substantiation, respectively of the ith
antecedent; and n is the number of antecedents.

3.3. Probability-Based Engines

Traditional probability approaches such as Bayes rules
can be the reasoning methodology in an inference engine.
Several extensions, such as Patrick’s complex classes (38)

and the Dempster–Shafer theory of evidence (39), can also
be included.

4. KNOWLEDGE ACQUISITION

One major problem with the knowledge-based system is
the development of the knowledge base. The name comes
from the fact that expert input is included in the knowl-
edge base. Direct knowledge solicitation from experts can
be supplemented by several other techniques.

4.1. Knowledge Solicitation Techniques

The idea of eliciting information from experts is not
straightforward. Interaction between the system designer
and the expert must be structured enough so that the in-
formation gathered can be formatted to the needs of the
knowledge base but not so structured that it precludes the
inclusion of all information that is important. If questions
are asked in a prespecified format, the expert will fit an-
swers into this format and may exclude some of the actual
decision-making process. There is a fine line between
guiding the expert’s response into a format that can be
built into the automated system and altering the expert
reasoning process so that it will fit. Complete communi-
cation between the system developer and a domain expert
is very difficult if there is no overlap of knowledge between
the two. Another inherent problem is that the expert may
not be aware of the actual process by which he or she
makes a decision. Problems can also develop when multi-
ple experts are contacted. Although most experts agree on
general points, there may be specific serious disagree-
ments. Potential problems include

* Different conditions for diagnosis
* Different treatment strategies
* Contradictory rules

If more than two experts are included, consensus building
can remove inconsistencies.

4.2. Use of Existing Material

In some cases, it may be possible to include existing ma-
terial to develop or augment a knowledge base. These
sources may include existing protocols as well as database

Table 1. Historical Development of Knowledge-Based
Systems

Early Systems Second-Generation
Systems

Causal Nets Deep Causal Systems
Neuronal Muscle Control Heart Failure (Long)

Rule-Based Models MDX
MYCIN IDM
MEDICO Reasoning with Uncertainty
HEADMED Fuzzy Logic
PUFF Adlassnig
EMERGE Esogbue

Rule-Based Shells Anderson
EMYCIN Approximate Reasoning
EXPERT EMERGE

Frames Other Techniques
Taking the present illness Bayesian Belief Networks

Simulation Dempster-Shafer
Kidney Disease Hybrid Systems

Data-based Rule Deduction
RX

Theorem Proving
Drug Interactions

Combined Data, Knowledge-
Based
INTERNIST

Antecedent Weighting Factor Degree of Substantiation

 IF Antecedent 1 w1

Antecedent 2 w2

wn

a1

a2

an

 . 

 . 

 . 

Antecedent n

THEN Conclusion   (If S > Threshold)

Figure 1. Rule from the EMERGE expert system
with weighted antecedents, partial substantiation of
antecedents, and rule thresholds.
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information. In the case of databases, some type of auto-
mated rule generation can be applied (40).

4.3. Consistency

For a knowledge-based system to function properly, the
knowledge base must be consistent. This rule seems obvi-
ous, and on the surface, it seems that the creation of a
consistent knowledge base is straightforward. However,
many complications can develop, such as

* In large knowledge bases, it becomes difficult to de-
termine if contradictory information is included.

* Because of rule chaining, combinations of some se-
quences may reach conclusions that are inconsistent
with other sequences.

The latter complication is very difficult to detect. The se-
quence of rule generation is dependent both on the case
data and on the searching strategy. With complex knowl-
edge bases, the number of possible sequences grows expo-
nentially, which makes complete debugging difficult, if not
impossible.

4.4. Completeness

A major proviso of expert systems is that they function
properly only in the domain for which they are designed.
The determination of the boundaries in which an expert
system is competent is not always straightforward. How-
ever, every effort must be made to adequately cover the
area for which the program claims competence.

4.5. Updating of Information

Expert systems in biomedicine must be continually up-
dated as knowledge in the field changes and expands. This
process is usually performed in connection with domain
experts to determine which new information is worthy of
inclusion. Evaluation of literature is not always easy, as
many studies produce conflicting results. The relatively
new field of evidence-based medicine (41) can contribute to
both the development and the update of expert system
knowledge bases.

5. RULE BASE SEARCHING

Many approaches on searching technology exist in the ar-
tificial intelligence literature (42). The aspects that are
most relevant are summarized here. Two basic strategies
exist for rule searching, backward chaining and forward
chaining, along with numerous variations on the two.

5.1. Backward Chaining

If the purpose of a production system is to check out hy-
potheses, then backward chaining is usually applied.
Backward chaining can establish only one particular hy-
pothesis rapidly or it can, as in MYCIN, check all hypoth-
eses but in a manner that seems structured, in that it tries
to establish one hypothesis at a time. Searching the rule
base generates the equivalent of an AND/OR tree. An

AND/OR tree is shown in Fig. 2. Rules are represented as
AND nodes (indicated with an arc). Combinations of rules
are indicated as OR nodes. The end nodes represent in-
formation, with Fi indicating the ith piece of information.
This structure can be used as a basis for certainty factor
computation.

5.2. Forward Chaining

Forward chaining collects information that appears in an-
tecedents of rules. When enough information is accumu-
lated, one or more rules may be substantiated. As opposed
to backward chaining, which concentrates on confirming
one hypothesis at a time, forward chaining systems may
appear to the user to be in random order, as the informa-
tion collected may not be confined to one rule. Forward
chaining also involves the basic AND/OR tree structure.

5.3. Meta Rules

Meta rules differ from domain knowledge rules in that
they represent knowledge about the system structure, not
knowledge about the domain. Meta rules represent a
global view and often direct rule searching. Like knowl-
edge domain rules, meta rules are specific to the applica-
tion and must be changed for each new application.

5.4. Data-Directed Searches

In rule-based systems that are data driven, the user is al-
lowed to enter known information without being prompted
by the system. A matching algorithm then finds rule an-
tecedents that correspond to the user-supplied informa-
tion. If a match or partial match is found, the rule search
begins at that point. If information is entered that corre-
sponds to one premise of a rule, the user is asked questions
in an attempt to confirm the remaining premises. Subse-
quent rules are invoked depending on the substantiation
of rules that occurs through this process.

6. RECENT INNOVATIONS IN MEDICAL EXPERT SYSTEMS

6.1. Consequential Reasoning

Human decision making comprises significantly more
complex concepts than those that can be represented in

F1
F2 F3

F8

F6

F4 F5

F7

Figure 2. Example of an AND/OR tree.
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the knowledge representation models discussed so far. As
a starting point for the development of a system that pro-
vides decision making, it is instructive to analyze what
constitutes good decision making. Good decision making is
usually analyzed retrospectively to determine if the deci-
sion led to a good outcome. It seems that one very impor-
tant component in making a decision is good analysis of
the consequences of that decision. As an example, consider
the game of chess. Programs have been developed that
play chess very well, occasionally at the level of the mas-
ters. These programs function well because they look for-
ward in the game to determine the consequences of the
decision. Several components have to be present in human
decision making for it to be successful:

* General knowledge of the domain
* Specific knowledge of the short-term and long-term
consequences of the action

* Analysis of potentially conflicting goals
* Analysis of potential alternative consequences

The traditional rule format and inference engines do not
support this type of reasoning. Traditional knowledge-
based decision support systems rely on the production
rule format, as follows:

Premise) Action:

In consequential reasoning, this structure must be aug-
mented to include potential consequences, as follows:

Premise) Action) Consequence:

A new rule structure that includes important components
of the consequential reasoning approach is shown in Fig.
3. Note that an action can result in more than one conse-
quence and that not all consequences are of equal impor-
tance. This structure has been expanded to include
analysis of potential consequences. Each action in a rule
can have multiple consequences. Different consequences
exist for taking the action (indicated by þ ) and for not
taking the action (indicated by –). Approximate reasoning
techniques are applied to quantify the potential conse-
quences, represented by the function G, which are then
applied in conjunction with the necessity measure ni (an
indication of the need for taking the action given that the
premise has been confirmed). If G4S, where S is the con-
sequence threshold, then the action should be taken.

To deal with this complex structure, an extension of
approximate reasoning evidence aggregation is applied
(43) as follows:

G¼ max Q2

X

l

k¼ 1

r^kokÞ

 !^

min
k¼ 1;...;l

ðp
r^
k
ok

k Þ

" #

�max Q3

X

l

k¼ 1

r^kokÞ

 !^

min
k¼ 1;...;l

ðjqkj
r^
k
ok Þ

" #

;

ð4Þ

where Q is a quantifier and rk, ok, and pk are consequence,

necessity, and weight measures, respectively. Weights are
determined by a variety of means, including expert input,
neural network models of existing data, and risk analysis
models. A similar equation is applied for rule substantia-
tion.

6.2. Intelligent Agents

Intelligent agents, which are an offshoot of distributed ar-
tificial intelligence, have been successful in business in-
formation systems, in which agents play the role of
customers, suppliers, and so on. The agents interact
through established semantics. The agents provide rea-
soning capabilities. An agent can be defined as a set of
interface objects or features that interact with the user as
a mediator or facilitator. Intelligent agents have several
advantages, including the possibility of combining many
different existing entities by developing a convenient
means of communication. Figure 4 shows an example of
an intelligent agent configuration that combines an expert
system (knowledge-based), a neural network mode (data-
based), and a biomedical time series analyzer (44).

During the last 30 years, numerous medical decision
support systems have been developed, but most have
failed to gain acceptance in the medical community. As a
result, few systems are used in practice by physicians. One
basic problem has been that these systems have been
driven by theory rather than by application. A more ac-
ceptable approach would be to simulate the actual flow of
medical decision making as a guiding principle for devel-
opment of decision support systems. As many excellent
systems have been developed, it would be unfortunate to
discard the years of work that have been devoted to these
approaches. Intelligent agents offer a compromise in

Premise Certainty Weight 
1
2
. 
.
.
n

Threshold T

Action Consequence Necessity
1
2
 . 
 .
 .
m

Consequences of action i + -    + Weight
1 
2 
 . 
 . 
 . 
l  

Consequence Threshold S

Cj = F[pk,qk,ωk]
k = 1,l

(Consequence)

Ai = G[ci, ni] (Action)

a1
a2

an

w1
w2

wn

c1
c2

cm

n1
n2

nm

p1
p2

pl

q1
q2

ql

ω1
ω2

ωl

Figure 3. Consequential reasoning rule structure.
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which the flow of information can conform to the user ex-
pectation but can invoke existing as well as new subsys-
tems to solve problems. These agents can also incorporate
new sources of information, including increasingly avail-
able Web-based sources.

Intelligent agents in medical applications have been
limited up to this point, but several interesting applica-
tions have been designed. Several applications have fo-
cused on health care delivery issues (45) and are
essentially an extension of the business models. A few
have addressed more complex medical decision-making
problems (46,47).

The approach involves intelligent agents to extend the
concept of hybrid systems in which differing approaches
are combined to reach a comprehensive decision. The in-
telligent agent approach has the advantage of including a
wide-ranging combination of types of information and dif-
ferent paradigms without internal modification to any
component agent.
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MEDICAL ROBOTICS IN SURGERY

M. CENK ÇAVUs-OĞLU

Case Western Reserve
University

Cleveland, Ohio

Medical robotics and computer-assisted surgery is an
emerging area of research on the application of computers
and robotics technology to planning and execution of
medical interventions and therapeutic treatments. The
applications of the medical robotics technology cover a
wide range, extending from different types of minimally
invasive surgery, to orthopedic surgery, neurosurgery, and
other image guided interventions.

1. MEDICAL ROBOTIC SYSTEMS: A GENERAL PERSPECTIVE

The industrial applications of robotics technology take
advantage of the ability of robots to automatically perform
pre-programmed complex tasks with high speed, high
precision, and high repeatability, and operating in envir-
onments inaccessible or hostile to human beings. Medical
robotic systems rely on the same basic capabilities of
robotics technology, and employ them in the medical
domain, to plan and perform medical interventions with
high precision and repeatability (with qualitatively mea-
surable outcomes), and to allow access to places and
scales, which are not accessible with manual instruments
and conventional techniques. However, medical robotic
systems also suffer from the same fundamental limitation
of the state-of-the-art robotics technology, namely, limited
qualitative decision-making ability in unstructured envir-
onments with significant uncertainties. As a result, the
current function of medical robots is to assist the medical
specialist under her supervision and to extend or enhance
his skills, rather than to replace her. These robotic sys-
tems enhance medical interventions by allowing the spe-
cialist to operate at a very small scale (microsurgery) or
through very limited access (minimally invasive surgery),
to perform highly accurate and repeatable manipulation
(stereotactic surgery), or to perform surgery with the use
of large amounts of quantitative information (image-
guided surgery).

1.1. Classification of Medical Robotic Systems

Medical robotics systems can be classified in several ways,
such as, based on the targeted intervention type, mechan-
ism design, operating environment, and operator interac-
tion modality. In this article we have chosen to focus on
the operator interaction modality as the main criteria, as
it provides for a broader classification, defining the role of
the robot in the intervention and its relationship with the
medical specialist operating it, cross-cutting all the appli-
cations areas.

Medical robots can be classified into three broad cate-
gories on the basis of how the operator, such as the
surgeon, interacts with them. In supervisory-controlled
systems, the operator plans the medical intervention off-

line, and implicitly or explicitly specifies the motions the
robot must follow to perform the intervention (Fig. 1a).
The robot then performs the specified motions autono-
mously under the supervision of the surgeon. In telerobo-
tic systems, the robotic manipulator, which is in the form
of a robotic medical instrument, is under direct control of
the operator (Fig. 1b). With an on-line input device that is
in the form of a haptic interface (‘‘master’’), the operator
performs the medical intervention manipulations, and the
robotic medical instrument (‘‘slave’’) faithfully follows the
motions of the input device in a master–slave control
manner to perform the operation. In shared-control sys-
tems, the operator and robot share control of the medical
instrument (Fig. 1c). In these systems, the operator holds
and remains in control of the medical instrument and the
robot provides assistance, such as steady-hand manipula-
tion of the instrument.

The supervisory-controlled medical robotics systems
are mainly applied in application areas where very de-
tailed quantitative preoperative plans of the interventions
can be laid out and executed without the need for intra-
operative modification, such as orthopedic surgery and
radiation therapy. Telerobotic surgical systems operate as
extensions of the surgeon, providing access to environ-
ments that are otherwise inaccessible because of physical
reasons, such as in minimally invasive surgery, where a
physical barrier limits access, or micro-surgery, where the
scale of objects that need to be manipulated creates the
barrier. Shared-control type medical robotic systems
mainly aim to augment the operator to eliminate hand
tremor allowing her to operate with higher precision for
application, such as ophthalmologic surgery or micro-
surgery.

2. COMPUTER-ASSISTED PLANNING AND ROBOTIC
ASSISTED EXECUTION IN IMAGE-GUIDED SURGERY

Image-guided surgery is a surgical technique that uses
medical imaging data, such as computerized tomography
(CT) and magnetic resonance (MR) images, to assist the
surgeons to navigate through the anatomy to reach inter-
nal parts of the body by providing two- or three-dimen-
sional images constructed from imaging data. In typical
image guided surgery, preoperative images are used to
create a surgical plan. At the beginning of the operation,
the preoperative images, and as a result the preoperative
plan, is registered (matched) to the physical space occu-
pied by the patient. The registration of the medical image
and the physical space allows subsequent localization of
the surgical instruments within the operating field during
surgery. As a result, the surgical plan can be performed by
the surgeon with feedback from the three dimensional
preoperative medical imaging data.

Robotics technology play two important roles in image
guided surgery. During the preoperative planning phase,
robotic path planning algorithms can be employed to
create safe and effective surgical plans. During the actual
surgery, robotic delivery systems can be employed to
accurately and predictively execute the preoperative
plan, typically in the form of supervisory controlled med-
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ical robotic systems. The most prominent application
areas of robotics in image guided surgery are stereotactic
neurosurgery, radiation therapy, and orthopedic surgery,
as they are typically surgical interventions that require a

very high level of accuracy, while they involve lower levels
of uncertainty created by the soft tissue deformations in
the operating field.

1) Pre-operative planning phase 2) Robotic assisted execution
of the pre-operative plan

Surgeon Surgeon

Computer

Download
pre-operative

plan

Surgical
robot

Patient

Surgeon

Surgical
robot

Patient

Haptic
interface

Visual feedback

Force and tactile
feedback

Teleoperation

(b)

(c)

(a)

Patient

Surgical robot
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Figure 1. Technical classification of robotic systems: (a) Supervisory Controlled System: The
surgeon plans the operation off line and the robot performs the specified motions autonomously
under the supervision of the surgeon. (b) Robotic Telesurgical System: The robot is under direct
control of the surgeon with an on-line input device, which is typically a force feedback joystick
(master) that performs the manipulations with the surgical manipulator (slave), faithfully
following the motions of the input device in a master–slave control manner to perform the
operation. (c) Shared Control System: The robot and surgeon share control of the surgical
instrument. (Figure artwork r2005, Case Western Reserve University).
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2.1. Robotics in Stereotactic Neurosurgery

Neurosurgery was one of the initial application areas of
medical robotics, starting as an extension of stereotactic
neurosurgery. Stereotactic surgery is a technique used to
identify points within brain by registering the physical
space with preoperative three-dimensional medical
images, such as magnetic resonance or computerized
tomography images. It uses external sensors and mea-
surement equipment to identify three-dimensional Carte-
sian coordinates of points of interest within the brain with
respect to the sensor coordinate frame which is calibrated
relative to the three-dimensional frame of reference of the
images. Availability of high precision spatial information
calibrated relative to a standard coordinate frame makes
stereotactic neurosurgery a natural candidate for applica-
tion of robotics technologies developed in the context of
industrial robotics, which typically involve performance of
high precision manipulation tasks in well-calibrated en-
vironments, such as assembly tasks. As a result, earlier
medical robotic systems developed for neurosurgery were
adaptations of industrial robotic systems to stereotactic
neurosurgery.

The earliest major neurosurgical application of robotic
technology was by Kwoh et al. who employed a modified
Puma 560 industrial robot to assist in performing brain
biopsy, in the form of a shared-control medical robotic
system (1). In this study, the robot is used to position a
biopsy needle holder to the proper insertion configuration
and the surgeon drives the needle using the robot posi-
tioned needle holder as a guide. Safety is a major concern
with direct application of industrial robots to medical
tasks, as typical industrial robots are designed to operate
away from humans. Later studies, such as the Minerva
system developed by Glauser et al. (2), used robotic
systems specifically designed for medical applications,
incorporating safety features as an integrated part of the
initial design specifications.

NeuroMate (Integrated Surgical Systems) is the first
United States Food and Drug Administration-approved,
commercially available, image-guided, robotic-assisted
system used for stereotactic procedures in neurosurgery.
This six-axis robot evolved from the work of Benabid et al.
(3,4). The current version has been modified from the
original design to incorporate specific stereotactic require-
ments and to improve safety issues, and has been success-
fully used in clinical settings.

2.2. Radiation Therapy

The CyberKnife (Accuray, Inc., Sunnyvale, CA) system is
an innovative application of the robotics technology to
radiosurgery (5,6). It uses a robotic system to position a
high energy radiation source to deliver radiation to a
target volume identified with preoperative imaging. It
uses an intra-operative image guidance system to identify
and compensate for limited movements of the patient.
This system has been successfully integrated into stan-
dard clinical radiosurgery practice for the treatment of
tumors located in the body.

Robotic path planning algorithms have also been
adapted to treatment planning in fixed and moving

beam radiosurgery. Path planning algorithms have been
applied to determine sequence of beam configurations and
strengths, so as to optimize the dose of radiation applied to
the target tissue, while minimizing the radiation applied
to the healthy tissue surrounding the target (7).

2.3. Orthopedic Surgery

Orthopedic surgery often requires high levels of geometric
precision. Bones can be imaged with high precision using
CT imaging, and, as they are rigid structures, they can be
registered to preoperative images relatively easily. These
factors made orthopedic surgery one of the early and
important application areas of medical robotics.

The ROBODOC system (Integrated Surgical Systems,
Davis, CA) is one of the earliest successful medical robotic
systems (8). It is designed for use in image guided joint
replacement surgery, to prepare the proximal femur to
accept an uncemented total hip prosthesis. This system
has underwent underwent clinical evaluation in humans.
These studies demonstrated that the cavities created by
the system were an order of magnitude more accurate
than that is achieved via manual reaming. This system
typically operates in the supervisory-controlled scheme,
but it can also be used in a shared-control mode, during
which the operator moves the robot to perform the drilling
while the robotic system acts as a constrained hand guide
maintaining the cutter to remain inside the volume de-
fined in the preoperative plan as the part of the bone that
needs to be removed.

A similar system, ACROBOT, was developed in parallel
by Davies et al. at the Imperial College, UK (9), for robotic
assisted knee surgery resections for prosthetic implants.
This system employed a semi-active robot operating in the
shared-control. In this force-controlled system, the sur-
geon moves the robot holding the rotary cutter by hand,
while the robotic system creates artificial active motion
constraints, in the form of virtual fixtures, directing the
surgeon to efficiently and accurately complete the resec-
tions.

3. TELEROBOTIC TOOLS FOR MINIMALLY INVASIVE
SURGERY

Minimally invasive surgery (MIS) is a technique that has
revolutionized surgical practice. In MIS, the surgical
intervention is performed with instruments and viewing
equipment inserted through small incisions (typically less
than 12 mm in diameter) rather than by making a large
incision to expose and provide access to the operation site.
Minimally invasive operations include laparoscopy (ab-
dominal cavity), thoracoscopy (chest cavity), arthroscopy
(joints), pelviscopy (pelvis), and angioscopy (blood vessels).
The main advantage of this technique is the reduced
trauma to healthy tissue, which is the leading cause of
patients’ post-operative pain and long hospital stay. The
hospital stay and rest periods, and therefore the procedure
costs, can be significantly reduced with MIS, but MIS
procedures are more demanding on the surgeon, requiring
more difficult surgical techniques. As a result, adoption of
minimally invasive techniques has been slower in more
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complex procedures, largely because of the greater diffi-
culty resulting from to the reduced dexterity and percep-
tion.

In minimally invasive surgery, the operation is typi-
cally performed inside a natural cavity of the body, such as
in thoracoscopy, or an artificially created workspace, such
as in laparoscopy for which the abdominal cavity is
expanded by pumping carbon dioxide. The operation
workspace is observed with a scope inserted through one
of the incisions. The scope itself is composed of a chain of
lens optics to transmit the image of the operation site to a
CCD camera connected to its outer end, and optical fibres
to carry light to illuminate inside. A monoscopic image of
the operation site is displayed on a high resolution CRT
screen. The instruments used for the operation are spe-
cially designed long and thin instruments with trigger-
like handles. They are inserted through trocars placed at
the incision sites. The instruments have only 4 degrees of
freedom (DOF) (see Fig. 2), preventing the ability to
arbitrarily orient the instrument tip. Dexterity is signifi-
cantly reduced because of the lost DOF’s and motion
reversal due to the fulcrum at the entry point. Force
feedback is reduced due to the friction at the tight trocar
and the fulcrum effect of the instrument. There is no
tactile sensing that surgeons depend on in open surgery
to locate arteries and other structures embedded inside
tissues.

Minimally invasive surgery is fundamentally a form of
telemanipulation as the surgeon is physically separated
from the workspace. Therefore, telerobotics is a natural
tool to extend capabilities in laparoscopic surgery. The
surgical tools can be replaced with robotic instruments
which are under direct control of the surgeon through
teleoperation. Robotic telesurgical systems are designed to
restore the manipulation and sensation capabilities of the
surgeon which were lost due to minimally invasive sur-
gery. A 6 DOF slave manipulator, controlled through a

spatially consistent and intuitive master restores the
dexterity. If available, the force feedback to the master
increases the fidelity of the manipulation, and the tactile
feedback restores the lost tactile sensation. (See Fig. 3).

The earlier robotic telesurgical systems in the litera-
ture were designed for laparoscopic surgery, such as the
telesurgical system developed by Hill et al. at SRI Inter-
national (10), the telerobotic assistant for laparoscopic
surgery developed by Taylor et al. (11), the robotic tele-
surgical systems developed by Cavusoglu et al. at the
University of California, Berkeley (Fig. 3) (12,13), and the
Black Falcon system developed by Madhani et al. at MIT
(14). The later systems focused on a variety of application,
the most prominent application being thoracoscopic sur-
gery. There are also two commercial robotic telesurgical
systems: The da VinciTM system, developed by Intuitive
Surgical, Inc. (Palo Alto, CA), uses a 6-DOF robotic
manipulator design adapted from the Black Falcon. It
has been approved by the United States Food and Drug
Administration (FDA) for laparoscopic surgery and is
going trials for FDA approval for cardiac surgery. The
ZeusTM system was originally developed by Computer
Motion, Inc. (Goleta, CA), which later merged with In-
tuitive Surgical, Inc. This system employs a 5 DOF robotic
manipulator with scaled motions for microsurgery and
cardiac surgery.

There are also several experimental systems developed
using flexible robotic devices for endoscopic operations
inside luminal structures, such as blood vessels or gas-
tro-intestinal tract. Examples of such systems include the
active flexible endoscope developed by Ikuta et al. (15), the
active intravascular catheter developed by Arai et al. (16),
and the minirobot that can autonomously crawl inside the
gastrointestinal tract developed by Phee et al. (17).

Another application area of robotic telesurgical sys-
tems beyond minimally invasive surgery is remote tele-
surgery. The goal of remote telesurgery is to enable
transfer of medical expertise remotely to inaccessible or
hazardous locations, such as performing remote surgical
interventions on the international space station by sur-
geons located on earth for emergency medical interven-
tions, or in the battlefield by surgeons located at a safe
distance from the front-lines for trauma care. The main
technical challenge in such an application is the commu-
nication time-delays involved. There were several demon-
stration experiments performed to demonstrate the
feasibility of remote telesurgery, the most notable one
being the transatlantic laparoscopic cholecystectomy
(gall baldder removal surgery) performed on a patient
located in Strasburg, France by a surgeon located in New
York, NY, USA, using the ZeusTM Robotic system (18).

4. RESEARCH CHALLENGES

Application of medical robotics technologies to a wider
range of applications beyond the current-state of the art
requires advances in several areas of research, ranging
from aspects of mechanism and system design to human-
machine interfacing.

Fulcrum at the
entry point

Figure 2. Four degrees-of-freedom available in conventional
minimally invasive surgical instruments.
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4.1. Mechatronic Design of Medical Robotic Systems

There is a strong drive for design of smaller, lighter
weight, and more dexterous medical robotic manipulators
to improve effectiveness in existing application areas, in
terms of both improved performance and reduced cost, and
to facilitate introduction of medical robotic systems in to
new application areas. The frontier application areas of
minimally invasive surgery, such as fetal and neonatal
surgery, and neurosurgery (especially in the skull base),
require dexterous manipulators with instrument sizes of
2-3 mm in diameter. In the existing application areas, such
as for minimally invasive cardiac surgery, the demand is
for systems with more agile and dexterous manipulators
with improved sensing to improve the performance, and
reduction in overall size of the systems to ease the adop-
tion and deployment of the systems in the operating room.
The main challenge against design of such systems comes
from the shortcomings in actuation technologies.

Design of robotic systems for use inside intra-opera-
tional imaging systems is an important area of research
within medical robotics, because such systems would

enable performance of image guided medical interventions
with real-time feedback from intra-operational imaging.
In this paradigm, a preoperative plan is constructed using
high-resolution preoperative images, and modified on-line
based on feedback from intra-operative images while
being executed by the medical robotic system. Intra-
operative MR, CT, and ultrasound imaging are the main
candidates for such an approach. The main difficulty with
the use of medical robotic systems within intra-operative
MR and CT imaging systems results from the compat-
ibility of the surgical robot with the imaging system. For
example, a robot that will be used for performing a robotic
assisted intervention inside an interventional MR system
needs to be made of materials that are not affected by the
large magnetic gradients and it should not interfere with
operation of the MR system or reduce image quality (19).
This poses significant challenges in the choice of struc-
tural materials, actuators, sensors, designing the size and
location of the system (20). Robotic image guided surgery
under ultrasound imaging is attracting attention, as
ultrasound systems do not have compatibility problems

(a)

(b) (c)

Figure 3. The second generation University of California, Berkeley / University of California, San
Francisco Robotics Telesurgical System for Laparoscopy (13). (a) Slave manipulators positioned
around the operation table. (b) Close-up view of the bimanual system tying a knot in the training
box. (c) Master workstation.
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with medical robots, they have relatively low cost, and
they are wide available. However, the low image quality of
ultrasound systems resulting from high noise is the main
challenge.

Another active area of research in medical robotics is
the development of algorithms and systems for compensa-
tion of biological motion, such as breathing or heart beat-
ing motions, during robotic assisted medical
interventions. In image guided surgery, for example, in
robotic assisted radiosurgery or needle biopsy, the surgical
plan is constructed based on a static preoperative medical
image. These preoperative plans can be constructed with
extremely high accuracy, as the medical images used are
of very high spatial resolution. However, some parts of the
body may go through natural biological motions orders of
magnitude larger than the resolution of these preopera-
tive models. Therefore, compensation of these biological
motions during the execution of the preoperative plan is
essential. The important aspects of the problem are esti-
mation and prediction of the biological motion, and the
development of control algorithms that would be employed
by the robotic system to compensate the estimated biolo-
gical motion. Similar techniques are also subject of active
research in the context of robotic assisted off-pump (beat-
ing heart) coronary artery surgery (21–23), where the goal
is to develop robotic telesurgical tools that can actively
cancel the relative motion between surgical instruments
and the beating heart. A related issue, which arises in
performance of interventions which involve soft tissue
manipulation, is the tissue deformation that occurs as a
result of surgical manipulation itself. For example, during
a needle biopsy operation, the underlying anatomical
structures shift and deform as a result of the forces that
the biopsy needle applies, which in turn moves the biopsy
target. These tissue movements can result in significant
errors in the execution of the pre-operational plan, and
therefore needs to be compensated. There are two general
approaches to address this problem. The first one is the
use of intra-operational imaging. The second approach is
to construct computational models of the tissue deforma-
tion so that the preoperative plan can be constructed with
the tissue deformation effects explicitly included (24). The
research challenges of the former approach were dis-
cussed above. The latter approach is also an active area
of research, where the main challenges are the develop-
ment of the tissue deformation models, especially with
time dependant and nonlinear tissue properties, computa-
tional complexity of the constructed models, and difficul-
ties in identification of the tissue parameters to be
included in these models.

4.2. Human–Machine Interface Issues

There are a number of human–machine interface pro-
blems with current medical robotic systems that require
development of interface technologies to match and com-
plement human abilities to the surgical tasks (25).

Existing manual instruments for minimally invasive
surgery significantly reduce dexterity and impair sensa-
tion. Current robotic telesurgical systems are designed to
improve the dexterity of surgical manipulation by increas-

ing the degrees-of-freedom of motion available in the
instruments and providing user interfaces that restore
hand–eye coordination, and to improve the sensation
during robotic assisted surgical manipulation by introdu-
cing force and tactile feedback that restore the impaired
tactile sensation. Although the existing medical robotics
systems provide sufficient dexterity with improved preci-
sion, they are still far from replicating sensation of open
surgical manipulation, which is essential for advanced
surgical tasks.

Improving haptic feedback in medical robotic systems,
aiming to replicate sensation of open surgical manipula-
tion, is an active area of research. Although the impor-
tance of haptic feedback on surgical performance may be
questioned as visual feedback provides substantial infor-
mation in surgical manipulation, there are a substantial
number of studies in the literature that suggest and
demonstrate performance advantages of force feedback
in teleoperation tasks, including several recent studies
involving telemanipulation of soft objects and surgical
tasks (26,27). For force feedback, the bottleneck is in
sensor technology. Scaling down the size of force sensors
to fit at the tip of surgical instruments, while maintaining
high precision and low measurement noise, is the main
challenge. For efficient tactile feedback, small sensor
arrays are available that can easily fit on surgical instru-
ments; however, this time the research challenge lies in
the lack of tactile ‘‘displays’’, as the currently available
displays are quite bulky. The new compliant tactile dis-
play technology using hybrid pneumatic/electric actuation
promises significant improvements (28).

There remains significant room for improving dexterity
enhancement with surgical robotic tools. Experiments
that examined the task completion times of surgeons
performing point-to-point or basic manipulation tasks
(not outcomes) have shown that performance with robotic
telesurgical tools are still far from reproducing the dex-
terity of open surgical instruments (29,30)

Three-dimensional spatial navigation, planning, and
visual-spatial coordination in robotic surgery, especially in
the context of minimally invasive surgery and to some
extent in image guided surgery, is an important aspect of
the problem (31,32). This set of human–machine interface
problems is the result of complex and unfamiliar spatial
transformations of haptic and visual spaces that occur in
these types of medical interventions. Solutions to these
problems require design of intuitive interfaces for use
during surgical manipulation, especially for robotic sur-
gery, and development of proper training strategies and
tools to teach surgeons to properly interpret, understand,
and effectively handle the complex spatial interface. Use of
virtual reality training simulators with haptic feedback
provides a promising paradigm to teach these complex
spatial cognitive skills.
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5. PRACTICAL CHALLENGES IN ADOPTION OF MEDICAL
ROBOTIC SYSTEMS IN SURGICAL PRACTICE

5.1. Cost

One major obstacle in widespread adoption of the current
commercially available medical robotic systems is the cost
of these systems. The operational costs of the medical
robotic systems, especially in the form of the time cost of
the operating room (OR) they are placed, necessitates a
high utilization rates to amortize the cost. As a result,
there is a strong drive to develop not only reduced cost
systems, but also to design modular and reconfigurable
systems that can be flexible enough to be used in a much
larger variety of surgical operations, especially by allow-
ing the medical robotics systems to seamlessly interface
and interoperate with the variety of imaging and naviga-
tion systems that are currently being employed in the OR.

5.2. Size

Another practical issue in adoption of medical robotic
systems into clinical practice is the physical size of these
systems. The existing systems have considerable physical
size, occupying valuable space in the OR, and limiting
access to the patient by the medical personnel in the OR.
Therefore, there is a strong drive for reduction n the size of
the medical robotic systems, and innovative configura-
tions, such as ceiling mounted mechanisms. The main
technical challenge comes from the constraints win the
size and power density of existing actuator technologies,
and high mechanism stiffness requirements for increased
accuracy.

5.3. Safety

Safety is of paramount concern with medical robotic
systems. Two major concerns of safety in medical robotic
systems are the potential hazards to the patient as a
result of failure and unintended actions by the robot and
the safety of the surgical team that occupies the space
around the patient and the robot. There are several
general approaches for achieving hardware safety
(33,34). Redundancy in kinematics and sensors is a very
common technique used in surgical robots to improve
system safety. This methodology is very effective in detect-
ing and recovering from partial system failures, and has
the potential to perform consistency checks to evaluate the
integrity of the hardware. However, it should be noted
that redundancy also increases hardware and software
complexity, which increases fragility of the overall system
and makes the design more costly (35). Another common
approach to improve safety of surgical robotic systems is to
limit the size of the workspace of the robot to avoid
potential unintended damage to areas outside the point
of operation, use less powerful actuators, and combine
active and passive mechanisms in the robot design. An-
other important concern in surgical robotic system safety
is sterilization. This is usually achieved by covering the
entire surgical robot, with the exception of the surgical
end-effector, with sterile drapes. The surgical end-effector,

which is the part that is used on the patient, is made as
either easily sterilizable or disposable.

6. CONCLUSION

Very significant technical and practical challenges need to
be overcome for widespread adoption of medical robotic
systems in clinical practice. Commercial success of the
medical robotics technology requires a successful business
model which combines technological innovation with med-
ical needs and practical realities of managed healthcare.
An important requirement is the development of systems
for high-impact applications, which would enable the
surgeons to perform significant and otherwise impossible
operations, rather than incremental improvements of
existing techniques and procedures.
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1. INTRODUCTION

Menisci are fibrocartilagenous structures in the knee joint
that act to distribute the load from the femur to the tibia.
Menisci are frequently torn as a result of sporting activity
or degenerative tears associated with aging. Approxi-
mately 12.5% of annual visits to orthopedic surgeons are
related to knee injury, and of those visits, 43% are directly
related to meniscal injuries (1,2) (see review by McBride
and Reid, 1988). Some tears do not heal because they
either occur in the avascular region of the meniscus or are
too complex for repair. Therefore, the common treatment
for these types of tears is either complete or partial
meniscectomy depending on the severity of the tear.
However, meniscectomies have been shown to lead to
degenerative arthritis in the knee (3–6). Therefore, in an
effort to prevent premature arthritis caused by removal of
the meniscus or a portion of the meniscus, meniscal
replacement strategies are being investigated.

This article will detail the basic structure and function
of meniscal tissue and the attachments of the menisci to
the surrounding structures. The strengths and weak-
nesses of various meniscal replacement strategies will be
discussed, including autografts, meniscal allografts, syn-
thetic prosthesis, and tissue-engineered constructs. The
success of meniscal replacements likely depends on their
ability to restore normal meniscal function both biologi-
cally and biomechanically. Previous studies indicate that a
number of biomechanical criteria are important for proper
meniscal function, such as the material properties and
geometry of the replacement tissue as well as the attach-
ment of the replacement to the tibial plateau (7–9).

2. FUNCTION OF THE MENISCI IN KNEE JOINT
MECHANICS

The knee joint of the human body contains a complex
interaction of muscles, bones, ligaments, and menisci. The
menisci, which are semilunar wedges of fibrocartilage
located between the condyles of the femur and tibial
plateau, perform many important roles within the knee.
The meniscus provides weight bearing and load transmis-
sion across the knee joint, joint stabilization, congruity,
limits extreme flexion and extension, and may contribute
to joint lubrication (2,10–20) (for review, see Refs. 2 and 8).
The reasons behind the meniscus’s ability to carry out
these functions are numerous.

The menisci are able to distribute load and reduce the
amount of stress the underlying articular cartilage on the
tibial plateau is subjected to during knee motion due in
large part to their structural shape and firm attachment

to the tibia. Human menisci are considered to be semi-
lunar or C-shaped fibrocartilage wedges that are primar-
ily anchored to the tibial plateau by four attachments at
their horns. The menisci are also attached along their
peripheral edge to the joint capsule. The medial meniscus
has an additional attachment to both the femur and tibia
by means of the deep medial collateral ligament, whereas
the lateral meniscus lacks this attachment, and thus is
more mobile than the medial meniscus. Furthermore, the
medial meniscus is more C-shaped than the lateral me-
niscus because the posterior and anterior horns of the
lateral meniscus are attached closer together on the tibial
plateau, whereas those of the medial meniscus are well off
the plateau anteriorly and posteriorly. Both lateral and
medial menisci are attached to the tibia via insertional
ligaments (Fig. 1). Additionally, the posterior horn of the
lateral meniscus is attached to the femur through a two-
bundled ligament termed the meniscofemoral ligament
(21,22). Previous studies have shown that the meniscofe-
moral ligament is present in 93% of humans, and of those
93%, only 42% had both bundles of the ligament present
(22).

The size, orientation, and strength of the meniscal
attachments determines the magnitude and direction of
the load transmitted. When the knee joint is subjected to a
compressive axial load, the meniscus experiences a com-
pressive force that creates a radial load on the wedge
shape that acts to displace the meniscus out of the joint
space. This displacement is resisted by the strong inser-
tion at the horns, which generates a large tensile hoop
stress in the horn attachments and in the circumferential
direction of the meniscus (10,13,23,24). Therefore, the
meniscus is subjected to multiple forces during knee
motion. Shrive et al. previously described the load-bearing
mechanism to illustrate how the meniscus functions to aid
in the transmission of load (10). This load transmission
and weight-bearing capability also helps reduce stress in
the knee joint.

The menisci effectively reduce the amount of stress on
the articular cartilage of the knee joint. The menisci
increase the surface area to which the compressive axial

Lateral posterior
horn attachment

Lateral
meniscus

Lateral anterior
horn attachment

Medial anterior
horn attachment

Medial
meniscus

Medial posterior
horn attachment

ACL

PCL

Figure 1. Superior view of tibial plateau showing shape and
attachment of medial and lateral menisci.
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load is applied whereby reducing the stress the tibia is
subjected to. Shrive et al. showed that with the load
distributed over a large contact area, not only was the
average pressure low, but the pressure gradients were low
and the deformation of articular cartilage within the knee
joint was small (10). Walker and Erkman examined force
transmission across the knee and the pressure and contact
characteristics within the knee and found that the menis-
cus is active in load transmission as well as shielding the
underlying cartilage from excessive stresses. They found
the load-bearing area of the knee was increased from less
than 2 cm2 in the absence of menisci to approximately
6 cm2 with the menisci present (25,26), which is in agree-
ment with more recent data showing a 50–70% reduction
in contact area when the menisci were removed (27–30).
Associated with this decrease in contact area resulting
from meniscectomy, contact stresses on the underlying
articular cartilage of the tibial plateau are 2–3 times
greater than in the intact knee (27–29). It has also been
shown that the lateral meniscus carries 65–75% of the
load in the lateral hemi-joint, whereas on the medial side,
the load is shared almost equally between the meniscus
and the exposed cartilage (10,31). Ahmed and Burke
demonstrated that at least 50% of the knee joint load is
transmitted through the menisci at 01 of flexion and
increased to 85% at 901 of flexion (27). Surprisingly, no
significant differences were seen in overall knee joint
displacement with or without menisci present (30). Haut
Donahue et al. has shown that the contact characteristics
within the knee joint can be altered by varying the
stiffness of the horn attachments (7). It has very recently
been shown through computer modeling that not only is
the underlying articular cartilage subjected to increased
stresses following meniscectomy, but the remaining me-
niscal tissue is also subjected to increased stresses, de-
pending on the amount of meniscal tissue removed (32).
Force transmission is the most prominent role the menis-
cus plays, but the ability of the meniscus to aid in joint
stabilization is also critical to the proper function of the
knee.

Although ligaments like the anterior and posterior
cruciate ligaments (ACL and PCL), lateral collateral liga-
ment (LCL), and the medial collateral ligament (MCL)
provide most of the joint stabilization in the knee, the
meniscus also operates in this role, primarily when one or
more of the above ligaments has been damaged or re-
moved. The manor in which the menisci function as joint
stabilizers in the knee is by maintaining proper position-
ing of the femur relative to the tibia. The menisci increase
the congruity between the articulating surfaces of the
spherically shaped femoral condyles and the relatively
flat tibial plateau by filling the intra-articular space. The
concave upper meniscal surface faces the spherical fe-
moral condyles and the lower, flat meniscal surface lies on
the tibial plateau, allowing an adaptation from one shape
to another. By deepening the articular surfaces of the
tibial plateau, the menisci increase joint stability. The
menisci help reduce anterior-posterior translation of the
tibia relative to the femur during joint loading in the ACL-
deficient knee (15,17,18). Levy et al. demonstrated that
the medial meniscus helps stabilize the knee after an ACL

resection (17). In support of the findings of the afore-
mentioned authors, a more recent study conducted by
Allen et al. also exhibited the stabilizing characteristic of
the medial meniscus in the ACL-deficient knee (15). The
medial meniscus limits anterior tibial translation in the
ACL-deficient knee because the posterior horn acts as a
buttress by wedging against the posterior aspect of the
medial femoral condyle, hence providing a restraining
force to further translation (15,17,18). This wedge effect,
therefore, is dependent on the posterior horn attachment
of the medial meniscus. A study conducted by Watanabe et
al. demonstrated that removing more than two-thirds of
the posterior horn of the medial meniscus eliminated its
ability to act as a restraint to anterior tibial translation in
the ACL-intact knee. Their data also showed that, under a
varus torque, the anterior tibial translation is largely
dependent on the posterior horn (19). The lateral menis-
cus, however, has not been shown to increase stability to
the extent that the medial meniscus does in the ACL-
deficient knee (16). The reason for this difference may lie
in the fact that the lateral meniscus has more mobility
than the medial meniscus. The lateral meniscus, because
of its higher mobility, cannot replicate the wedge effect
that the medial meniscus provides. Lastly, the meniscus
has been shown to aid in joint lubrication by spreading a
film of synovial fluid over the articular surfaces during
joint motion (33).

3. COMPOSITION AND STRUCTURAL ORGANIZATION
OF THE MENISCI AND THEIR ATTACHMENTS

The meniscus is composed primarily of water (B75% of
weight) and structural proteins (20% type I collagen and
1–3% proteoglycans by weight) (34). Type I collagen is the
most abundant structural component and contributes to
the circumferential tensile strength of meniscal tissue
(35). The major proteoglycan of meniscal tissue is aggre-
can (36). Aggrecan is a hydrophilic molecule composed of
chondroitin and keratin sulfate glycosaminoglycans
(GAG) aggregated with hyaluronic acid to assist in main-
taining tissue hydration, firmness (resistance to compres-
sive loading), and elasticity via osmotic pressure. The
negative charge held at the branched ends of the GAG
side chains draw and hold interstitial fluid within the
tissue. A balance of collagen and proteoglycans gives the
meniscus its structural rigidity and enables it to with-
stand the large loads occurring in the knee joint.

3.1. Composition

The menisci and their horn attachments can be regarded
as a biphasic composite material that consists of two major
phases: a fluid phase composed of interstitial fluid and
electrolytes and a solid phase composed of collagen, pro-
teoglycans, other proteins, glycoproteins, and fibrochon-
drocytes. The normal menisci contain two types of cells:
the fibroblastic cells found on the meniscal surface and
chondrocytic cells that are found in the inner portion of
the menisci (37). Collagen is the main constituent of the
solid phase comprising 15–25% of the wet weight or 65–
75% of the dry weight. Type I collagen comprises 90–95%
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of the total collagen content of the menisci with types II,
III, V, and VI collagens present in small proportions
(38,39). The other major constituents to the dry weight
are proteoglycans, accounting for 1–2.5% of the solid
phase, glycoproteins, cells, and elastin (40).

Proteoglycans are comprised of a protein core to which
one or more GAG chains are attached, whereas the
glycoproteins are simply protein molecules. Proteoglycans
are negatively charged molecules and, by virtue of their
high fixed-charge density and charge-charge repulsion
force, they are difficult to move and provide the menisci
with a high capacity to resist compressive loads by redu-
cing interstitial fluid exudation (41,42). As proteoglycans
are negatively charged and interstitial fluid has a positive
charge, the attractive force between these molecules holds
the fluid within the tissue and induces a hydraulic stiffen-
ing to help support compressive loads. A normal mature
human meniscus contains B40% chondroitin 6-sulfate,
B10–20% chondroitin 4-sulfate, B20–30% dermatan sul-
fate, and B15% keratin sulfate (43,44). Glycoproteins are
partially responsible for binding with other matrix mole-
cules and cells, providing an adhesion quality to the
matrix. There have been three adhesion molecules identi-
fied within the meniscus: type VI collagen, fibronectin,
and thrombospondin (45,46). The cells are supplied with
nutrients via a vascular system.

The vascular supply of the menisci originates predomi-
nantly from the inferior and superior lateral and medial
geniculate arteries, forming a perimeniscal capillary
plexus that is mainly circumferential. This blood supply,
however, only provides oxygen and nutrients to the per-
ipheral 10–30% of the medial meniscus and 10–25% of the
lateral meniscus; the remainder of the meniscal tissue is
avascular consisting of fibrochondrocytes cells surrounded
by the extracellular matrix (47).

The composition of the horn attachments varies to
some extent from the composition of the meniscal tissue.
This variation allows the attachments to provide a transi-
tion from soft tissue to bone. The anterior and posterior
horns are vascularized connective tissues that contain
fibroblasts, fibrocytes, synovial cells, numerous capil-
laries, and proteoglycans (44,48). The proteoglycans pre-
sent in the attachments contain mostly dermatan sulfate,
which is intrinsic to materials that are exposed to tensile
forces, and chondroitin sulfate, which is characteristic of
materials that are exposed to compressive forces (44). The
meniscal horns are comprised of a varying distribution of
types I, II, and X collagen as the transition from the
menisci to bone transpires (49). The attachments also
contain mechanoreceptors and nerve fibers (48,50). Unlike
the fibrocartilaginous menisci, the horn attachments are
more ligamentous in nature.

3.2. Structure

The orderly arrangements of the constituents of the solid
phase of the menisci provide the basis for their biomecha-
nical properties. The collagen fibers in the surface zone
are oriented primarily in the radial direction in a fine
mesh-like woven matrix. Below this approximately 100-m-
m-thick surface layer are large rope-like fiber bundles of

type I collagen with an estimated diameter ranging be-
tween 50 and 400mm (25). These fiber bundles are aligned
predominantly circumferentially, parallel to the crescent
shape of the menisci (25,51,52). Small radial fibers rein-
force or ‘‘tie’’ together the circumferentially oriented fiber
bundles (53). This fibrillar organization is found in the
peripheral two-thirds of the meniscal tissue, whereas the
inner region contains more randomly arranged collagen
fibers with a higher proteoglycan content. The content of
collagen, proteoglycans, and water has been found to be
relatively uniform throughout a healthy meniscus (54).
The circumferential collagen fibers of the outer two-thirds
of the meniscus continue into the anterior and posterior
horn attachments as well. The insertional ligaments then
convert the collagen matrix to cortical bone by transition-
ing from uncalcified fibrocartilage to calcified fibrocarti-
lage to cortical lamellar bone to subchondral bone
(49,50,55–57). The anterior attachment is comprised of
four zones, the ligamentous zone, uncalcified fibrocarti-
lage, calcified fibrocartilage, and bone, whereas the poster-
ior attachment lacks the ligamentous zone (48–50,57). The
lack of a ligament-like zone in the posterior horn coincides
with the fact that it is exposed to tensile and compressive
forces whereas the anterior horn is only exposed to ten-
sion. The different zones of the attachments help prevent
fatigue failure by providing a gradual transition from soft
tissue to the hard bone of the tibial plateau. Furthermore,
the interface between the lamellar bone of the tibia and
the calcified fibrocartilage of the horn attachments forms
an irregular border where the cartilaginous zone deeply
interdigitates with the bone tissue, thus providing firm
anchorage to the bone (50,56). The orientation and orga-
nization of collagen within the menisci and their horn
attachments allow them to perform their biomechanical
function.

The circumferential collagen fiber bundles of the me-
niscus, which continue into the horn attachments, are
aligned in such a fashion to allow load transmission. The
collagen within the meniscus and its attachments exhibits
a crimped pattern that disappears under tension, which is
caused when a compressive load is applied to the knee
joint generating a large hoop stress in the menisci and a
tensile force in the attachments, thus suggesting that they
are ideal for the translation of vertical compressive loads
into circumferential stresses (58,59). The compressive
part of the load that is not transformed into a tensile
hoop stress and supported by the collagen fiber bundles
within the meniscus is supported by the proteoglycans
and interstitial fluid within the meniscus. The proteogly-
cans and the drag force exerted on the interstitial fluid as
it is forced out of the meniscal tissue helps provide a
support system for the remaining compressive load (60).
In this manner, the meniscus has the ability to allow load
to be transmitted across the knee joint without the
articular cartilage of the tibial plateau or femoral condyles
being exposed to large stresses.
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4. MATERIAL PROPERTIES OF THE MENISCUS AND ITS
ATTACHMENTS

The menisci and their attachments demonstrate time-
dependent material properties (52,61). The physiological
loads the menisci are exposed to during knee joint motion
solicit the time-dependent response of these tissues. The
phenomena of creep, an increase in deformation over time
under a constant load, and stress relaxation, a decline in
stress over time under constant deformation, are impor-
tant to the understanding of their functional character-
istics. The creep response is significant because when a
knee joint is loaded for a long period of time the contact
area slowly increases, thus spreading the compressive
load over an ever-increasing area. This response is made
possible by fluid exudation caused by the applied com-
pressive forces exerted during joint movement (60). Stress
relaxation is important in that it does not allow high
stresses to accumulate within the solid matrix of the
menisci or the horn attachments for extended periods of
time, which may damage these tissues (62). However, very
few tests have been conducted to examine these time-
dependent characteristics of the meniscal tissue or the
horn attachments. Also, little attention has been paid to
the structural and material properties of the meniscal
attachments. On the other hand, numerous tests have
been conducted to extract the structural and material
properties of the meniscus.

The tensile, compressive, and shear properties of the
meniscus are anisotropic and inhomogeneous, varying
with different sampling direction and location of the
samples (10,23,52,62–64). The meniscus has been shown
to have a modulus of 60–140MPa, a failure stress of 15-
18MPa, and failure strain of 20–30% in the circumferen-
tial direction (51,52,63). In the radial direction, however,
the meniscus has a modulus of 3-60MPa, a failure stress
of 1–4MPa, and failure strain of 30–60% (51,52). The
surface of the meniscus is neither as stiff nor as strong
as the deeper layers of the same region, with the elastic
modulus in the surface region of the meniscus ranging
from 50 to 120MPa compared with a range of 90 to
140MPa in the deep region (23,51,52). These findings
seem appropriate considering the circumferentially or-
iented collagen fibers of the meniscus support the large
hoop tensile stresses generated during knee flexion and
extension. Based on structural and material properties
found, the tensile stress-strain relationship of the menis-
cus can be said to be similar to other collagenous tissues,
with a domain of low stiffness at small strains, referred to
as the ‘‘toe region,’’ followed by a more linear region at
higher deformations.

The meniscal horn attachments are crucial to the
proper biomechanical function of the menisci in the
knee, but limited data exist on their properties. In a study
by Goertzen et al., it was found that significant differences
existed between the ultimate strength of the horn attach-
ments (57). The lateral anterior attachment was stronger
than the medial anterior attachment, whereas the poster-
ior medial attachment exhibited a lower strength than
both anterior attachments (57). The difference between
the anterior and posterior horns could be explained by the

fact that the anterior attachments are subjected solely to
tension during joint movement whereas the posterior
attachments are subjected to both tension and compres-
sion (24,57,65). Also, the difference between the lateral
and medial attachments could indicate that the lateral
meniscus is exposed to higher tensile forces than the
medial one.

5. IN VIVO MENISCAL MOTIONS

During knee motion and joint compression, the menisci
translate in both the anterior-posterior direction as well
as the medial-lateral direction, giving rise to tensile
stresses in their attachments. The compressive loads,
which range from 2 to 4 times body weight during walking
(12), try to extrude the menisci out of the joint space in the
radial direction because of their wedge-shaped cross sec-
tion, which tensions the circumferential fibers in the
menisci because of their firm attachment at their anterior
and posterior horns. The hoop stress generated by this
tension must be resisted by the horn attachments to keep
the menisci within the joint capsule. The medial meniscus
displaced 3.6mm in the radial direction as the knee was
flexed from 0–901 under weight-bearing and the lateral
meniscus displaced 3.7mm radially under the same con-
dition (66).

The motion of the femoral condyles on the tibial plateau
during knee flexion and extension act to push and pull the
menisci in the anterior-posterior direction. This motion,
dependent on joint position and location in the transverse
plane, will tense or compress the horn attachments. As the
posterior region of the meniscus has been shown to
experience higher compressive loads, in addition to the
anterior attachments having a higher tensile strength and
a ligamentous zone compared with the posterior attach-
ments, it is believed that the anterior attachments of the
menisci are subjected only to tension during loading
whereas the posterior horns are subjected to both tensile
and compressive forces (11,48,50). Various studies were
conducted to measure the anterior-posterior displacement
of both the menisci and their attachments in intact knees
under various loading conditions. Table 1 provides a
summary of these studies findings (66,67).

The anterior horns translate more in the anterior-
posterior direction than the posterior horns, and the
lateral meniscus displaces more in the anterior-posterior
direction than the medial one. It can be observed that the
medial and lateral meniscus both displace radially on the
tibial plateau by the same amount (66). The motion of the
menisci during knee flexion and extension as well as joint
compression allows them to perform their biomechanical
functions. The differences in mobility between the lateral
and medial meniscus is not well understood. It may be
because of differences in peripheral attachment, or it may
be related to the different motion patterns of the medial
and lateral compartment. For example, Logan et al.
performed Lachman tests on patients with isolated rup-
tures of the ACL during open MR scanning (68). They
reported that in both normal and ACL-deficient knees,
larger anterior tibial translation was found in the lateral
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compartment compared with the medial compartment,
which results in an increased internal rotation in response
to anterior tibial load. In addition, related to this result
may be the different curvatures of the medial and lateral
tibial joint surfaces. The proximal contour of the tibial
plateau is convex laterally and concave medially (69).

The ability of the menisci to move within the joint
capsule permits them to carry out several functions. The
translation of the meniscus provides joint congruity as the
knee is flexed and extended. Also, the motion of the
meniscus maintains a large contact area between the
femoral condyles and the tibial plateau, reducing the
amount of stress the articular cartilage is exposed to.
Finally, the movement of the meniscus helps with joint
stabilization by providing a limit to knee flexion and
extension. The unique ability of the meniscus to translate
allows it to carry out its biomechanical function.

6. REGENERATION AND REMODELING OF MENISCAL
TISSUE

Menisci are frequently injured (70). Injuries occur in
young active individuals, usually as a consequence of
sports-related activities, and in older individuals as an
age-related degeneration (70). When a meniscus is da-
maged, typically resulting in a tear of the fibrocartilage, a
few possible solutions exist to resolve the problem. De-
pending on the extent and location of the tear, either
surgical repair or meniscectomy is warranted. Injuries to
the knee meniscus can cause significant discomfort if left
untreated, leading to the development of osteoarthritis
(OA). Meniscal deficiency can lead to swelling, pain,
decreased activity, and arthritic changes in underlying
articular cartilage.

The best solution is to surgically repair the tear of the
meniscal tissue, as long as the damage occurs within the
vascular region of the tissue (2,20,71–74). The benefit of

this method is that it allows most, if not all, of the
meniscal tissue to be preserved. Healing and remodeling
of the injury is facilitated by meniscal fibrochondrocytes,
fibroblasts, and undifferentiated cells derived from the
synovium and blood supply (48,65,71). Ghadially et al.
found that myofibroblasts, cells that secrete connective
tissue proteins, and intracellular collagen were present in
torn meniscal tissue (71). The myofibroblasts found in the
torn meniscal tissue were believed to be from an extrinsic
source rather than meniscal fibroblasts or chondrocytes
(71). The horn attachments also demonstrate a similar
remodeling process. If the insertional ligaments of the
meniscus are injured, the possibility for reattachment
exists. In this circumstance, the refixed attachment will
undergo necrosis and then revitalization by extrinsic cell
ingrowth (65). After approximately a 6-week recovery
period, the refixed attachment becomes repopulated with
immature vascularized connective tissue, which contains
fibroblasts, fibrocytes, synovial cells, and numerous capil-
laries (48,65). By 12 weeks the attachment begins to
exhibit site-specific cell differentiation and the interface
between the attachment and bone demonstrates insertion-
specific fibrocartilaginous tissue (48,65). By preserving
the meniscus or reattaching the horns, it is possible to
preserve their original biomechanical function.

The second option available to treat an injured menis-
cus is a partial or full meniscectomy. This option is used
when the tear occurs in the avascular region of the
menisci where regeneration and repair of the tear is
impossible or the menisci are damaged beyond repair. It
has been shown, however, that this procedure can lead to
degeneration of the articular cartilage of the knee and
thus cause osteoarthritis (75–78). After meniscectomy,
results have shown that meniscal regeneration can take
place to a limited extent, with a higher occurrence of
regeneration in the medial meniscus compared with the
lateral meniscus (79). However, if regeneration of menis-

Table 1. Meniscus and Attachment Displacements During Knee Flexion and Extension Under Weight-Bearing and
Nonweight-Bearing Loads

Weight Bearing*

Medial Meniscus Excursion (mm) Lateral Meniscus Excursion (mm)

Anterior Horn Posterior Horn Radial Displacement Anterior Horn Posterior Horn Radial Displacement
7.1 3.9 3.6 9.5 5.6 3.7

NonWeight Bearing*

Medial Meniscus Excursion (mm) Lateral Meniscus Excursion (mm)

Anterior Horn Posterior Horn Radial Displacement Anterior Horn Posterior Horn Radial Displacement
5.4 3.8 3.3 6.3 4.0 3.4

Non-Weight Bearingw

Medial Meniscus Excursion (mm) Lateral Meniscus Excursion (mm)

Anterior Horn Posterior Horn Meniscus Anterior Horn Posterior Horn Meniscus
7.0 3.2 5.1 12.8 9.6 11.2

*From Vedi et al. (66)
wFrom Thompson et al. (67)
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cal tissue does not occur, the articular cartilage of the
tibial plateau will be subjected to increased contact pres-
sures, which can lead to joint degeneration. To combat this
situation, meniscal replacements are suggested and the
subject of numerous investigations.

6.1. Indications

Who is the ideal candidate for a meniscal replacement?
Patients who are young and have normal weight bearing
are ideal candidates for meniscal replacement. Experience
has shown that normally aligned preoperative knees fair
better in postoperative clinical evaluation compared with
malaligned knees (80) and result in a more successful
meniscal replacement. Symptomatic patients generally
experience pain and swelling, are unresponsive to con-
servative treatment, and have minimal degenerative
changes. The average age for meniscal transplantation is
33 years (77,81).

6.2. Goals

The overall goal of meniscal replacements is to restore
normal knee joint behavior to prevent the degradation of
the underlying articular cartilage and subchondral bone
following meniscal resection (82,83). Specific goals should
include restoring native joint congruency, lubrication, and
the original joint coefficient of friction (84). The meniscal
replacement should function to improve the patients pain
(82,83). By absorbing and dampening the joint forces, a
meniscal replacement should be capable of restoring the
mechanical properties of the knee joint (82,84) and restor-
ing normal meniscus kinematics. Generally speaking, the
replacement should improve joint behavior and not be
harmful (83).

7. GRAFTS

Various types of meniscal replacements have been ex-
plored to achieve the above-mentioned goals. Although a
large portion of the early experimental data focused on
meniscal allografts (85–95), various autografts were also
explored for their ability to meet the goals of meniscal
replacement (96–99). Clinically, meniscal allografts have
received the most attention (77,81,82,88,100–106). The
use of a permanent meniscal synthetic prosthesis was
explored in the 1990s (107–113) and has been revisited
again with newmaterials in 2003 (114,115). More recently,
synthetic polymers have been investigated for their ability
to be used as a biodegradable porous scaffold for tissue
engineering menisci (116–120). Similarly, biologically
based biodegradable porous scaffold have also been stu-
died for their ability to effectively replace damaged me-
niscal tissue (84,121–126). Each of these different types of
replacements will be presented and discussed.

7.1. Sources of Meniscal Replacement: Autografts

Meniscal autografts have primarily been constructed of
tendinous tissue. Although seeming to only provide partial
protection of the underlying articular cartilage, meniscal
autografts constructed from fatpad, quadriceps tendon,

and semitendinosus tendon have seen limited clinical use
(96). Johnson et al. showed that in five patients the
semitendinosus meniscal autografts did not convert into
a fibrocartilage, did not protect the underlying joint sur-
face, and showed no sign of clinical improvement (96).
Remodeling of a quadriceps tendon graft in vivo was
shown to occur after 12 months; however, biomechanically,
the failure stress and tensile modulus for the meniscus-
like tendon autograft was lower than for the normal
meniscus (98). More recently, both the autogeneous fatpad
and achilles tendon have been studied in a sheep model
(97,99). Although macroscopically these tissues seemed to
represent a meniscus-like structure, they were unable to
protect the underlying articular cartilage and degenera-
tive changes were seen within 6 months of the transplant
surgery. Additionally, it appears that in the case of the
fatpad, not only was the underlying cartilage degenera-
tive, but the fatpad showed signs of degeneration one year
after implantation (97). Autografts, although immune
from the risks of disease transmission, seem to lack in
the ability to replicate the properties of the native menis-
cus.

7.2. Sources of Meniscal Replacement: Allografts

Whereas meniscal autografts fail because of the inability
to restore the properties of the native meniscus, meniscal
allografts should, by nature, excel in this area. Meniscal
allografts have seen some success in animals experiments
(90), but clinically the data to support their success has
not been as convincing. The success of meniscal allografts
is dependent on the mode of preservation and steriliza-
tion, the sizing, as well as attachment of the replacement
to the surrounding host tissues.

Four main means of meniscal allograft preservation
exist: fresh, fresh-frozen, cyropreserved, and freeze-dried.
Fresh meniscal allografts have been used and are thought
to preserve as many viable cells as possible prior to
implantation. However, fresh grafts are the most likely
to transmit disease, have been shown to deteriorate when
sterilized, and invoke an immune response (87,88).
Gamma irradiation as a means to sterilize grafts has
been shown to reduce graft stiffness and change the
compressive viscoelastic behavior (95). Similarly, glutar-
aldehyde treatment has also been shown to reduce the
tensile modulus and failure strength of meniscal allografts
(93). An in vivo study in dogs has shown that although
fresh allografts were actually acellular 12 months post-
operatively, they were chondroprotective and resulted in
less degeneration of the underlying articular cartilage
compared with meniscectomy (91).

Compared with other methods, fresh meniscal allo-
grafts preserve a larger number of viable cells that can
be transplanted into the host knee. However, overwhelm-
ing evidence seems to suggest that meniscal allografts are
repopulated with cells from the host tissue following
transplantation and, thus, the question is raised as to
whether transplants need to have viable cells at the time
of implantation. If, in fact, the cells are replaced with host
cells, then perhaps no need for fresh meniscal allografts
exists. A clinical study in which 17 patients underwent
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postoperative biopsy, the source of cells in the allograft
was primarily from the synovium (102). Furthermore,
DNA profiling has shown that the DNA profile is any-
where from 100% to 95% identical to the host tissue 4
weeks following allograft transplantation (90,127), sug-
gesting that no reason exists to use a transplant with live
cells.

Biomechanically speaking, fresh frozen allografts have
not been proven to be successful. The tensile strength of
fresh frozen allografts demonstrated a decrease in tensile
strength 1 year after implantation in sheep (128). Studies
in dogs have shown that deep-freezing grafts kills all cells,
however, 6 months postop the grafts are repopulated with
cells from the synovium throughout most of the graft, but
not in the central core (129). Alhalki et al., in a fresh
frozen cadaver study, showed that allografts were not as
good as autografts in restoring contact mechanics (130).
As a result of these compounding factors of biomechanical
failure as well as shrinkage following implantation (131),
fresh frozen allografts provide only partial protection.

Although it has been shown that only about 10% of the
cells are viable after cryopreservation, one of the major
advantages of cryopreservation appears to be its negligible
effect on the material properties and microarchitecture of
the allograft. Jackson et al. in 1992 showed some success
with both fresh and cryopreserved meniscal allografts in
goats 6 months after transplantation (89). Although some
biochemical changes as well as changes in proteoglycan
and water content were evident, both fresh and cryopre-
served allografts showed signs of revascularization, and
were grossly viewed as good (89). One of the largest and
most complete investigations of cyropreservation focused
on the morphology and metabolic activity of cryopreserved
meniscal allografts (85). The cells of the cryopreserved
meniscus showed a decrease in metabolic activity with a
normal cell distribution, and the glycosaminoglycan con-
tent was the same between the host and the allograft (85).
Although no gross rejection was apperent and the cryo-
preserved graft appeared grossly normal, 6 months after
transplantation the underlying exposed tibial plateau
articular cartilage was fissured and degenerative (85).
Shrinkage of the allograft postoperatively is a problem
with most allograft preservation techniques, including
cryopreserved allografts (131,132).

Shrinkage is not just a problem with cryopreserved and
fresh frozen grafts, freeze-dried or lyophilized have also
been shown to shrink after implantation (92), with the
degree of shrinkage being more severe than cryopreserved
grafts (86). Furthermore, freeze-dried and deep-frozen
grafts also change in material properties with a decrease
in tensile strength 1 year postop (94,128,129).

For all the above allografts (freeze-dried, frozen, fresh,
and cryopreserved), the attachment of the graft to the
surrounding host tissue is critical to its success. Paletta et
al. showed that by not attaching the anterior and posterior
horns, the allograft is no more effective in restoring the
contact mechanics of the knee joint than the meniscecto-
mized knee (133). Others have confirmed that rigid fixa-
tion of the anterior and posterior horns, as well as proper
location of these attachments, is critical for the normal
function of the graft (134). The best means of rigid fixation

for allograft is through the use of bone blocks (135,136).
The use of sutures alone at the horn attachments does not
allow the allograft to restore normal contact mechanics
(135,136), however, sutures have effectively been used to
reinforce the attachment of the allograft along the per-
iphery (137). Many have previously discussed some of the
surgical techniques for meniscal allograft surgery, includ-
ing the three tunnel technique (138), the use of an inter-
ference screw for bone block fixation (139), and
implantation techniques (140–142). The allograft can be
attached to the plateau either by separate bone plugs
attached to each horn, or by using a keyhole technique in
which the graft contains a common bone bridge attached
to both the anterior and posterior horns (77,140,141). The
use of a bony attachment for meniscal allografts provides
for a stronger bone-to-bone bond at the horn attachments,
which is more reliable than soft tissue fixation with
sutures (135,136). Therefore, the transition from meniscal
substance into bone is best replicated when using menis-
cal allografts. Although the overall properties may vary
between individuals, the smooth and gradual transition is
present. Fixation of autografts, synthetic, and tissue en-
gineering constructs remains problematic and will be
discussed below.

Clinical results from meniscal allografts vary widely in
their success rates. Many compounding factors, such as
follow-up time, preservation method, and concomitant
surgeries, make it difficult to generalize or determine the
causes of failure (Table 2) (81,82,88,100–106,128,134,143–
148). Significant improvements are usually reported on
standardized knee scales (77), however, improvements are
accompanied by some degeneration of the underlying sur-
face. The clinical procedure for meniscal allograft replace-
ment has been previously presented. MRI and x-ray are
some of the tools used for preoperative evaluation
(80,82,149). Postoperative rehabilitation following repla-
cement (82,149) has been previously presented and re-
viewed. Continuous passive motion is recommended in the
first postoperative days (142). Patients are recommended
to wear knee braces for 4–6 weeks postoperatively to limit
flexion (142).

Although both allografts and autografts appear to heal
to the capsule (82,89,143), repopulate with host cells
(82,90), and revascularize (131) and allografts maintain
a viable collagen content (150), their properties remain
poor (82). Allografts have been shown to illicit a subclini-
cal immune response (86,150,151). Interestingly, in 1995,
Stone et al. conducted a study in dogs to determine if a
perfectly sized autogenous immunologically matched and
fresh graft would succeed as a meniscal replacement (152).
Stone showed that this graft changed shape, was only
moderately cellular, lead to matrix disruption, had a poor
host/implant interface, and a moderate vascular rim.
Therefore, it appears that perhaps the surgical technique
could be flawed because this perfectly sized, fresh graft
was not successful. Additionally, Canham, in 1986,
showed that an autogenous meniscal graft showed signs
of shrinkage 2 months after implantation in dogs (87). The
failure of the perfectly sized autogenous immunologically
matched and fresh graft make it seem implausible that an
allograft would ever be 100% successful, which is sup-
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ported by a rabbit study in which total meniscectomy,
allograft replacement and a 10 week delayed allograft
were compared (153). No differences existed between these
three groups, suggesting that the allograft, whether im-
planted immediately or delayed, was unsuccessful at
preventing cartilage degeneration. In vivo animal studies
generally agree that meniscal allograft surgery offers
some protection and is better than meniscectomy, but
does not completely prevent degeneration of the under-
lying cartilage (154,155).

Some of the factors that lead to decreased meniscal
substitute performance (81,82,85) include (1) poor fixation
of the anterior and posterior horn attachments, (2) limited
transplant contact with articulating surface of knee, (3)
abnormal horn positioning, and (4) the sizing of the
replacement.

Sizing of meniscal allografts is typically completed
using MRI or standard radiographs (156–158). Shaffer et
al. compared MRI and x-ray for sizing of allografts and
found little difference between the two and, overall, not
great reliability. Haut et al. suggests that MRI is a better
tool than roentgenography for predicting the 3-D meniscal
geometry. When imaging was performed using a 1.5 Tesla
scanner (Signa, General Electric Co., Milwaukee, WI)
with a dedicated knee coil, Haut et al. was only able to
predict 75% of the transverse meniscal measurements.
Using a spin-echo, proton-density weighted technique
with a repetition time (TR) of 2300 ms and an echo time
(TE) of 17-ms, 3-mm-thick slices with a 1mm gap were
acquired using two signal acquisitions, a 12 cm by 12 cm
field of view and a 256 by 224 matrix in an attempt to
predict cross-sectional parameters (157). With this MRI

protocol, Haut et al. was unsuccessful at predicting me-
niscal cross-sectional measurements (157), predicting less
than one-half of the cross-sectional measurements. As-
suming that a successful clinical outcome depends on how
well an allograft matches the size and shape of the original
meniscus, Haut et al. suggests that MRI rather than
roentgenography has the greatest potential to successfully
size meniscal allografts (157). Perhaps improvements in
MRI parameters can be used to increase the success of
predicting meniscal cross-sectional parameters, as recent
studies have shown that cross-sectional measurements
are important predictors of knee joint contact mechanics
(159). That said, most surgeons use x-ray for sizing, and
the ideal imaging modality has yet to be determined.

Although the location for horn attachments has been
shown to be well-defined in the medial meniscus attach-
ments (160), the surgical technique for placing the horn
attachments for meniscal allografts remains problematic.
Previous experimental work suggests that the horns must
be placed within 5mm of their original anatomic location
to restore normal contact mechanics of the knee (161).

7.3. Sources of Meniscal Replacement: Synthetic

One of the first permanent synthetic materials used to
replace the meniscus was a Teflon-net (112). A study in
dogs showed that 3 months following surgery, knees
implanted with a Teflon-net showed osteoarthritic
changes, with abnormal movement of the implant.
Although gross and histological evaluation of the graft
was completed, nothing was conducted to determine the
tensile strength of the fibers (112). A glutaraldehyde

Table 2. Clinical Results of Meniscal Allograft Replacement

Study
Preservation/Sterilization Size of

Study
Duration/Follow-

up Outcome

Garrett (100) 16 fresh 27 cryopreserved 2 year 35/43 showed clinical improvement, failure
associated with arthritic changes prior to
meniscal transplant

Veltri (106) 16 deep frozen or cryopreserved 46 months B50% healed
Goble (81) 47 cryopreserved 45 patients 2 years Clinical improvement in 95% of patients
van Arkel (104,105) Cyropreserved 23 patients 15

additional patients
3–5yrs 3/20 failed, results better if normal knee alignment,

revascularization, viable cells
Rodeo (102) 17 patients fresh-frozen, non-

irradiated
30 months cell from synovium populate allograft central

portion acellular
Patten (101) 3 patients Degeneration of grafts correlating to increased MRI

signal intensity
Garrett (88) Fresh allografts 6 patients All allografts classified as clinically good or

excellent
Ryu (103) 26 patients 1 yr. later Pain reduced, function improved 50% normal, 30%

shrunk, 20% torn again.
Verdonk (82) Lat. allograft 10 yr. follow-up HSS score (5 yrs/4 months) 79% increased than 175

points
Stollsteimer (144) Nonirradiated, cryopreserved

allografts 22 patients
40 months Clinical pain reduction, but shrinkage to 63% of

original size
Cameron (145) Deep frozen and gamma

irradiated, without bone blocks
31 months 86% good to excellent

Kuhn (134) Cryopreserved, irradiated 39 months Reduced pain
Milachowski (128) 16 freeze-dried 6 fresh-frozen 14 months 14% failed shrinkage in freeze-dried
Carter (143) 46 transplants cryopreserved 2yr 11% failure, patients state reduced pain.
Verdonk (146) 40 fresh DNa from both host and donor at followup
De Boer (147,148) 25 patients, cryopreserved Absence of cellular proliferation
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bioprosthesis implant in dogs showed poor attachment,
encasement in a pannus, postoperative effusion, and in-
creased stiffness 2 months after implantation (87).

It is not surprising that the use of biocompatible
synthetic materials for meniscal replacement is limited
because the material properties of the native meniscus are
complex and not easily replicated. The materials must be
able to replicate the transversely isotropic behavior and be
biocompatible. For over 15 years, researchers have been
trying to determine materials that meet the biocompat-
ibility and biomechanical requirements. Some of the ear-
liest studies by Sommerlath et al. in 1992 stated that no
artificial materials existed with similar properties to a
normal meniscus (109). Two of the most studied materials
of the 1990s were Dacron and Teflon. To improve the
properties, the Teflon was also coated with a polyurethane
(107,108,110,111). Polyurethane-coated Teflon was too in-
flexible to carry out in vivomeniscal motions, and resulted
in osteophyte formation and synovitis. However, the alter-
native, an uncoated Teflon felt, had good in vitro me-
chanics, but failed because of excessive wear and changes
in shape following implantation (107). Coating the Teflon
with periosteum was shown to help reduce long-term
wear, but the prosthesis failed because of deformation of
the horns. Three months after implantation, both Dacron
and Teflon prosthesis functioned worse than sham oper-
ated controls.

Stable fixation of the posterior horn was rare in rabbit
knees implanted with a Dacron prosthesis (111). In fact, in
dog knees that had a torn ACL, a Dacron meniscal
prosthesis offered no additional protection of the under-
lying articular cartilage over the meniscectomized knee
(111). Similar to clinical allograft studies, this result
suggests that a stable knee joint is required prior to
meniscal replacement. Coating of the Dacron prosthesis
did not improve the biomechanical behavior of the rabbit
knee joint beyond the meniscectomized knee, and 70% of
the knees with a coated Dacron prosthesis showed articu-
lar cartilage degeneration (110). Although both Dacron
and Teflon prosthesis result in good ingowth with no
visible signs of articular cartilage damage, mechanical
testing of the underlying cartilage showed cartilage soft-
ening suggesting little protection by the prosthesis (108).

Also in the 1990s, a polyester-carbon fiber prosthesis
was investigated (113). In a rabbit model, the polyester-
carbon fiber prosthesis incorporated well 3–6 months
following implantation, and although it helped joint sta-
bility, some fiber fragmentation was noted. According to
Messner et al. permanent meniscal prosthesis was not
feasible as of 1994 (107).

Most recently, in 2003, Kobayashi et al. have investi-
gated the ability of a poly-vinyl alcohol hydrogel (PVAH) to
replace the native lateral meniscus in the rabbit (114).
Although fixation was still a problem with this graft
material, the PVAH showed no wear or breakdown.
Some evidence of cartilage degeneration existed 6 months
after surgery. In contrast to the meniscectomized knee, in
which degeneration of the cartilage continued to increase
from 6 months to 1 year, the knee with the PVAH replace-
ment did not show further progression of OA between 6
months and 1 year.

Improper sizing of synthetic replacements, the inability
of the replacement to replicate the normal properties of
the native meniscal tissue, and the attachment to the
surrounding structures are a few of the reasons for
synthetic meniscal failures, causing osteophyte formation,
and synovitis (107,110). A synthetic implant must be sized
perfect from the beginning, leading to one of the major
disadvantages of permanent synthetic meniscal replace-
ment; they do not remodel. Biological scaffolds can remo-
del following implantation, and hence, in the twenty-first
century the focus has turned away from permanent
prosthesis to biodegradable meniscal replacements.

7.4. Sources of Meniscal Replacement: Tissue-Engineered

Currently, one of the most viable options for a successful
meniscal replacement is a biodegradable tissue-engi-
neered meniscal replacement. Biologically based and syn-
thetic polymer biodegradable scaffolds are being
investigated as possible tissue engineering meniscal re-
placements. ‘‘Tissue engineering is a new field born as a
result of a search for solutions to the limited alternatives
currently used to replace structure and function lost
because of failure or loss of tissue and organs throughout
the body’’ (162). These engineered replacements are typi-
cally cell-seeded biodegradable scaffolds. Designs that
vary the cell type, the scaffold material, and the growing
conditions have been developed and will be discussed.

Meniscal tissue is comprised of two relatively distinct
cell populations (163). The cells in the superficial zone
tend to be elliptical or fusiform in shape whereas those in
the deeper zones of the tissue are spherical and more
chondrocytic. Thus, the term fibrochondrocyte is com-
monly used to refer to the cells of the entire meniscus.
In the design of a cell-seeded meniscal scaffold, meniscal
fibrochondrocytes have been harvested from canine, ovine,
and bovine tissue. Other potential sources for cells include
mesenchymal stem cells or synovial fibroblasts (164,165).
Mesenchymal cells are pluripotent progenitor cells that
divide many times and whose progeny give rise to skeletal
tissue. Fibroblasts seeded on a scaffold are thought to help
in repair and regeneration of meniscal tissue (120). Ibarra
et al. used meniscal cells and states cell-seeding densities
from 1 � 105 to 4 � 105 per mm3 of scaffold matrix (162).

It is thought that the ideal matrix scaffold should
permit unrestricted cell proliferation, allow for nutrient
diffusion, provide access to cytokines, all while being
strong yet flexible and degradable (83,164). The scaffold
should be developed in an environment that promotes
cellular ingrowth through the entire scaffold. Thus, it has
been suggested that in vivo or in vitro bioreactor design
should include perfusion to get nutrients to the inner cells
(164). Arnoczky in 1999 raised a number of issues/ques-
tions that need to be addressed in the development of a
tissue-engineered meniscal replacement (83): (1) Does the
scaffold have to degrade? Although it must be strong for
early postoperative motion, must it also degrade to allow
synthesis of new matrix. (2) If so, what is the optimal
timing of degradation? (3) Are surface modifications, such
as growth factors, necessary? (4) What is the optimal
geometry? and (5) Does the scaffold need to be perfect
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prior to implantation, or will it remodel sufficiently to be
successful?

The first work on tissue-engineered meniscal replace-
ments started in 1988 when Arnoczky et al. proposed a
fibrin clot to enhance meniscal repair (166). The premise
of this approach was that ‘‘substances such as cytokines or
growth factors present in the clot would enhance healing’’
(166). The clot was a scaffold to (1) bridge the gap between
torn fragments, (2) allow blood vessels to bridge gap, and
(3) allow cells to repair the tear (162). Although the fibrin
clot was only used for meniscal repair and not complete
meniscal replacement, Stone et al. began the first work on
a complete resorbable meniscal replacement (84). The
collagen-based resorbable prosthesis is created from re-
constituting enzymatically purified collagen from bovine
achilles tendon (84,125,126). Stone et al. hypothesized
that the meniscal replica can be optimized if the resorp-
tion rate is controlled to critical level and pore size is
controlled to optimize the implant-host interface (84). He
goes further to state four key issues for the success of a
collagenous graft:

1. the graft must persist long enough to establish the
essential structural framework for reformation of
the vascular, matrix, and cellular elements of the
tissue;

2. the graft should not evoke a foreign-body or granu-
lation-tissue reaction that leads to the eventual
destruction of the newly cellularized graft;

3. the graft should provide the stability of the normal
meniscus; and

4. the graft should prevent or retard the progression of
OA.

One of the major advantages of the collagen-based graft
is, because of its biological make-up of reconstituted
collagen, that it invokes a minimal immune response
(84). The collagen scaffold requires leaving an intact rim
and horn attachments to which the prosthesis can be
sutured. Animals studies have shown that the collagen
scaffold remodels to reflect the same histological appear-
ance and biochemistry as the normal canine meniscus
within 13 months of implantation (125). Based on gross
appearance and canine mobility, the authors concluded
that the collagen scaffold supported ingrowth and regen-
eration (84,125). Within 12 months of implantation, the
chromatographic profile of the proteoglycans of implants
was identical to that of the normal meniscus (84). Clinical
results with the collagen scaffold are promising. In one
study, nine patients have been followed up to 3 years
postoperatively (126). These studies show that the cell
source for the regenerative response appears to be migrat-
ing fibroblasts from the synovium and joint capsule, and
the depth of cellular penetration is limited by the density
of the prosthetic (84). Cellular migration was enhanced
when fibronectin was added as an adherent factor. Three
months after implantation, resorption of the scaffold had
started and fibrous connective tissue filled the pores. At 6
months, the collagen scaffold was mostly gone.

One of the two issues that has not been clearly ad-
dressed with the collagen scaffold is mechanical testing of
the postoperative remodeled replacement material that
results following absorption of the collagen scaffold. It is
not known if the mechanical integrity of this material can
withstand the loading environment seen within the knee
joint. Additionally, the degradation rate of the scaffold is
B6 weeks, but it takes B20 weeks for fibrocartilage
formation (167). These issues need to be investigated
before further clinical trials.

One of the most recent tissue-engineered constructs is
the use of a porcine small intestine submucosa (SIS)
(121,122). In a canine model, the graft performed well,
and at 12 weeks the authors claimed good success (123). In
another study, the SIS graft could not be distinguished
from its surrounding tissue 6 weeks after implantation,
and was better than the ungrafted controls in tissue type,
organization, and architecture. Furthermore, the grafted
knee showed less articular cartilage damage than the
ungrafted controls (meniscectomized) (123). The long-
term results of using an SIS graft and the ability to restore
normal joint behavior has not yet been established. The
SIS can be used for meniscal repair as well (124).

Although biologically based scaffolds for tissue engi-
neering have been discussed, synthetic polymers are also
being explored as possible scaffolds for degradable tissue
engineering scaffolds. Both polylactic acid (PLA) scaffolds
or polyglycolic acid (PGA) scaffolds seeded with bovine
cells degrade by gradual hydrolysis (116–119), making
them candidate materials for meniscal biodegradable
synthetic menisci. PGA and PLA scaffolds in sheep have
shown the formation of a menisci-like structure at gross
examination (162). Similar histology and cells embedded
within the synthetic matrix, with collagen fibers, and
proteoglycans were found following implantation (162).
Following success in animal models (116,120,167), with
success being defined as slowed progression of degenera-
tion compared with meniscectomy, a biodegradable porous
polymer scaffold was investigated under in vitro condi-
tions using cadaver knees (168). The prosthesis mimicked
movement of native meniscus; however, the prosthesis
showed less excursion than the native tissue on the tibial
plateau. No increase in joint laxity with the prosthesis
occurred; however, the authors noted the need to improve
gliding characteristics. The anterior horn has more ante-
rior/posterior displacement than the posterior horn in
both the native tissue and with a prosthetic meniscus.
Biomechanical studies of porous polymer scaffolds deter-
mined the compressive modulus to be 150kPa (169), with
no tensile modulus given, which represents about 40% of
the compressive properties of normal meniscal tissue
(162).

The advantages of a synthetic scaffold tissue-engi-
neered menisci is that the material properties can be
modified (162). The shape can be controlled, as can the
rate of degradation. Polymer scaffolds give cells attach-
ment sites to grow/recreate native tissue (162). A poly-
meric scaffold can be coated with factors to promote
cellular attachment and differentiation (162). Polymer
scaffolds can potentially release growth factors and, as
Ibarra et al. states, ‘‘PDGF and HGF may be important
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growth factors to incorporate into a tissue engineering
construct to promote the growth, differentiation and re-
creation of the native form of a tissue-engineered menis-
cus’’ (162).

The incorporation of genetic engineering is a new and
promising field to improve the success rates of tissue-
engineered scaffolds. Growing blood vessels in a PGA
scaffold has been shown to be feasible by placing a cell-
seeded scaffold with adenovirus vector encoding the hepa-
tocyte growth factor gene (AdHGF) in a mouse pouch for 8
weeks (170). The idea of genetic engineering could also be
used with meniscal allografts, via the incorporation of
growth factors, to potentially improve their rate of success
(171).

Generally speaking, all tissue-engineered meniscal re-
placements help to protect cartilage compared with the
meniscectomized case, at least in the short-term; however,
they are not as good as the native tissue yet. Why? This
question is essentially the same for all types of replace-
ments, autografts, allografts, synthetic, and tissue-engi-
neered constructs. Potential problems of meniscal
replacements include (1) sizing, (2) material properties,
(3) contact congruency, (4) attachment, and (5) horn
placement.

Previous experimental and theoretical studies suggest
that the attachment of the replacements are important for
proper function (7,135,136). Attachment of autografts,
synthetic prosthesis, and tissue-engineered scaffolds re-
mains problematic (111,114). Sommerlath and Gillquist
studied the effects of a meniscal prosthesis on knee
biomechanics (110), showing an unstable posterior attach-
ment of the sutured Dacron meniscal prosthesis resulted
in little ingrowth (111). Previous finite element work
completed by Haut Donahue, et al. suggested that the
stiffness of meniscal attachments can affect the contact
mechanics of the joint (7). Changing the stiffness of horn
attachments changed the contact pressure behavior by as
much as 25% over the lateral and medial hemijoints. In a
review of biomechanical factors affecting tissue-engi-
neered menisci, Setton et al. states ‘‘the size, orientation,
and strength of the meniscal attachments determine the
magnitude and direction of the load transmitted to the
meniscal substance’’ (9).

Although it is evident that the meniscal attachments
are important for proper function of the meniscus, little or
no data has been reported on the properties of these
attachments. Meniscal attachments, like ligaments, resist
repetitive loading (172). Ligament replacement grafts
have been shown to elongate up to 3 years after implanta-
tion (173). Quantifying the time-dependent creep response
to cyclic loading is of paramount importance because the
knee is subjected to repeated loading and will, in all
probability, cause the meniscal attachments to elongate
over time. Furthermore, for replacement menisci, the
attachment may be placed under pretension upon implan-
tation, which can relax overtime. Hence, not only is the
creep behavior important, but equally important is the
stress relaxation behavior because both are likely to
contribute to the motion of the meniscal replacement
upon joint loading.

In a recent study by Maes et al., the time-dependent
properties of meniscal attachments were investigated
(61). The stress relaxation properties of load/stress at
the end of the test and the load/stress relaxation rate
demonstrated no significance statistical differences be-
tween the attachments. Unlike the stress relaxation prop-
erties, the creep properties demonstrated some significant
differences among the attachments. The normalized dis-
placement at the end of the test, normalized creep rate,
and strain creep rate for the lateral anterior attachment
were significantly different than those of the medial
posterior attachment (po0.05). The two anterior attach-
ments had significantly different strains at the end of the
test, as well as significantly different creep strain rates
(po0.05). The two attachments of the medial meniscus
revealed no significant differences between any of the
creep properties measured (p40.05). The time-dependent
properties obtained in this experiment provide insight
into the behavior of meniscal horn attachments under
various loading situations. The results indicate that a
suitable meniscal replacement may require different prop-
erties for the lateral and medial horns (61).

8. CONCLUSION

Most meniscal replacements investigated to date have
shown some success in protecting the underlying articular
cartilage from degeneration. The replacements protect the
cartilage more so than meniscectomy, but no replacement
has been shown to prevent the degradation of articular
cartilage. Further investigation is necessary to resolve
issues such as sizing and attachment of the replacement,
as well at the material properties of the replacement. With
the interdisciplinary work between biology and engineer-
ing, a future meniscal replacement will likely be the result
of a successful collaboration between many fields.
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1. NONINVASIVE OPTICAL MEASUREMENTS

Noninvasive (NI) optical monitoring techniques are de-
fined as methods that measure the concentration of anal-
ytes in blood or tissue without taking out a sample or
without inserting any instrumentation into the human
body. The ability to determine an analyte, or a disease
state, in a human subject without performing an invasive
procedure simplifies performing the test, reduces pain and
discomfort to the patient, and decreases exposure to po-
tential biohazards. Novel tissue optics methods have been
recently applied for cancer detection and therapy follow-
up (1,2).

These novel NI methods will open new vistas in med-
ical diagnostics and will offer simpler testing modalities
compared with current methods. The term ‘‘optical biopsy’’
has been used to describe these NI methods for optically
tracking distribution and concentration of important mol-
ecules in human tissue.

Water is the major component of human tissue. It has
near-infrared (NIR) absorption bands at 980, 1200, 1450,
1900, and 2400nm. Hemoglobin has strong absorption
bands at 400–600nm and weaker absorption between
800 and 1000nm. The skin pigment melanin has its ab-
sorption in the visible spectrum. The 600-nm to 1300-nm
region of the electromagnetic spectrum represents a win-
dow between the visible hemoglobin and melanin absorp-
tion and the strong infrared water absorption bands. This
window, where light absorption is low, allows light to pen-
etrate deep enough into the tissue to allow performing
optical measurements. The earliest examples of NI mon-
itoring techniques are arterial oxygen saturation by pulse
oximetry, which is widely used for monitoring postopera-
tive and critical care patients. More recently NI tissue ox-
ygenation measurements were achieved. They offer
potential advantages as diagnostic tools for measuring
brain oxygen content of the newborn during and after de-
livery and for monitoring stroke patients. NI determina-
tion of hemoglobin and hematocrit values will be useful for
the diagnosis of anemia in infants and mothers without
the pain associated with blood sampling.

Diagnosis and monitoring of diabetes may be the most
important potential advantage for NI optical diagnostics.
Diabetes mellitus is a chronic disorder of carbohydrate,
fat, and protein metabolism characterized by an absolute
or relative insulin deficiency. It afflicts 16 million Ameri-
cans and 50 million people worldwide (3). If uncontrolled,
diabetes can result in complications, including retinopa-
thy, nephropathy, and neuropathy. In its advanced stages,
diabetes can cause blindness, coma, and ultimately death
(4). A noninvasive glucose testing device will improve di-
abetes control through more frequent testing and adjust-
ment of medication. Research in the field of NI glucose

determination has been very active in the past decade (5),
but the level of quantitation that allows use in a diagnostic
procedure has not been achieved yet.

2. NIR OPTICAL PROPERTIES OF TISSUES

NI optical detection procedures involve irradiating tissue
or a vascular region of the body with electromagnetic ra-
diation and measuring the spectral information that re-
sults from at least one of three primary processes:
absorption, scattering, and emission. Signals are mea-
sured as a change in reflectance or transmittance of the
body part. The concentration of an analyte is determined
from the spectral information by comparing the measured
spectra with a calibration model.

Light propagation in tissues is expressed by a set of
spectroscopic parameters; the absorption coefficient ma,
the scattering coefficient ms, the anisotropy factor g (the
average cosine of the angle at which a photon is scattered),
and the reduced scattering coefficient m0s, where
m0s¼ ms½1� g� (6). The absorption coefficient ma equals the
absorbance per unit pathlength¼ 2:303 eCcm�1, where e is
the molar extinction coefficient and C is the molar con-
centration. ma is the inverse of the average distance trav-
eled by a scattered photon before it gets absorbed via
interaction with the oscillating dipole of a tissue chro-
mophore. The unit of ma is cm

� 1. The larger the absorption
coefficient, the shorter the distance traveled by the photon
in the medium and the higher the absorbance of tissue.
The scattering coefficient m0s is the inverse of the average
distance traveled by a scattered photon before it loses
memory of its initial propagation direction. The scattering
coefficient m0s� ¼ sr, where s is the scattering cross section
and r is the number density of the particles. It is equiv-
alent to the product of an extinction term due to scattering
and the concentration of scattering centers. It has the
same unit as ma, i.e., cm

� 1.
Attenuation of light intensity in tissue is expressed ac-

cording to the diffusion approximation of light transport
theory by the effective attenuation coefficient meff :

meff ¼ ð3ma½maþ m0s�Þ
1=2
¼ ð3ma½maþ msð1� gÞ�Þ1=2: ð1Þ

Attenuation of a narrow beam of light propagating in a
scattering medium is expressed as

I¼ I0 e
�meff : ð2Þ

The reciprocal of meff is the light penetration depth in tis-
sue d ðcm�1Þ, which is the distance that light travels in
tissue before its intensity is attenuated by 1/e of its initial
incident value. There are several methods for the deter-
mination of meff , ma, and m0s, which involve optical mea-
surements and use of theoretical light propagation models
to extract these parameters.

Methods for measurements of tissue optical properties
include transmission (6), diffuse reflectance (6,7), spatially
resolved diffuse reflectance R(r) (8), frequency domain re-
flectance (9), time-resolved transmission and reflectance
(10,11), and optical coherence tomography (OCT) (12,13).
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Laser Doppler flowmetry is used to characterize blood flow
in tissue. Raman and fluorescence measurements are used
to characterize certain molecular species in tissue (14).

3. EFFECT OF METABOLITES ON TISSUE OPTICAL
PROPERTIES

Tissue metabolites affect transmitted and reflected optical
signals by absorbing light at an electronic absorption band
or at wavelengths corresponding to the much weaker vib-
rational overtone and combination bands. Light attenua-
tion in a nonscattering medium is due to absorption and is
expressed by Beer’s law as I¼ I0e

�eCd, where d is the path
length in the medium. In a clear medium, the pathlength
d is equal to the dimension of the cuvette. The effect of
scattering on light attenuation in tissue is two fold. First it
allows measuring the absorption coefficient ma¼ 2:303eC,
through the reflected light intensity, which is not possible
for clear solutions. A second effect of tissue scattering is to
lengthen the pathlength of a photon in the medium. For
turbid media, the standard Beer’s law expression is re-
placed by Equation 2, where 1 is the effective pathlength
and the absorption coefficient is replaced by the effective
attenuation coefficient. Another way of expressing the ef-
fect of scattering on light attenuation in tissue is inclusion
of a pathlength lengthening factor or the use of the effec-
tive attenuation coefficient (6,12).

Hemoglobin, bilirubin, and melanin have strong elec-
tronic absorption bands in the visible and NIR spectral
range. It is possible to determine the concentration of
these tissue chromophores and to use the information for
clinical diagnostic purposes. Change in light reflections
due to blood perfusion to the skin is used for clinical as-
sessment of erythema and other dermatological disease.
Glucose has very weak NIR absorption features due to
combination and overtone of vibrational absorption bands.
Predicting glucose concentration from detecting NIR weak
absorption features was recently reviewed (7).

Change in a metabolite concentration affects m0s of a
tissue by affecting the refractive index of the tissue fluids,
which can be expressed in a function form as
m0s¼ f ðr;a;nscattering centers=nmediumÞ. r is the number density
of scattering cells in the observation volume, a is a radius
of cells, nscattering centers is their refractive index, and nmedium

is the refractive index of interstitial fluid (5). Change of
the nmedium is not specific for a particular analyte and is
affected by any change in total concentration of solutes in
blood and interstitial fluid. Compounds that have very low
ma, such as glucose, can be determined by monitoring their
effect on m0s, which is mediated through the change in the
refractive index mismatch nscattering centers=nmedium.
Changes in m0s can also be used to construct images of lo-
calized tissue structures with different scattering proper-
ties. When overlapped with a distribution of oxy- and
deoxy-Hb in the same tissue, the resultant image can
map both morphologic changes and metabolite distribu-
tions in tissue.

4. MEASUREMENTS OF TISSUE OPTICAL PROPERTIES

4.1. NIR Reflectance and Transmission Measurements

Water, the major component of biological tissues, has a
simple IR spectrum and a rich combination and overtone
spectrum that extends into the NIR. The intensity of wa-
ter NIR absorption bands is sensitive to the concentration
of solutes (5), decreasing upon increasing solute concen-
tration due to change in the molar ratio of water. This de-
crease in absorbance (increase in transmission) at water
absorption bands is referred to as water displacement.
Determination of skin water content is important for the
assessment of its hydration state and moisture content in
dermatological and cosmetics applications. Diffuse reflec-
tance is used for determination of bilirubin and in derma-
tological applications to determine the erythema index
(Minolta Chroma meter, Minolta Camera, Japan).

4.2. Spatially Resolved Diffuse Reflectance RðrÞ and NIR
Frequency-Domain Reflectance Measurements

A narrow beam light illuminates a restricted area on the
surface of a body part, and diffuse reflectance is measured
at several distances from the illumination point (6,9),
which is known as an R(r) measurement. The value of
meff is calculated from dependence of reflected light inten-
sity on the source-detector distances, and both ma and m0s
values for tissue can be deduced. Values of ma and m0s are
used to calculate the concentration of tissue analytes. Lo-
calized reflectance measurements devices are available for
determination of hemoglobin in tissue. Examples are
NIRO300 (Hamamatsu Corporation, Japan), Bi-
ospectrometer-NB (Hutchison Technology, Hutchison,
MN), and INVOS Cerebral Oximeter (Somanetics, Troy,
NY).

Frequency-domain reflectance measurements use an
optical system similar to that used for spatially resolved
diffuse reflectance R(r), except that the light source and
the detector are modulated at a high frequency. A set of
photon density waves propagates through the medium.
The difference in phase angle and modulation between in-
jected and reflected photon density wave is used to calcu-
late m0s and ma of the tissue (9). A commercial frequency-
domain device (ISS Corporation, Urbana-Champaign, IL)
was used for tissue oximetry measurements. The optical
parameters of tissue, meff , ma, and m0s depend on tempera-
ture (15), an effect that was used to differentiate between
diabetics and nondiabetics, i.e., potentially screening for
diabetes.

4.3. Time-of-Flight Measurements

A narrow beam of picosecond light pulses illuminates a
restricted area on the surface of a body part, and diffuse
reflectance is measured at several distances from the il-
lumination point. The signal time profile at each distance
is determined. ma is calculated from the distance depen-
dence, and m0s is determined from the spread of the time
profile of the signal (10,11). Instruments for time-of-flight
(time-domain) measurements are more expensive than
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the frequency-domain devices that use modulated laser
and laser diodes.

4.4. Raman Scattering

A narrow beam light illuminates a restricted area on the
surface of a body part, and the elastically scattered pho-
tons are detected. The signal is expressed as a shift in the
frequency (energy) of the excitation beam and corresponds
to vibrational frequencies of molecules interacting with
the excitation photons. Long-wavelength solid-state lasers
have allowed shifting the excitation wavelength to the
NIR, thus reducing the fluorescence background from bi-
ological samples (14). These advances in hardware and
data analysis methods allow measurement of concentra-
tion of weak Raman-active molecules with limits of detec-
tion comparable with other spectroscopic techniques (5).

4.5. Optical Coherence Tomography (OCT)

OCT is a tissue imaging technique that allows depth res-
olution o10 mm (12). It allows determination of refractive
index and scattering coefficient values in layered skin
structures in skin, e.g., stratum corneum, epidermis, and
dermis. An OCT apparatus consists of a low coherence
light source such as a super-luminescent diode and an in-
terferometer, which determines the depth of the backscat-
tering feature by measuring the delay correlation between
backscattered light in the sample and the reflected light in
the interferometer arm (12,13). OCT has been used in oc-
ular diagnostics and soft tissue imaging.

4.6. Photoacoustic (PA) Spectroscopy

A photoacoustic measurement is an alternative detection
technology for NIR light interaction with tissues. PA is
used to detect weak absorbance in liquids and gases (16).
Nanosecond or picosecond laser light pulses excite the tis-
sue. Subsequent optical absorption causes microscopic lo-
calized heating. The magnitude of the pulsed PA signal is
related to the properties of the medium by

PA¼ kðbvn=CpÞE0 ma: ð3Þ

The generated PA signal depends on ma, the optical ab-
sorption coefficient, b the thermal expansion coefficient, v
the sound velocity, and Cp the specific heat of the solution,
and K is a proportionality constant that is related to the
bulk modulus of the medium. The Cp of a solution de-
creases, and the acoustic velocity increases with increas-
ing glucose concentration.

PA is emerging as a novel blood vessel imaging modal-
ity that will be useful for the study of diabetes vascular
complications. PA was applied as a tissue tomography
technique for the detection of blood concentrations and
possibly angiogenesis around tumors. Blood vessels were
imaged in highly scattering samples using 532-nm light,
to depths of B1 cm (17). The PA of different oxygenated
forms of hemoglobin was reported (18).

5. NI DETERMINATION OF METABOLITES FOR
DIAGNOSIS OF SPECIFIC DISEASES

5.1. Bilirubin Determination

Bilirubin is a bile pigment that is produced in the process
of hemoglobin breakdown, which often takes place in the
spleen. The inability of the liver to dispose of bilirubin
through conjugation to albumin and its secretion leads to
bilirubinumia. As the concentration of bilirubin increases,
it deposits in the subcutaneous layers and leads to the
appearance of yellow color in the skin, mucous membrane
of the mouth, the white of the eye, and other body fluid.
Appearance of this yellow color is known as jaundice.
When deposited in the brain, bilirubin can cause hearing
loss, damage to the central nervous system, and death.

Hyperbilirubinemia is a major life-threatening condi-
tion for neonates. Determination of bilirubin and the ex-
tent of its decomposition by photo-bleaching is a commonly
used procedure in the care of newborns and neonates. The
standard blood test employs a heal stick for blood sam-
pling, which is painful for the newborn. Attempts at non-
invasive determination of bilirubin started in the 1970s,
using reflectance measurement devices. Some of these de-
vices were susceptible to the natural color of the skin (19).
A method for bilirubin determination that uses localized
reflectance and multi-wavelength was developed that is
independent of skin color (20). SpectRx Corporation (Nor-
cross, GA) commercialized a device based on this method
by the Hand-held BiliCheck spectrograph.

5.2. Hemoglobin and Hematocrit

Hemoglobin concentration and the hematocrit value give
an indication of the body’s anemic state and body’s hemo-
dynamics. NI determination of blood Hb concentration
and hematocrit (Hct) values can be useful in blood dona-
tion centers, intensive care units, and surgical operation
rooms. Hb is the oxygen transport protein. It is found in
two forms: the oxidized form oxy-hemoglobin HbO2 and
the reduced form deoxy-hemoglobin (RHb). Arterial blood
contains E98% HbO2 and has a bright red color. Venous
blood has a higher concentration of RHb and has a bluish
color. The two hemoglobin molecular species correspond to
different oxidation states and have different absorption
spectra between 600nm and 1000nm.

There is an isosbestic point at 805nm where the molar
extinction coefficients of the oxy- and deoxy-hemoglobin
are the same. Other hemoglobin derivatives include car-
boxy-hemoglobin HbCO, which is found in the blood of
smoke inhalation victims and long-term smokers. Himigl-
obin is a hemoglobin variant is found in the blood of liver
disease patients, and methemoglobin is another variant
found in the blood of patients undergoing shock. For most
healthy human subjects, the total hemoglobin concentra-
tion is the sum of the concentrations of HbO2 and RHb.
The absorption spectrum of hemoglobin depends on the
pH of the medium; thus, the spectral distribution of blood
absorption bands can be used to determine the pH values
of human tissue.

The concentration of Hb and the ratio of oxygenated
hemoglobin to total hemoglobin in blood are important
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parameters for indicating the anemic state and oxygen
utilization condition of a patient. The concentration of Hb
is expressed in grams/deciliter. The Hct value is the vol-
ume percentage of red cells in whole blood. Although mea-
surement of Hb provides an indication of the oxygen
transport status of the patient, measurement of the Hct
value provides an indication of the total volume of blood,
both red blood cells for transport of oxygen and plasma for
transport of nutrients. The measurement of Hct becomes
important when a change in body hemodynamics is ex-
pected, such as during long surgeries. NI determination of
Hct values can yield important diagnostic information on
patients with kidney failure before and during dialysis
(21,22). NI determination of the spatial distribution Hb in
tissue was used for localizing tumors and diagnosis of
hematomas and internal bleeding (23). Other applications
of Hct determination include assessing the extent of hem-
orrhage in accident victims, following cancer chemother-
apy and kidney dialysis patients to determine the need for,
and efficacy of, red blood cell promoting drugs. Monitoring
Hct changes during renal dialysis helps to alleviate in-
complete dialysis or excessive dialysis; the latter leads to
hypotension. Hb and Hct values are interrelated; there is
a conversion factor of E3 between the between the two
under normal physiological conditions.

Hb concentration in women is in the range 12–16 g/dL,
and its range in men is 14–18 g/dL. The normal value of
Hct varies in the range 36% to 46% for women and 39% to
54% for men.

The standard invasive method for measuring the Hct
value involves centrifuging a blood sample in a capillary
tube to separate red blood cells (RBCs) from plasma. The
length of the column in the capillary tube containing
RBCs and the total length of the column in the capillary
tube containing both the RBCs and the plasma are mea-
sured. The ratio of these lengths is the Hct value. Another
method involves the use of a flow cytometer; a volume of
blood is injected in a fluid stream, and the number of RBCs
and their mean volume is determined. The total volume of
RBCs is calculated, and the Hct value is determined from
the sample volume and the calculated total RBC volume.
The concentration of Hb is determined in vitro by hem-
olyzing the blood sample. The released Hb molecules are
then determined by a photometric method.

There are two approaches to the NI measurement of Hb
and Hct. One is dependent on tracking optical signal
changes during a cardiac pulse (pulsating ac signal), and
the other is independent of the cardiac pulse (nonpulsat-
ing dc signal). A method based on measuring the pulsating
signal is appropriate for most cases; however, the non-
pulse dc method is preferred in cases of low pulse rate or
low perfusion, which can be encountered with cardiac sur-
gery patients, elderly patients, and trauma victims. An
instrument based on a pulse measurement is commercial-
ized by Hema Metrics (Kaysville, UT) as a tool for mea-
suring Hct of blood donors.

One example of a dc method is that described for mon-
itoring change in Hct during cardiac pulmonary bypass
(CPB) surgeries (24). The method involves illuminating
the skin and collecting reflected optical using a fiber optic
probe and a spectrometer. It employs partial least-squares

fitting (PLS) to a large number of wavelengths in the 581-
nm to 1000-nm region of the NIR spectrum. CPB patients
experience a large change in hematocrit during surgery
because dilution of blood in the heart–lung machine. For
10 patients studied, the mean change in hematocrit was
8.574.56 hematocrit units. Hematocrit changed over the
range 14.3% to 44.2%, temperature changed over the
range 25.2 1C to 38.9 1C, and venous saturation of the 10
patients varied over the range 58% to 90%. It was possible
to establish a calibration model and a cross-validation
prediction model for each patient, with r > 0:9 and a stan-
dard error of cross-validation prediction (CV-SEP) of one
Hct unit. Establishing a model to predict the Hct values
for a number of patients was less successful because of the
observed systematic bias among different patients. The
method is useful in monitoring Hct change, especially to
check the possibility for slow, persistent internal bleeding
during surgeries and postoperative recovery.

Another dc-based method uses NIR optical measure-
ments and temperature control of the human forearm skin
(23). The wavelength range was 580nm to 1000nm, and
temperature was controlled among 22 1C, 34 1C, and 38 1C.
Calibration relationships were established between skin
reflectance signal and reference blood Hb concentration
and Hct. Prediction results were expressed as the predic-
tion correlation coefficient (rp) and the CV-SEP. The values
of rp for Hb determination for a group of 28 volunteers
ranged from 0.8 to 0.9, and the CV-SEP ranged from 0.8 to
0.9 g/dL, depending on the temperature used and method
of calculation. The values of rp for Hct determination
ranged from 0.7 to 0.9 and CV-SEP ranged from 3.33%
to 2.1%. The method was used to screen prospective blood
donors with a low Hb concentration. It was possible to
predict anemic subjects in the limited prospective blood
donor population (25).

5.3. Tissue pH

Tissue pH is an indicator of cell metabolic state and is
used as a measure of organ perfusion. When blood flow to
an organ is restricted, as caused by ischemia, tissue oxy-
gen levels are depleted within a few minutes of the onset
of ischemia. Tissue pH continues to decline over a longer
time, giving a wider time window to observe the metabolic
state of the organ.

Continuous monitoring of tissue pH provides an as-
sessment of the level of anaerobic metabolism and, ulti-
mately, an assessment of tissue viability. One application
is to monitor possible cardiac ischemia during coronary
artery bypass grafting procedures. The optical measure-
ment was performed by touching the heart muscle with an
optical probe during the surgery. Although the surgery is
invasive, the measurement probe did not protrude the
heart muscle, which is in contrast to an electrochemical
measurement that involves insertion of electrodes into the
muscle. NIR-measured muscle pH and pO2 are sensitive to
changes in tissue perfusion during cardiopulmonary by-
pass (26) and was monitored using a NIR spectroscopic
fiber optic probe similar to that used for the determination
of Hct. Data were collected every 30 seconds during sur-
gery and for 6 hours after CPB surgery. Calibration equa-
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tions developed from one third of the data were used with
the remaining data to investigate sensitivity of the NIR
spectroscopic measurement to physiologic changes result-
ing from CPB surgery. NIR-determined tissue pO2 and pH
decreased significantly during surgery and during re-
warming. They remained depressed for 6 hours after
CPB operation. Diabetic patients responded different
from nondiabetic subjects during CPB surgery, they had
lower muscle pH values (26).

5.4. Arterial Blood Oxygen Saturation

Measurement of blood gases, namely O2 and CO2, is fun-
damental to critical care medicine. Blood gases were mea-
sured by sampling arterial blood through an indwelling
arterial catheter or an arterial puncture and performing
an immediate ‘‘Stat’’ analysis on the sample using a blood
gas analyzer. The steps of sampling and the time delay
among sampling, performing the measurement, and re-
porting the result are greatly reduced by using a contin-
uous NI blood oxygenation monitoring method. The
optical signal from tissue has a constant (dc) component
and a time variable (ac) component. The time-independent
components are due to absorption by tissue, absorption by
venous blood, and absorption by the nonpulsating portion
of arterial blood. The variable ac component is due to the
variable periodic added volume of arterial blood resulting
from the cardiac pulse (27), assuming that there is no
scattering change during the cardiac pulse. Change in op-
tical signal is only due to a difference in light absorption
during the pulse.

Photoplethysmography tracks the absorbance at the
peak of the cardiac pulse ðAÞp, the absorbance at the valley
of the cardiac pulse ðAÞv, and the difference in the average
absorbance change per arterial pulse ðAÞCP. The concen-
tration of [HbO2] and [RHb] and the arterial O2 saturation
are calculated according to the following equations ex-
pressing the change in absorbance DðAÞCP during a cardiac
pulse as

D ðAÞCP¼ ðAÞp � ðAÞv¼ � logðIp=I0Þpþ logðIv=I0Þv

¼ � logðIp=IvÞ;
ð4Þ

DðAÞl1¼a½HbO2� þ b½RHb�; ð5Þ

DðAÞl2¼ c½HbO2� þd½RHb�: ð6Þ

The coefficients a, b, c, and d are the values of the extinc-
tion coefficients of the two Hb species at these wave-
lengths. Ip represents the peak intensity per wave, and
Iv represents the intensity at the valley of a cardiac pulse
wave. [HbO2] is the concentration of HbO2, and [RHb] is
the concentration of RHb. Two wavelengths are generally
used, one ðl1Þ in the red approximately at 660nm, where
RHb has more absorption than HbO2. The second wave-
length ðl2Þ is in the NIR between 815nm and 940nm,
where HbO2 has slightly more absorption than RHb. Solv-
ing Equations 5 and 6 for [HbO2] and [RHb], the arterial

O2 saturation is expressed as

O2 Saturation¼100ð½HbO2�Þ=ð½HbO2� þ ½RHb�Þ: ð7Þ

The value of arterial O2-saturation for healthy subjects is
in the range of 94% to 98%. It drops to 90% and below in
case of hypoxia.

5.5. Tissue Oxygen Saturation

Another type is tissue oxygen measurements, which uses
localized reflectance measurements, and frequency-do-
main measurements to measure the concentration or the
spatial distribution of HbO2 and RHb in tissue (28,29). It
is independent of the cardiac pulse and thus leads to the
determination of oxygen saturation in veins and tissue.

Measurement of tissue oxygen saturation can be
achieved by determining ma at two wavelengths: one of
these wavelengths has a high extinction coefficient for
RHb, and the other has a high extinction coefficient for
HbO2. A frequency-domain instrument (ISS, Urbana-
Champaign, IL) was used to determine ma at 750 and
845nm. Equations 8 and 9 represent the values of the ab-
sorption coefficients at these two wavelengths. The two
equations are similar to Equations 5 and 6, except in that
the change in absorbance, DðAÞl1 and DðAÞl2, during the
arterial pulse is replaced by ðmaÞl1 and ðmaÞl2, for this non-
pulse measurement. Use of ma takes into consideration
that Hb concentration was calculated using light propa-
gation models that take into consideration the effect of
light scattering. Solving the two simultaneous Equations
8 and 9 yields the concentration of the two hemoglobin
species.

ðmaÞl1¼ e½HbO2� þ f ½RHb�; ð8Þ

ðmaÞl2¼ g½HbO2� þh½RHb�: ð9Þ

The coefficients e, f, g, and h are the values of the extinc-
tion coefficients of the two hemoglobin species at these two
wavelengths. Use of these equations allows determination
of tissue oxygen saturation. The values of tissue oxygen
saturations are lower than arterial oxygen saturation
reaching E70%. Tissue oxygen saturation drops to
E60% in case of severe oxygen consumption such as tread-
mill exercise, and to E50% upon arterial occlusion (full
ischemia). In both cases, the result is due to a decrease in
the concentration of HbO2 and an increase in concentra-
tion of RHb.

It is possible to use multiple sources and detector con-
figuration and to construct images of the distribution of
oxygenated hemoglobin species, and hence the metabolic
conditions, in living tissue under different physiological
stimuli and in different disease states. The distribution of
HbO2 in brain was shown to vary upon application of
mental stimuli and during cognitive processes. Distribu-
tion of RHb and HbO2 in breast tissue was used to con-
struct images locating breast cancer lesions. The method
was used to study O2 consumption in muscles and in ad-
ipose tissue. Several groups are working on ‘‘optical tomo-
graphy’’ and optical biopsy techniques to generate images
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of organs showing different levels of metabolism. These
types of images could only be determined by using posi-
tron emission tomography (PET), which involves intrave-
nous injection with a radioactive glucose derivative. The
use of functional magnetic resonance imaging shows vas-
cular images and extent of blood flow but not the blood
oxygenation state.

Imaging of tissue oxygen saturation and the change in
tissue oxygen saturation upon occlusion or exercise was
effective in diagnosing peripheral vascular disease (PVD),
and it differentiated subjects who are at risk of having
PVD from healthy subjects. The standard diagnostic pro-
cedure currently of measuring difference in blood flow was
not capable of differentiating between these two groups
(29).

5.6. Optical Methods for Noninvasive Determination of
Glucose

Glucose is the energy generating metabolite that is formed
by carbohydrates’ digestion and is either metabolized to
produce energy or stored as glycogen. The hormone insu-
lin controls its metabolism. The normal range for fasting
glucose concentrations are 90 to 120mg/dL. Two endocrine
disorders are associated with glucose metabolism; both
are named diabetes mellitus and result from the body’s
inability to generate or control insulin secretion. The first
is type 1 diabetes, which results from the lack of insulin
due to pancreatic defect. It is also known as juvenile di-
abetes or insulin-dependent diabetes. The second is type 2,
which results from the body’s inability to efficiently se-
crete or use insulin. It is also known as adult-onset dia-
betes or non-insulin-dependent diabetes. Two types of
episodes are associated with diabetes: hyperglycemia
and hypoglycemia. Hyperglycemia results from lack, or
inefficient utilization of insulin, and is characterized by
high glucose concentrations that are higher than 180mg/
dL and can be as high as 600mg/dL. Hyperglycemia is
associated with thirst, frequent urination, skin rashes,
and dizziness. Frequent hyperglycemia leads to diabetes
complications (4). Hypoglycemia occurs at glucose concen-
trations below 70mg/dL, and it is associated with dizzi-
ness, sweating, and fainting. Tight control of diabetes by
frequent glucose testing and adjusting medication is crit-
ical to avoid diabetes complications. Frequent or continu-
ous glucose monitoring is important for diabetics using
insulin pumps. Feedback from a continuous monitoring
device to an insulin pump to form a closed-loop system will
have the functionality of an artificial pancreas.

Attempts for the NI determination of glucose have not
led to any products yet, in contrast to the case of bilirubin
and Hb or its different oxygenated forms. Bilirubin and Hb
have electronic absorption bands in the visible and NIR
spectral ranges. Glucose, on the other hand, has very
weak absorption in the NIR, which is due to a combina-
tion and overtone of vibrational absorption bands. Glucose
NIR ma is much smaller than that of water, although it is
higher at longer wavelengths. Attenuation of light at
wavelengths below 1400nm in a small body part such as
an average size finger varies in the range of 3–4 absorb-
ance units. The expected change in absorbance due to a 5-

mM (90-mg/dL) change in glucose concentration is 10�5

absorbance units (5). Changes in glucose concentration
can influence measured ma of tissue through change in
absorption corresponding to water displacement by glu-
cose molecules (ma decreases as glucose increases), or
change in its intrinsic absorption (ma increases as glucose
concentration increases).

Methods for NI glucose measurements are classified
into methods that depend on measuring intrinsic glucose
molecular property, such as the NIR or mid-IR absorption,
Raman bands intensity, PA measurements, and optical
rotation (5). The second category includes methods that
depend on measuring the effect of glucose on m0s of tissue.
These include NIR frequency-domain reflectance, spa-
tially resolved reflectance R(r), and OCT measurements.

NIR reflectance and transmittance measurements
were attempted on the forearm (30), the inner lip (31),
and the tongue (32). Wavelength ranges covered 700 to
2200nm. The data are summarized in Table 1.

In another approach, nanosecond NIR laser pulses in
the range 1000–1800nm were used for NI determination
of glucose by PA spectroscopy. Laser wavelengths were
selected at absorption wavelengths of glucose molecules
(33). Optical absorption caused microscopic localized heat-
ing and generated a compression wave that in turn was
converted to sound (PA effect) as described by Equation 3.
In a limited human study, the PA signal tracked the
change in glucose concentration during a meal tolerance
test (33). The PA signal depended on ma of glucose.

Spatially resolved diffuse reflectance R(r) measure-
ments were applied in several human studies on diabetic
patients under a glucose load (OGTT). The Dm0s values did
not correlate with glucose concentration all of the time. In
the case of nondiabetic volunteers, 80% of measurements
showed Dm0s tracking changes in blood glucose concentra-
tion. For the diabetic volunteers, 73% of the localized re-
flectance measurements resulted in calibration models for
m0s versus blood glucose concentration. Glucose-indepen-
dent drift in m0s prevented statistical analysis (34).

Frequency-domain determined m0s values decreased
with increasing glucose concentration, and Dm0s tracked
the change in glucose concentration for a healthy volun-
teer having a glucose load (35). It was estimated that dur-
ing a hyperglycemic episode, glucose concentration
changes rapidly, whereas other analyte concentrations
presumably change at a slower rate (5). An OCT system
with a light source of 1300nm was used for the NI deter-

Table 1. NIR Glucose Bands and NI Transmittance and
Reflectance Studies

Wavelength
(nm)

Possible
Assignment (5) Location and Reference

939 3 n O-H stretch Oral mucosa (31)
1126 3 n C-H stretch
1408 2 n O-H Arm (30)
1538 n O-Hþ n C-H
1688 2 n C-H Arm (30), tongue (32)
2261 n C-Hþ n C-C-H, O-

C-H
Arm (30), tongue (32)

2326 n C-H, n C-H, OCH In vitro studies
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mination of glucose in 15 healthy volunteers in 18 OGTT
clinical experiments. OCT images were taken every 10–
20 seconds from the forearm over a total period of 3 hours.
Venous blood was simultaneously sampled from the right
arm vein every 5 or 15min. The slope of the OCT signals
versus depth was calculated. The probing into the tissue
covered depths between 200 and 600 mm below the skin
surface. The slope of OCT signals correlated with blood
glucose concentrations throughout the duration of the ex-
periments, changing up to 2.8% per 0.6 per mmol/L of
plasma glucose values (36). The OCT signal is related to
m0s, and thus, it tracked the changes in glucose concentra-
tion in a reverse direction. Methods that depend on re-
fractive index measurements are nonspecific and are more
suitable for measuring change in glucose concentration
over a finite time period. This argument also applies to
spatially resolved diffuse reflectance R(r) and OCT mea-
surements.

Instead of relying on the optical properties of tissue
(mainly ma and m0s), an alternative approach used the tem-
perature response of optical properties of tissue (10,37,38).
Both the scattering and the absorption coefficients were
found to depend on temperature. The thermo-optical re-
sponse of human skin was found to correlate with the di-
abetic state of a person (37), and calibration models were
established in meal tolerance test studies. There was day-
to-day bias in the calibration plots. It was possible to pre-
dict glucose concentration from day-to-day calibration us-
ing a mean-adjusted error measurement to account for
this bias (38). NI determination of glucose in human body
has not been achieved to a level of quantitation that allows
its use in clinical diagnostics.
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1. INTRODUCTION TO MICROARRAY TECHNOLOGY

Microarray analysis is an emerging field, simultaneously
harnessing advances in semiconductor manufacturing,
biochemistry, medicine, computation, and algorithms re-
search. Microarrays now provide a platform for an un-
precedented genome-wide view of a biological sample.
Microarray analysis makes use of the vast amounts of
data that the microarray platform provides. It is through
the intelligent combination of mathematical algorithms
and clinical validation that microarray analysis provides a
real opportunity to realize the goal of targeted personal-
ized medicine. One day, the information from a single mi-
croarray might be able to tell a doctor if a patient has
cancer, what type of cancer it is, what the prognosis is, and
what drug to use to best fight the cancer. The foundation of
this story is being built in laboratories across the world
today and it starts with sound microarray analysis.

A DNA microarray is, generally speaking, a matrix of
short oligonucleotide probes attached to a hard surface for
the purpose of selectively hybridizing with DNA in a so-
lution. The design, selection, length, construction, and at-
tachment of these probes vary depending on experimental
design, and can be very diverse depending on the appli-
cation. Affymetrix, for example, uses photolithography to
attach sets of different small probes in different locations
that code for single targets. Other researchers prefer to
use longer cDNA probes spotted to a slide using technol-
ogy similar to inkjet printing. Evolving from southern
blotting, DNA microarrays are able to achieve much
higher densities of information gained per sample used
than other techniques such as blotting or PCR. Microar-
rays achieve this density through the creative application
of semiconductor manufacturing techniques, pioneered by
companies such as Affymetrix in the early 1990s. Some of
the first microarrays used for genotyping, such as those
constructed in 1995 by Schena et al., were printed on glass
slides with custom-built high-speed arraying machines
(1). Microarrays today are manufactured by many differ-
ent companies, and can be constructed on glass, plastic,
and silicon microchips.

In addition to the DNAmicroarray, protein microarrays
have also been constructed in recent years using similar
technology. Protein arrays consist of specific agents spot-
ted to a surface that attempt to selectively hybridize with
proteins in an unknown solution. Protein microarrays can
be spotted with monoclonal antibodies to determine the
concentration of protein in a sample, or functional pro-
teins can be spotted to the array to determine protein-
protein interactions. Whereas protein microarrays differ
from DNA microarrays in what they target, they serve
similar and parallel roles in the type information they
provide. For the purposes of this document, the authors

will discuss microarray analysis in the context of DNA
microarray analysis, but the same concepts and strategies
will apply reasonably well to any quantitative microarray
platform with only slight modification.

The basic procedure for using a DNA microarray is as
follows. First, RNA is extracted from a biological sample.
Next, the RNA is used as a template to create fluorescent-
ly-labeled, complimentary cDNA, which is much more sta-
ble than RNA. The cDNA solution is then washed over the
microarray and allowed to hybridize with the probes on
the array. The complimentary base pairing of DNA is such
that only cDNA that is a specific match for the probes on
the array can attach properly. Unattached cDNA is then
rinsed from the microarray, leaving only cDNA that is
complimentary to the probes on the microarray. A laser is
then used to read the fluorescence levels at every spot on
the array. These fluorescence levels are then collated with
the probes they represent, and the data is saved for fur-
ther analysis. This method can also be adapted to form a
comparative study by using two samples simultaneously
tagged with two different colored fluorescent markers.
These samples can then be assayed on the same chip
and viewed with a dual-channel scanner. Relative fluores-
cence values between colors are then recorded instead of
absolute fluorescence for a single-channel experiment.

The main advantage of the microarray is that it offers
high-throughput genome-wide analysis by simultaneously
measuring the expression levels of tens of thousands of
different transcripts. Microarrays are capable of generat-
ing vast amounts of data, eclipsing the previous paradigm
of single-target experimentation. Before microarrays, the
prospect of a scientist beginning even a few hundred ‘‘shot
in the dark’’ experiments would have been ludicrous, but
now with microarrays, this experiment can be performed
relatively easily, yielding results in a matter of days or
even hours.

A major drawback of microarray technology is that it is
less accurate and less reproducible than other RNA quan-
tification procedures such as PCR. Another shortcoming of
microarrays is that they offer primarily a tissue-wide view,
meaning that single-cells cannot be viewed without sig-
nificant RNA amplification that can alter relative expres-
sion levels of transcripts within the cell. Further
complicating matters, standardization of RNA extraction
is not perfect, and microarrays prepared in different lab-
oratories often carry bias that clouds results. In addition
to variation in procedure, wide variation in the microar-
rays themselves also exists. Multiple platforms exist to
choose from, with multiple companies offering different
designs and libraries of transcripts. Some companies offer
customized microarrays with user-specified transcripts,
yet many researchers choose to print their own arrays.
This variation in chip makeup makes it very difficult to
compare results with other laboratories. To help combat
standardization issues, a standard for minimum informa-
tion about a microarray experiment (MIAME) was pro-
posed in 1999, and is still being improved today. More
information on MAIME, and the current MAIME stan-
dard checklist, can be found at http://www.mged.org/
Workgroups/MIAME/miame.html (2). Manufacturing in-
consistencies such as those that develop from the tips used

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



to print the microarrays, or inconsistencies in the washing
and drying procedures, also contribute to noise that can
seriously hamper results. To correct for chip noise, a va-
riety of statistical and quality control methods have been
proposed and are discussed later.

Microarray analysis is a multistep process that con-
verts raw microarray data into biomarkers for clinical use.
A schematic is shown in Fig. 1. First, noise must be re-
moved from raw data using preprocessing methods, such
as normalization and artifact removal. Clean data can
then be used to select important features or to build pre-
dictive rules called classifiers. The results of feature se-
lection and classification are lists of biomarkers that are
appropriate for classifying the data into groups such as
benign or malignant. These biomarkers must then be val-
idated clinically or through knowledge-based approaches.
The results of validation can then be used as feedback in
order to select better features or build better classifiers. As
seen in the figure, microarray analysis is modular, and
small improvements in any step of the process can in-
crease the performance of other steps.

2. MICROARRAY EXPERIMENTAL DESIGN

The microarray is a diverse platform, and can be used in a
variety of experiments. Some of the earliest experiments
to use microarrays studied gene expression during the life
cycle of yeast (3). Modern experimentation, however, has
expanded to comparative studies such as healthy versus

cancerous tissues, or time-series analysis studying the
progression of disease. Although applications may vary,
the most common task for a microarray experiment is to
identify a small set of ‘‘interesting’’ genes that can differ-
entiate between two or more varieties of biological sample.
These interesting genes can then be used as targets for
screening tests, or studied further to learn more about the
problem at hand.

As with any experiment, repetition and balance are es-
sential to successful results, which may be especially im-
portant with microarrays, because of their sensitivity to
manufacturing defects or errors in preparation. Unfortu-
nately, because of the relatively high cost of microarrays,
many researchers cannot afford such extensive repetition
and cross-validation. Fortunately, depending on the prob-
lem being investigated, different experimental setups may
be used to maximize the resources available. The problem
of optimal design is especially relevant when multiple
treatments and two-channel arrays are used. Although
the first impulse might be to use a procedure where all
samples are compared with one reference, it has been
shown that when larger (n45) numbers of treatments are
studied, loop and modified loop designs perform better
than the standard reference design. Furthermore, al-
though it is clear that using more microarrays for an ex-
periment is better, there are exceptional gains in efficiency
when two more (nþ 2) or twice as many (2*n) arrays are
used (4). In the end, however, even the best of experimen-
tal designs can be crippled by laboratory or manufacturing
error, resulting in noisy or defective data and poor results.
This effect can be alleviated with proper quality control
and assessment procedures.

3. QUALITY CONTROL AND PREPROCESSING

Analyzing microarray data will almost always produce a
number of significant features, but whether these fea-
tures, or genes, are truly significant or are artifacts of chip
inconsistencies depends primarily on processing the data
before analysis. The goal of chip preprocessing is thus to
eliminate or reduce any chip-based noise before perform-
ing any microarray analysis. Oftentimes, each microarray
platform has its own method of normalization or, in some
cases, multiple methods are available without a consen-
sus. Affymetrix microarrays, for example, can be normal-
ized with Affymetrix’s own MAS5.0, but alternatives such
as dChip, RMA, or GCRMA also exist. The problem of chip
noise is so large that the FDA has started the MicroArray
Quality Control (MAQC) project and is seeking to propose
an FDA guideline on microarray quality control and data
analysis by December of 2007 (5). Unfortunately, the cur-
rent status of microarray quality control and noise reduc-
tion is a story of scattered tools and methods.

In 2004, Buness et al. released an open-source package
called ‘‘arrayMagic’’ for quality control and preprocessing
of two-color microarray data (6). The main issue addressed
in arrayMagic is microarray to microarray variance,
which may be corrected by an appropriate normalization
technique. ArrayMagic is script-based and implemented
in R, an open-source language and environment for sta-
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Figure 1. A schematic overview of microarray analysis.
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tistical computing and graphics (http://www.r-pro-
ject.org). ArrayMagic offers log-ratio normalization based
on a loess method as well as expression normalization via
quantile normalization. In addition to normalization, ar-
rayMagic offers noise visualization with false-color heat
maps as well as several quantitative quality assessments,
such as spot replicate concordance, the correlation of the
two color channels, and their own noise measurement ‘‘W.’’
They define W as the median absolute deviation, or me-
dian(q – median(q)) where q is the log ratio of intensities of
the two colors. Although arrayMagic offers many powerful
preprocessing tools, it is still only for two-color array ex-
periments.

Improving on existing normalization packages such as
arrayMagic, Reimers and Weinstein compiled a web-ac-
cessed tool set in 2005 to deal with regional inhomogeneity
and other systematic biases commonly found on Affyme-
trix chips (7). Citing factors such as temperature, liquid
flow rate, RNA diffusion rate, and edge effect, they showed
that significant regional biases are common and can
greatly affect downstream results. Three methods are im-
plemented in their application, including visualization,
local scale factor calculation, and an overall quality as-
sessment score. Their visualization routine compares each
chip with a virtual reference chip consisting of a trimmed
mean of each probe. Localized background and scale fac-
tors are calculated by comparing the lower and upper 20%
of expression levels in a region to their respective global
means. In addition to localized correction, Reimers and
Weinstein’s program produces a comprehensive quality
score for each chip by measuring the correlation of each
probe’s expression level to that of its neighbors. This sys-
tem is implemented in R, but the user can submit their
data for processing and retrieve the results via their web-
site at http://www.discover.nci.nih.gov/affytools. Al-
though this system does work for spotted arrays, the
authors suggest that it works best for high-density micro-
array experiments conducted on the Affymetrix platform.

Another quality control tool, ChipQC is an interactive
web-based software tool developed to perform standard
normalization, statistical analysis, and artifact removal
on experiments consisting of any number of microarrays
on multiple platforms. Microarray information is repre-
sented as heat map images that mimic the layout of the
original chip to reveal localized areas of high variability in
replicate arrays. ChipQC is designed to detect variance
consistent with pin spotting errors, streaking, air bubbles,
and edge effect. An artifact removal module allows users
to filter out such bad data before it disturbs any down-
stream analysis. ChipQC has the ability to integrate
seamlessly into existing microarray chip experiment pro-
cedures because of its ability to export data in the same
format as it received the data. ChipQC is currently de-
ployed at http://chipqc.bme.gatech.edu/ (8).

Although much research focuses on tools for quality
control, other work is being done developing new methods
for quality control and assessment. In 2004, Brodsky et al.
proposed a novel method of using clustering of gene ex-
pression profiles across microarrays to indicate quality (9).
First, gene expression profiles are clustered, and then the
uniformity of the clusters’ distributions across the micro-

arrays are measured. Second, the patterns of high and low
differentially expressed genes are monitored on each sam-
ple for uniformity. These two methods provide a dual de-
scription of a gene’s artifactual nature, which is then used
to discard them from further analysis.

Sometimes, however, even the best quality control mea-
sures cannot save some chips and must be considered for
removal. Unfortunately, because the cost of producing mi-
croarray data is still very high, some scientists are still
hesitant to throw out even the noisiest, low-quality sam-
ples. Further complicating matters, existing methods by
which samples are deemed low quality are highly depen-
dent on properties of the chip type, and vary from exper-
iment to experiment according to manufacturer’s
specifications.

4. MICROARRAY ANALYSIS OVERVIEW

Microarray analysis is, essentially, a pattern recognition
problem with two goals. The first goal is classification—
‘‘given a sample of unknown type, what class does the
sample belong to?’’ The second goal is the more funda-
mental goal of feature selection—‘‘which features carry
the most information to help us in the problem of classi-
fication?’’ These two goals of classification and feature se-
lection are not independent, and just as the success of
classification relies on good features, feature selection may
receive feedback from the success of classifiers.

In the language of microarray analysis, features refer
to the genes—expression levels of RNA as measured by a
microarray. A single observation of the feature vector is
the sample, which is RNA from a tissue biopsy measured
via a single microarray. Multiple samples comprise the
many data points of the dataset, which is often divided
into training and testing subsets for further analysis. In
the context of microarrays, classes can include normal or
diseased tissue, malignant or benign cancers, or even sub-
classes of cancers that may aid physicians in selecting ap-
propriate treatment.

Sample classification can be done in an unsupervised or
supervised manner. Unsupervised methods make no as-
sumptions about the correct class of a sample, but attempt
to group samples into classes based on their similarity or
distances from one another. Supervised methods, on the
other hand, attempt to learn a decision rule from a train-
ing set, and then use that rule to classify unknown sam-
ples in the test set. Although supervised methods
generally produce more powerful classifiers, unsupervised
methods can be useful in discovering previously uniden-
tified subtypes. These techniques are not mutually exclu-
sive, and clustering, for example, can be helpful as a first
step before further analysis or as an intermediate step in
more powerful supervised techniques.

Feature selection is synonymous with finding a set of
differentially expressed genes and can also be thought of
in the context of supervised analysis. Among methods
such as principal component analysis, minimum entropy,
maximum entropy, and discriminant analysis, supervised
classification can be used for feature selection in the fol-
lowing manner. If each gene is used independently to build
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a classifier, it stands to reason that the genes with the
lowest error in prediction rates contain the most discrim-
inating information, and are thus are good candidates to
serve as biomarkers. Although a survey of analysis meth-
ods and error estimation methods appears below, more
general discussions of modern pattern classification meth-
ods are widely available in texts such as Pattern Classifi-
cation by Duda Hart and Stork (10).

4.1. Hierarchical Clustering

One of the simplest and most common forms of unsuper-
vised classification is hierarchical clustering. Hierarchical
clustering is performed by iteratively grouping the two
closest samples as determined by a distance metric. Eu-
clidian distance and correlation are two commonly used
distance metrics, but many others exist. The iterative
grouping of samples continues until one of two conditions
is met: (1) the number of clusters equals the desired num-
ber of class separations, or (2) the distance between clus-
ters reaches some threshold. The results of hierarchical
clustering can then be incorporated into a simple predic-
tion rule: An unknown sample is assigned to the class that
it is nearest to. Although hierarchical clustering is fast
and simple, it becomes increasingly less useful with small
sample sizes. An example of the results of hierarchical
clustering is shown in Fig. 2.

4.2. K -Means Clustering

Another unsupervised classification commonly used is k-
means clustering. K-means clustering attempts to mini-
mize the distortion of each class by iteratively recomput-
ing class centers. Pseudocode for a k-means algorithm
from Duda et al. is shown below:

Begin
Initialize K
class centers

Do classify n samples according to
nearest class center
Recompute class centers with cen-
troids of the newly formed classes
Until there is no change in any class
center

Return class
centers

end
K-means clustering has the advantage of allowing the
user to specify the number of clusters that she is looking
for, and of finding optimal or near-optimal clusters, which
generally leads to better results for classification than a
hierarchical cluster. Specifying the number of classes
could be a disadvantage, however, if the goal of clustering
is to identify new subclasses of disease.

4.3. SAM/PAM

Significance analysis of microarrays (SAM) and prediction
analysis of microarrays (PAM) are two recently proposed
methods of feature selection designed specifically for mi-
croarrays. SAM, developed by Tusher et al., generates a

SAM test statistic for each gene (11). The SAM statistics is
like a t-statistic, but uses a small positive constant added
to the standard deviation in the denominator. This addi-
tion artificially increases the variance so the test is less
likely to pick up genes with very low, hard to duplicate
expression levels as significant. The significance of this
SAM test statistic is calculated with a permutation test,
which tells how rare the calculated test statistic is among
simulated statistics calculated from randomly recombined
samples. SAM then provides a ranking of the genes by or-
dering the significance of the SAM statistic. Although
SAM is good at finding differentially expressed genes, it

Figure 2. Top: Original false-color image of microarray. Bottom:
ChipQC variance heat map showing the damaged parts of the
microarray.
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will often discard potentially important genes with more
nonlinear, yet significant characteristics.

The other method created by the Tibshirani group,
PAM, uses soft thresholding to ‘‘shrink’’ the list of genes
until only a core of useful genes remains (12). This shrink-
ing process is accomplished by eliminating genes from the
classifier if the gene’s expression centroid is similar for all
classes. The resultant shrunken list of genes then have
more distinct centroids than the original gene list, and are
thus better-suited features for classification. The amount
of shrinkage is user-defined, but cross validation using all
possible deltas can be performed to assist in making the
choice. To classify an unknown test sample using PAM,
only the shrunken list of genes are used as features. The
test sample is then placed into the class where the dis-
tance between the test sample and class centroid is min-
imized. A correction factor may also be added to account
for the a priori probability of class membership. PAM, like
SAM, also results in a ranking of significant genes, which
may be good features choices for a classifier.

4.4. SVM

A support vector machine (SVM) is a classifier in which a
maximal margin hyperplane is generated that separates
multiple classes of data points. The traditional form of the
SVM problem handles only two classes, but may be ex-
tended to more than two classes. Data points can be mul-
tidimensional without greatly affecting processing
performance of the algorithm, which makes the SVM
well-suited for microarray data points, which may consist
of thousands of features. Furthermore, SVM generalizes
well even for small sample sizes, which is usually the case
with microarray experiments. A major advantage of SVM
over other methods is that through the use of a kernel
function, the SVM is able to make use of linear and non-
linear trends in the data. The nonlinear capabilities of
SVM are especially showcased when analyzing multiple
features. In this case, subtle biochemical interactions such
as inhibition, activation, and redundant function can be
seen and used to create better classification rules. In ad-
dition to being used for classification, the SVM can also be
used effectively for feature selection. By using each fea-
ture independently to create a classifier, and calculating
the error rate of that classifier, one can effectively rate the
ability of each gene to act as a useful feature. Caution
must be taken, however, not to put absolute dependence
on such single-gene analysis, because this dependence
may result in a loss of significant information in the
form of gene-gene interactions. The versatility and scal-
ability of the SVM combine to make it an attractive and
popular choice for microarray analysis.

5. ERROR ESTIMATION

When designing any classifier, it is important to know how
accurate the classifier is, or, more precisely, how the clas-
sifier will perform given new, unknown input. At the root
of this question lies the selection of an error estimation
method—the method used to estimate what the error rate
of the classifier would truly be in a real application.

Whereas an improperly low error estimate will lead to
false-positive results, and can lead to fruitless and costly
validation studies, an improperly high error estimate will
lead to false-negative results, and may exclude a useful
feature from selection. In the context of microarray anal-
ysis, false-positive results are undesirable and costly but
may be corrected via proper validation. False-negative re-
sults, on the other hand, cannot be recovered from because
they will not be investigated any further. Another impor-
tant property of error estimation is that it is often integral
in the design of the classifier itself, because it is often a
necessary parameter for feature selection or even conver-
gence of the classifier. Fortunately, many different strate-
gies of error estimation exist, such as resubstitution,
cross-validation, bootstrapping, and bolstering.

The selection of an appropriate error estimator involves
a delicate balance of computational effort, bias, and vari-
ance. Some methods, such as resubstitution, provide low-
biased estimates of the true error, whereas others, such as
bootstrapping, are often biased toward high estimates of
the true error of classification. Besides bias, variance is
also an important characteristic to consider when choos-
ing an appropriate error estimator. Even if the error esti-
mate is unbiased, a high variance will undermine results
by often estimating an error that is far from the true error.
Finally, computational cost must also be considered when
selecting an error rate estimator. Often the best, most ac-
curate error estimation methods involve repetitive sam-
pling of training and testing datasets for each feature set
being analyzed. With each iteration, a new classifier must
be built, which will slow down the overall progress of the
algorithm. Methods such as resubstitution, however, offer
minimum computational effort because they require only
one classifier to be built for each feature set. For problems
with large search spaces, such as finding an optimal com-
bination of biomarkers, computational costs of error esti-
mation have an even larger impact, and the added
accuracy of good estimation may be eclipsed by the pure
speed of simpler methods.

5.1. Resubstitution

Perhaps the simplest method of error estimation and one
of the most computationally inexpensive methods is re-
substitution. Resubstitution is, by definition, the use of
the entire dataset as the training and testing dataset,
which is equivalent to a student receiving an exact copy of
the final exam to study from before he actually takes the
test. In the same way that the student would likely score
higher on the exam than he would have on random ques-
tions, the results of a resubstitution estimated error will
be generally optimistic. As a corollary, the more complex
or prone to overfitting that the classifier is, the worse that
the resubstitution will perform by allowing the overfitting
to proceed unchecked.

5.2. Cross Validation

As an alternative to resubstitution, cross validation at-
tempts to correct for bias by separating testing and train-
ing sets. A k-fold cross validation consists of dividing the
data into k subsets, assigning one subset to be the testing
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set and the remaining k� 1 subsets as the training set.
Cross validation can be run in either a completemanner or
an iterative manner. A complete cross validation executes
exactly k times for a k-fold cross validation. In other
words, once it divides up the data, it systematically leaves
each subset out of the training set until each subset has
taken its turn as the test set exactly once. A special case of
complete cross validation is the ‘‘complete-leave-one-out,’’
or ‘‘n-fold cross validation.’’ In this case, each single data
point is left out exactly once, and the result is a nearly
unbiased estimate of how the feature set might perform
given brand new data. With complete cross validation, the
number of classifiers that must be built for each error es-
timation is capped at k, which is not the case for an iter-
ative cross validation, which performs many independent
samplings of the data into training and testing datasets.
Iterative cross validations can, for example, perform 100
independent segregations of the data, each time choosing
a different set of data points to act as the testing subset
and the remainder to act as training data. With all types of
cross validation, but especially complete leave-one-out,
the result is an unbiased estimate of true error. Unfortu-
nately, this gain comes with the cost of high computational
load from multiple iterations and high variance. This vari-
ance can be alleviated, however, by increasing the number
of iterations used for an iterative cross validation, but un-
fortunately this action would also increase the computa-
tional load.

5.3. Bootstrapping

An alternative to cross validation called bootstrapping
was proposed by Efron et al. in 1979 (13). Bootstrapping
is a general resampling strategy that selects n equally-
likely draws with replacement from the set of n data
points. During bootstrapping, some data may be selected
multiple times, whereas other data is not selected at all.
The selected data then comprises the ‘‘bootstrap sample’’
and is used as the training set for the classifier. The re-
maining, unselected points are then used as the test set to
generate the error rate of the classifier. The bootstrap
sampling routine should be repeated and averaged over a
recommended 25 to 200 times to generate the final result
of the error estimation. As the amount of data used to
train the classifier is low (on average 0.632 times the size
of the full dataset), the bootstrap gives an estimate of the
error that is biased to be higher than the true error rate of
the classifier trained on the entire dataset. An improved
method, the 0.632 Bootstrap, was proposed in 1983 by Ef-
ron et al. and attempts to correct the bias via a linear
combination of bootstrap and resubstitution (14).

5.4. Bolstering

In 2004, Braga-Neto and Dougherty proposed a method
called ‘‘bolstering’’ to improve the error estimation process
(15). Bolstering decreases the variance of the error esti-
mate by creating a more continuous distribution of data
from the discrete data points available. The bolstering
method accomplishes this fact by spreading the probabil-
ity mass of samples via a bolstering kernel. Error rates can
then be calculated in a probabilistic manner as the ratio of

incorrectly classified probability mass to total mass. With
linear classifiers, such as linear discriminant analysis and
SVM, analytical expressions are possible for the error cal-
culation, but for nonlinear classifiers, Monte Carlo inte-
gration can be employed. Braga-Neto and Dougherty
suggest that ten samples for integration are adequate to
achieve the benefits of bolstering.

As might be expected, the choice of bolstering kernel
affects the outcome of the error estimation. For the trivial
case of a kernel that represents the probability mass by
the delta function centered at zero, results would be the
same as if no bolstering had occurred. A very ‘‘wide’’ bol-
stering kernel, on the other hand, would spread out the
data very thin, trending toward the extreme case where
each data point has half of its mass on both sides of the
decision boundary. Although many choices exist for what
to use as a bolstering kernel, Braga-Neto et al. suggest
that only spherical Gaussian kernels with diagonal co-
variance matrices should be used.

Another option to consider while bolstering is whether
to allow an incorrectly classified point to be bolstered into
being partially correct. This practice of semi-bolstering
can be applied when it is desirable to have a more strin-
gent classifier, or when a tendency of the classifier to un-
derestimate its own error rate exists. Bolstering or semi-
bolstering can be applied as necessary to almost any other
type of error estimation method, such as cross validation,
or most commonly, resubstitution. As bolstering does not
require recomputation of the classification rule, it does not
add significantly to the computational power needed to
determine the error rate, except in the case of the simplest
classification schemes such as the family of nearest-neigh-
bor classifiers.

6. VALIDATION METHODS

Any results that come from microarray analysis in the
form of either feature selection or a classification must be
validated before they can be put to any use. Validation can
come in the form of clinical validation or knowledge-based
validation. Knowledge-based validation is the obvious first
step whenever available, because it does not require any
costly laboratory experimentation. Clinical validation,
however, is still necessary to prove conclusively the appli-
cability of experimental findings.

Knowledge-based validation involves using a combina-
tion of expert analysis and database knowledge to answer
the question, ‘‘Do these results make sense from a biolog-
ical standpoint?’’ Tools such as GOMiner, developed in
2003 by Zeeberg et al., use gene ontology as a basis for
interpreting results (16). GOMiner detects if the genes
that have been selected as features can be grouped in any
significant way according to established ontological struc-
ture. For example, if one was studying the differences be-
tween stable and metastatic forms of cancer, and the gene
ontology terms dealing with cell-matrix attachment and
angiogenesis were both significantly represented, these
results would be promising indeed. Armed with such con-
fidence in analysis, one would be more willing to investi-
gate the roles of other, less studied genes that have also
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been detected by the microarray analysis. It is these new
genes that may bring fresh insight into the mechanisms of
metastasis and other biological mechanisms. Although
gene ontology mining programs such as GOMiner have
increased the rate of knowledge-based analysis, they still
do not fundamentally answer the question of ‘‘Do these
genes actually play a role in the problem that I am inter-
ested in?’’ This question can only be answered with clinical
validation.

Clinical validation requires collecting new data in or-
der to test any hypothesis that may have been formed.
Parallel gene quantification techniques such as PCR are
often employed at this step because the number of features
in the problem has been greatly reduced to a point where
running PCR is practical. Results of PCR are regarded as
more accurate quantifications than microarrays, and are
an excellent way to determine quickly if results have been
clouded by experimental noise or are robust enough to be-
come a good classification rule across multiple platforms.
Although PCR can be run in replicate with the original
tissue samples used for the microarray, PCR can also be
used on new tissue samples to further confirm or refute
the initial analysis. Another way to validate microarray
analysis it to use new tissue samples to create more mi-
croarrays. Attaining this new, untrained-upon data is an
excellent way to create a real estimate of how the classifier
will perform on actual patient data. Cross-platform vali-
dation studies often have the advantage of being cost ef-
ficient, because researchers can rely on existing, public
datasets instead of spending resources to create their own.
Comparing cross-platform with nonidentical microarray
setups is even more stringent, and will lend more strength
to the clinical viability of the initial analysis, but may dis-
pute many good results. Regardless of the validation tech-
nique employed, it is often good practice to set up a cyclical
approach to microarray analysis whereby validation in-
formation is used to spur further analysis of the initial
dataset.

7. CURRENT AND FUTURE DIRECTIONS OF RESEARCH

7.1. Sample Size Determination

In order to build any classifier, microarray or otherwise, it
is absolutely essential to have sufficient data to train from.
Without enough data, even the best method of classifica-
tion cannot create a robust rule. This problem is magnified
for complex data relationships and for complex classifica-
tion schemes. Although classical methods are not suffi-
cient, new methods have been proposed to address this
situation. To further aggravate the situation, microarray
data is notoriously expensive. Not only are the arrays
themselves costly, but in clinical situations other hidden
costs often exist, such as providing some sort of medical
care to a patient participating in the study or the cost of
following up on a patient to determine the final outcome of
disease.

In 2005, W. Fu et al. proposed a sequential approach to
accumulating a sufficient number of samples while keep-
ing this number as small as possible to minimize cost (17).
In their study, they sequentially add new data to the clas-

sifier and monitor the success rate for the new data until a
stopping condition is met. This condition is equivalent to
having (1� a) confidence that the classifier is predicting
with an error rate less than some positive e (both selected
by the user), which does not represent a final solution to
the problem, however, and more work in this area is being
done today.

7.2. Cross-Platform/Cross-Lab Data Sharing

Various studies have been published comparing competing
microarray platforms, but with mixed results. A recent
study by Irizarry et al. considers the effect of differing labs
on gene expression data (18). The study gave identical
source RNA to ten local laboratories using one of three
different array technologies. Each lab was told to screen
for differentially expressed genes between two cell lines. A
parent cell line was altered as to give a priori expectations
of zero difference for some genes and nonzero difference for
other knocked-out genes. Quantitative measures of preci-
sion and accuracy were then calculated for each lab. The
study concluded that ‘‘lab effect’’ is stronger than ‘‘plat-
form effect’’ in determining reproducibility of gene expres-
sion results. These findings are encouraging because the
reproducibility across platforms is an indicator that mi-
croarray technology may be able to lead to generalizations
that may translate into clinical results. On the other hand,
these findings are startling because they point out the fact
that individualized laboratory procedures as fundamental
as sample preparation can have overwhelming impact on
downstream analysis.

7.3. Intelligent Parameter Selection

In addition to discovering new algorithms, an effort to
make existing algorithms work better through intelligent
parameter selection also exists. Many algorithms for mi-
croarray analysis contain a complicated array of parame-
ters that can have profound effects on results. In the SVM,
for example, the choice of parameters can affect general-
ization or cause overfitting, a common problem in pattern
classification problems. Optimization of these parameters
is essential to efficient extraction of useful markers for
clinical use. In addition to improving the efficiency of the
algorithm, parameter selection also affects the quality and
reliability of the set of markers selected by the algorithm.
An automated, unbiased mode of parameter selection is
thus desirable for any study of gene marker selection, and
much current work focuses on this problem (19).

7.4. Integrated Knowledge-Based Approaches

As a foil to selecting an optimal feature set and validating
it with gene ontology, Subramanian et al. have proposed a
method called gene set enrichment analysis (GSEA) (20).
GSEA looks for subtle group trends among the predeter-
mined gene sets as opposed to looking for functional
groups among a list of identified features. At the heart of
GSEA is the investigation of a priori gene set, pulled from
databases, and composed of genes having similar gene on-
tology groupings, chromosomal locations, or pathway
functions. To start GSEA, the genes are ranked in order

MICROARRAY DATA ANALYSIS 7



of significance using any number of gene ranking meth-
ods. Then, each gene set is given an enrichment score re-
flecting whether its members are randomly distributed
throughout the ranking or are overrepresented at the top
of the list. The significance of the enrichment score is then
evaluated by randomly permutating the class labels to de-
termine the empirical distribution of the enrichment score
for that gene set. In addition to yielding easily-interpret-
able results, GSEA shows promise of better applicability
between different labs than single gene analysis. In their
study, Subramanian et al. have shown that for two data-
sets, n¼ 62, and n¼ 86, although no single genes appeared
significantly in both datasets, overlap existed among sig-
nificant gene sets. Studies such as these show the impor-
tance of incorporating knowledge into not only
interpretation, but the analysis itself. GSEA is also a
good example of the power that exists in bioinformatics
databases worldwide, such as those used to determine
these a priori gene sets.

8. CONCLUSIONS

In translational bioinformatics research, identification of
genetic markers is a crucial step toward the diagnosis,
prognosis, and treatment of disease. Marker identification
is a multistep process and requires quality control mea-
sures such as ChipQC, powerful marker extraction algo-
rithms such as SVM, and thorough validation procedures.
Although incremental progress can be made in the realms
of quality control and algorithms research, other, more
fundamental issues exist that will shape the progress of
microarray analysis in the coming decade. These funda-
mental issues all revolve around information—data shar-
ing and knowledge sharing, because marker identification
is a multidisciplinary process, requiring efficient collabo-

ration among many partners, often separated by much
physical space. The key to success is sustainable informa-
tion management in the form of standardized databases
for gene ontology, transcript identification, marker iden-
tification, pathway knowledge, and experimental catalog-
ing. Much progress has been made to this end, with the
establishment of MIAME andMAQC, but plenty of work is
still to be done. Only a comprehensive strategy for bio-
marker identification incorporating information manage-
ment and microarray analysis techniques will allow
microarray systems to migrate from experimental re-
search tools to clinical diagnostic devices (Fig. 3).
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1. INTRODUCTION

Over the past two decades, microencapsulation research
has made great strides in developing approaches for the
controlled release of therapeutic agents, targeted delivery
of drugs, bacterial cells, mammalian cells, DNA and other
nucleic acids, proteins, and so on to the host. Microencap-
sulation is a process whereby biologically active materials,
such as tissue, cells, or cellular constituents, are enclosed
within microscopic, semipermeable polymeric membranes
(Fig. 1), which allows for bidirectional diffusion necessary
for the entry of nutrients and oxygen and the exit of
therapeutic protein products and cellular metabolic waste
materials (1–3). In addition, the membrane is protective
against larger molecules such as antibodies, white blood
cells, or tryptic enzymes (3). The concept of microencap-
sulation was officially introduced in the 1960s by T. M. S.
Chang, who coined the term ‘‘artificial cell’’ to describe the
technology (4). The field has since broadened with the
development of novel microencapsulation devices, im-
proved membrane parameters and more suitable cell
lines. Consequently, microencapsulation is currently
being tested for the treatment of a wide variety of dis-
orders such as kidney and liver failure, diabetes mellitus,
anemia, dwarfism, hemophilia, and central nervous sys-
tem insufficiencies (5–7). Although transplantation re-
mains the primary mechanism in which cellular
microcapsules are introduced, oral administration
through the gastrointestinal tract has been successfully
applied (8,9). In discussing microencapsulation technol-
ogy, a major distinction is in the use of artificial cells that
now range from macro-dimensions, to micron-dimensions,
to nano-dimensions, and to molecular dimensions. Those
in the macro-dimensions (o2 mm diameter) are appropri-
ate to use for encapsulation of genetically engineered cells,
stem cells, other cells, tissues, micro-organisms, and bior-
eactants. Micron dimension capsules can be used for
enzymes, genetically engineered micro-organisms and
other micro-organisms, peptides, and so on.

Those in nano-dimensions are used for blood substi-
tutes, enzymes, peptides, magnetic materials, drugs, and
so on. Those in molecular dimensions are suitable for
blood substitute, cross-linked enzyme, conjugated proteins
encapsulation, and so on.

In the following pages, the various aspects of micro-
encapsulation will be discussed, namely membrane de-
sign, encapsulation methodologies, technologies, and
applications.

2. MICROCAPSULE MEMBRANE MATERIALS AND DESIGN

Designing microcapsules for use in transplantation or for
oral administration requires a subtle balance that opti-
mizes capsule robustness while maintaining cell viability
and biocompatibility. The use of different membranes
allows for variations in permeability, mass transfer, me-
chanical stability, biocompatibility, and buffering capabil-
ity that can be exploited to fit a desired application. The
mass transport properties of a membrane are critical
because the influx rate of molecules, essential for cell
survival and proliferation, and the outflow rate of meta-
bolic waste ultimately determine the viability of encapsu-
lated cells. Frequently, the membrane permeability is
defined by the molecular weight cut-off (MWCO), the
maximum molecular weight of a molecule that may freely
pass through the pores of the capsule membrane (Fig. 2).
The MWCO of orally delivered microcapsules must allow
for passage of substrates from the gastrointestinal tract as
well as unwanted metabolites from the plasma and then
either facilitate the subsequent removal of the altered
molecule or provide for its storage. A variety of materials
have been investigated for use in microencapsulation,
which can broadly be classified into two groups: thermo-
plastic polymers and hydrogel polymers (10). Thermoplas-
tic polymers are water-insoluble and include hydroxyethyl
methacrylate methyl methacrylate (HEMA-MMA) and
polyethylene glycol (PEG). Although these capsules are
stable, the diffusion properties of water-soluble nutrients
appear to be limited, which could potentially compromise
long-term cell viability in vivo. In contrast, hydrogels have
been favored for cellular microencapsulation because of
their appealing qualities. First, hydrogels require mild
encapsulation conditions, which are important to retain
cell viability (10). Second, they exhibit soft and pliable
features, which reduce mechanical or frictional irritation
to surrounding tissue (11). Third, their hydrophilic nature
minimizes protein adsorption and cell adhesion by vir-
tually eliminating interfacial tension with surrounding
fluids and tissues (11). Fourth, they allow for significant
permeability of low-molecular-mass nutrients and meta-
bolites necessary for cellular survival (11). The most
studied hydrogel polymer for use in transplantation is
alginate, a naturally occurring polysaccharide found in
brown algae. As a result of its excellent cell compatibility
and optimal gelling properties, alginate is ideal for cell
immobilization. A host of other formulations have been
proposed for cell entrapment; alternative encapsulation
membrane systems have been designed to attempt to
improve on certain physicochemical limitations in the
classic alginate system (Table 1). Each membrane, how-
ever, is not without disadvantages as improved mechan-
ical durability often compromises biocompatibility and
vice versa. The molecular design strategy and the sche-
matic diagram for the Alginate-Poly-L-lysine -Alginate
(APA) microcapsule are shown in Fig. 3 (12).
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3. MICROENCAPSULATION TECHNIQUES

3.1. Microencapsulation by Polyelectrolyte Complexation

The simplest method to form a physical membrane barrier
around living cells uses the interaction of oppositely
charged polymers. As charged polymers exhibit solubility
in water, they comprise an advantageous system that is
compatible with the cellular environment. Although nat-
ural and synthetic polymers can be used for this purpose,
the structural integrity and biocompatibility of the result-
ing microcapsule depends strongly on the choice of poly-
mer. Natural polymers are more cell compatible, react

under milder conditions, and allow for the encapsulation
of fragile cells. In contrast, synthetic polymers, although
less compatible, can be prepared in large quantities with
high purity, which results in greater homogeneity with
respect to capsule composition and permeability (11). The
alginate-PLL system uses the natural polymer alginate.

3.1.1. Alginate-Poly-L-Lysine System. Alginate-PLL-al-
ginate microcapsules are produced by the immobilization
of individual cells or tissue in an alginate droplet that is
then hardened by gelation in a Ca2þ -rich solution. After
gelation in calcium chloride, the beads are washed in a
PLL solution to form a membrane that is permselective

660 µm400 µm

(c)

(b)

(a)

Figure 1. Photomicrographs of semipermeable microcapsules using the Alginate-Poly-L-Lysine-
Alginate membrane system for encapsulation and oral delivery of (a) microcapsules containing
HepG2 mammalian cells (2), (b) empty microcapsules and microcapsules containing E. coli DH5
cells (1,9), and (c) Thalidomide and photomicrograph of Alginate-Chitosan microcapsule (right)
under 250 X magnification (27).
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and immunoprotective (8). Lastly, the capsules are washed
and suspended in a solution of alginate to bind all posi-
tively charged PLL residues still present at the capsule
surface. The alginate-PLL-alginate system employing
polyelectrolyte complexation has proven advantageous,
as its aqueous-based, relatively mild encapsulation condi-
tions do not compromise cell viability. Furthermore, mod-
ifications have been developed that have improved
mechanical stability and biocompatibility. Nevertheless,
other techniques have been attempted, mainly to address
physicochemical limitations found in alginate-PLL-algi-
nate capsules.

3.2. Alternative Microencapsulation Processes

In addition to polyelectrolyte complexation, various other
processes exist that have been developed for the produc-
tion of microcapsules. Three of these processes will be
briefly summarized here.

3.2.1. Microencapsulation by Agarose. Agarose is a
readily available neutral polymer that exhibits tempera-
ture-sensitive water solubility that can be used for cell
entrapment (13). Experimentally, an agarose/cell suspen-
sion is transformed into liquid microbeads and subse-
quently hardened by a reduction in temperature. In

Figure 2. Molecular cutoff of different types of microcapsule membranes. The molecular weights
of various cells, enzymes, antibodies, complement components, proteins, peptides and metabolites
are listed on the right. Abbreviations: C2-9 and C19, various components of the complement
cascade; Ig, immunoglobulin; IL-1, interlukin 1; NGF, nerve growth factor (12,22).
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Table 1. Gel Entrapment for Delivery

Microcapsule Membrane Polymer Type
Microcapsule Membrane Features

Strengths Limitations

APA [Alginate-Poly(l-Lysine)-Alginate]
þ Variants (/PEG, /Baþ 2, /Caþ2)

Acceptable food additive Cell- and tissue-
compatible Mild reaction conditions Low
cost Ease of control over parameters Starch
useful as prebiotic probiotic Short/
Medium-term Mechanical Stability
Flexible permselectivity Established
synthesis protocols Low immunogenicity
when PEGylated.

Susceptible to acid Reduced mechanical
stability during lactic fermentation
Insufficient immunoprotection
Susceptible to long-term Caþ 2 loss,
consequent mechanical instability
Structurally rigid Must be PEGylated
to prevent fibrotic overgrowth.

A-PMCG-A [Alginate-poly(methylene-co-
guanidine)-Alginate]

Better mechanical stability than Caþ 2/A, Ba
þ2/A, BAPA, PMCG Cheaper than PLL
Capsule size / permeability independently
adjustable.

Immunogenicity Long-term mechanical
stability yet to be determined.

KC/LBG [Kappa-carrageenan/ locust
bean gum gel]

Strong, rigid gel Acid-resistant
Thermoreversible Good results in
cryopreservation studies.

Less biocompatible than alginate
Potassium ions damaging to cells and
potentially host electrolyte
composition Insufficient
immunoprotection.

CAP [Cellulose Acetate Phthalate] Resistant to gastric acid conditions
Established enteric coating material for
controlled release Readily dissolves in
mildly acidic to neutral environment of
small intestine.

Harsh reaction conditions (HCl) limits
probiotic viability during membrane
formation Membrane is nonporous
Limited access to substrate during
storage.

CS/A/PMCG [Cellulose Sulphate/Sodium
Alginate/Poly(Methylene-Co-
Guanidine)]

Short-term applications negate long-term
mechanical stability and biocompatibility
concerns.

Encapsulated cells sensitive to alginate
purity.

Gellan gum/ Xanthan gum Acid-resistant Stabilized by calcium ions Easy
to mix bacterial suspension with gum prior
to gelation Economical processing
Retention of cellular viability in
pasteurized yogurt No shrinkage in lactic
and acetic acid solutions.

Gellan gum requires high setting
temperature Acid survival dependent
on strain Some reports indicate poor
viability in storage Insufficient
Immunoprotection.

Agarose Prolonged stability in storage Cell- and
tissue-compatible Mild reaction conditions
Narrow size distribution of beads Low cost/
readily available.

Limited mechanical stability Insufficient
immunoprotection because of cellular
protrusion and absence of
permselective layer.

Artificial Sesame Oil Acceptable food additive Lactic acid viability
retained in storage Acid- and bile-
resistant.

Sensitive to mechanical stress Wide size
distribution Processing requires high
temperatures.

Starch Natural adhesion (prebiotic) Exhibits good
spray drying properties allowing for easy
scale-up and economical processing Small-
sized microparticles with excellent cell
coverage.

Limited protection against acid stress,
protease activity, and pancreatin Poor
survival in foods Nature of adhesion
dependent on strain (presence of cell
surface protein).

HEMA-MMA (Hydroxymethylacrylate-
Methyl Methacrylate)

Insolubility in aqueous solutions confers
greater mechanical stability.

Non-adherent membrane properties
require co-encapsulation with matrix
to facilitate anchorage-dependent cell
adhesion/growth.

Multi-layered HEMA-MMA-MAA Exceptional design flexibility Independent
adjustment of mechanical stability,
permselectivity Promising compatibility
with blood-contact applications.

Single-layered capsules possess
insufficient mechanical stability
Immunogenicity yet to be determined
Synthesis protocol more complex than
other designs.

PAN-PVC [poly(acrylonitrile-
vinylchloride)]

Established mechanical stability,
permselectivity Good biocompatibility.

Molecular-weight cut-offs currently in
question Long-term immunogenicity
not yet established.

AN-69 (Acrylonitrile/Sodium
Methallylsulfonate)

Good mechanical stability, permselectivity
Amitogenic Large-scale encapsulation
(B50 million cells/minute) now possible.

Immunogenicity not well established.

PEG/PD5/PDMS [poly(ethylene glycol) /
poly(pentamethylcyclopentasiloxane) /
poly(dimethylsiloxane)]

Good mechanical stability PDMS confers
excellent oxygen permeability.

Long-term fibrogenicity not ideal for cell
encapsulation.

4 MICROENCAPSULATION



order to eliminate cellular protrusion, an additional agar-
ose layer can be added. With regards to applications,
agarose beads appear to be better suited for allo-trans-
plantation rather than xeno-transplantation as the mem-
brane is not sufficiently immunoprotective against certain
xeno-reactive antibodies (11).

3.2.2. Microencapsulation Based on Interfacial Phase In-
version. This process uses water-insoluble thermoplastic
polymers rather than hydrogels. Experimentally, micro-
encapsulation is performed by extruding a suspension of
cells to form a liquid core, immersing the cell droplet in a

polymer solution to form a liquid shell and finally extract-
ing the polymer solvent in order to precipitate a solid shell
(11). The potential advantages of encapsulating with
thermoplastic polymers include easy scale-up, better cap-
sule durability, and more control over desired properties
(11). However, as mentioned above, the diffusion proper-
ties of water-soluble nutrients appear to be limited, which
could potentially compromise long-term cell viability in
vivo.

3.2.3. Microencapsulation by Conformal Coating Techni-
ques. Conformal coating eliminates unused space in a

Table 1 Continued

Microcapsule Membrane Polymer Type Microcapsule Membrane Features

Strengths Limitations

PDMAAm [Poly (N,N-dimethyl
acrylamide)]

Improved mechanical stability when cross-
linked with telechelic stars.

Oxygen permeability inferior to
copolymers with PDMS.

Siliceous Encapsulates Simple synthesis mechanism confers high
design flexibility.

Questionable toxicity, immunogenicity.

Several different polymeric matrices have been evaluated for cell immobilization purposes. Ideal carriers are nontoxic, readily available, and inexpensive.

Other qualities that are assessed include cell loading, cell viability in the support material, and protection from environmental stresses.
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Figure 3. Microcapsule membrane design: Alginate-Poly-L-lysine -Alginate (APA) membrane
concept and layer-by-layer molecular structure (12,16,23).
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microcapsule core by forming a membrane barrier directly
on the cell mass. Many different methods have been
employed; however, the technique generally involves the
centrifugation of the cell mass through a solution of the
coating polymer in a biocompatible solvent (14). This
technique theoretically improves mass transport and in-
creases cell packing. Furthermore, it is directly applicable
to entrapping cell clusters rather than single cells, the
latter of which would result in a high ratio or membrane
material to cell mass (14). Therefore, it would appear that
this process is ideal for the encapsulation of pancreatic
islets, a cluster of cells that relies heavily on mass trans-
port. However, little evidence of reported in vivo success
exists in the literature.

4. MICRO CAPSULE MEMBRANE PROPERTIES

Whether employing the Alginate-PLL-Alginate mem-
brane or alternative designs, the capsule properties play
an integral role in the performance of encapsulated cells.
The basis for analyzing the effectiveness of a capsule can
thus be broken down into four important properties:
permeability and mass transport, mechanical stability,
immunoprotection, and biocompatibility.

4.1. Permeability and Mass Transport

The viability of microencapsulated cells is strongly depen-
dent on the selective permeability of the membrane. As
mentioned above, an optimal balance must be achieved
that permits the bidirectional diffusion of nutrients, oxy-
gen, metabolites, metabolic waste, and therapeutic protein
products while simultaneously excluding immune cells
and tryptic enzymes. Generally, membrane permeability
can be explained by a thermodynamic parameter, known
as the equilibrium partition coefficient and a kinetic
parameter, known as the diffusion coefficient. Both of
these parameters are strongly influenced by the type
and size of solute, the interactions between solute and
membrane, and the membrane thickness. A somewhat
quantitative measure of capsule permeability is the mole-
cular weight cut-off (MWCO), which determines the upper
limit for molecular transport. Furthermore, the perms-
electivity of each membrane design can be manipulated by
altering the encapsulation parameters.

4.2. Mechanical Stability

The mechanical stability and durability of microcapsules
is important in order to maintain capsular integrity in
long-term applications. A commonly used approach in-
volves measuring the failure of capsules under uniaxial
loading. The resulting mechanical strength is strongly
dependent on membrane strength, thickness, and capsule
core properties such as viscosity. With regard to the
alginate-PLL-alginate system, mechanical stability was
found to be suboptimal in some applications, which thus
led to some of the modifications listed above. Specifically,
mechanical stability was greatly enhanced by employing
two polyanions that formed weak and strong interactions
with the outer polycation (15). Although mechanical sta-

bility is necessary to maintain capsule integrity in trans-
plantation procedures, this property is perhaps more
important for oral administration because of the exposure
to harsh and mechanically disruptive environments pre-
sent in the GI tract (16).

4.3. Immunoprotection

As the driving force behind the idea of microencapsulating
cells, sufficient immunoprotection and biocompatibility is
necessary for capsules to be successful in clinical applica-
tions. The host immune system response to microencap-
sulated cells can be divided into two categories: response
to encapsulated cells, which can be triggered by insuffi-
cient immunoprotection, or response to the capsular
membrane, which is instigated by inadequate biocompat-
ibility.

The requirements of a membrane for immunoprotec-
tion are largely dependent on the extent of host-donor
mismatch or, more specifically, whether the encapsulated
tissue is allogeneic or xenogeneic. In the case of allogeneic
tissue (human to human), graft-reactive immunoglobulins
are absent. As the microencapsulated tissue forms a
barrier to prevent encapsulated cell-immune cell contact,
the allogeneic tissue is generally immunoprotected. How-
ever, the extent of protection is strongly based on the
integrity of the capsule membrane. In implanted xeno-
geneic tissue (nonhuman to human), the engagement of T-
cells because of insufficient immunoprotection leads to an
inflammatory response and, in turn, the activation of
macrophages in the vicinity of the capsule. The activated
macrophages produce cytokines such as IL-1B, TNF-al-
pha, and TNF-beta, which are small enough to diffuse
through most intact cells. It is therefore necessary that the
microencapsulations of allografts are sufficiently intact so
as to avoid cytokine production in the vicinity of the
membrane.

4.4. Biocompatibility

In addition to being immunoprotective, the capsular
membrane must also be a biocompatible system (one in
which the capsular membrane elicits no or not more than
a minimal foreign body reaction). It is natural for an
implanted biomedical device such as a capsule to stimu-
late a host inflammatory response; however, ideally, this
response would only minimally interfere with the func-
tionality of the encased cells. The presence of a non-
biocompatible microcapsule may be visualized by noting
cellular overgrowth around the capsule (mostly macro-
phages and fibroblasts) or alternatively, a covering of
dense fibrous matrix components. The foreign body reac-
tion and resulting overgrowth can be dually detrimental
to the encased cells. First, a physical barrier may present
itself that limits the diffusion of molecules necessary for
cellular survival. Second, the presence of cytokines can
directly affect cellular function.

In order to address the important problems of graft
rejection resulting from insufficient immunoprotection or
biocompatibility, it is essential to select polymers that are
highly purified and compatible with the cellular environ-
ment. It is essential the all contaminants be removed from

6 MICROENCAPSULATION



the surface, notably endotoxins and proteins. In addition,
microcapsules need to be spherical in shape to avoid
surface irregularities and small in size, as larger volumes
resulted in more frequent side effects in recipients. Last, it
is possible to incorporate chemical agents, notably vita-
mins, within a multi-compartmental microcapsule, which
can act as immunomodulatory factors. As a result, micro-
capsules with high biocompatibility should be isolated
that exhibit long-term membrane integrity while safely
encasing allogeneic tissue.

5. MICROENCAPSULATION TECHNOLOGIES

A challenge involved in the production of uniform capsules
is ensuring excellent repeatability and reproducibility
both within batches and between batches. The technique
used to produce capsules (for example, alginate-PLL-
alginate) is based on the entrapment of individual cells
or tissue in an alginate droplet that is then transformed
into a rigid bead by gelation in a Ca2þ -rich solution.
Stepwise, the cells to be encapsulated are first suspended
in a solution of alginate that has been purified. The
viscous alginate-cell suspension is then passed through a
needle using a syringe pump. Before exiting the needle,
compressed air is administered to shear the alginate-cell
solution into relatively homogenous droplets. The algi-
nate-cell droplets are then extruded through the needle
tip and allowed to fall into a gently stirred ice-cold calcium
chloride solution, where they are transformed into rigid
beads as described above. After gelation in calcium chlor-
ide, the beads are suspended in a PLL solution to form a
membrane that is permselective and immunoprotective.
By varying PLL concentration, alginate concentration, or
contact time, the porosity of the membrane can be ma-
nipulated. Last, the capsules are washed and suspended
in a solution of alginate to bind all positively charged PLL
residues still present at the capsule surface. This step is
necessary to improve capsular durability and biocompat-
ibility. Also, if a liquefied core is desired, the final alginate-
PLL-alginate capsules can be washed in a sodium citrate
solution, which chelates calcium and solubilizes the in-
tracapsular alginate gel. Fig. 4 displays an apparatus

using air flow to form droplets and a calcium chloride
solution for gelation into microbeads.

In order to improve the mechanical stability and bio-
compatibility of the alginate-PLL-alginate system, a num-
ber of modifications have been employed. First, high-
viscosity alginate is recommended as it results in a
decreased formation of tails or strains during droplet
formation and, in turn, a more uniform structure to the
beads. Second, alginate with an intermediate concentra-
tion of guluronic acid molecules is employed rather than
low-G alginate, which has been seen to swell and break
after implantation. Third, alginate purification schemes
have been developed to substantially reduce host re-
sponse. Fourth, in order to address the potential for
encapsulated cells protruding through the membrane, a
two-step method of cell encapsulation was developed.
Specifically, this method involves producing alginate mi-
crobeads containing entrapped cells and then subse-
quently entrapping the individual beads within a larger
sphere of alginate. Subsequently, the larger sphere is then
immersed in PLL and alginate as described above. Last,
more technologically advanced encapsulators are now
commercially available that use various technologies to
produce capsules of smaller diameter with narrow size
distribution. The adoption of automated machines for
microencapsulation results in improved reproducibility
in terms of shape, size, and morphology. Droplets for
bead formation can be formed using an assortment of
techniques such as emulsification or coacervation, rotat-
ing disc atomization, airjet, electrostatic dripping, me-
chanical cutting, and the vibrating nozzle method.

Large-scale microcapsule production has been initiated
by a Swiss-based company Inotech with the Encapsulator,
the first commercially available instrument for the con-
trolled polymer microencapsulation of drugs, animal cells,
plant cells, micro-organisms, and enzymes, which com-
bines the faculties of defined bead diameter, sterile work-
ing conditions, and high productivity (Fig. 5). The
Encapsulator’s technique is based on a harmonically
vibrating nozzle. The laminar liquid jet is broken into
droplets by vibration. The machine is capable of producing
microcapsules of uniform spherical shape, with a selected
diameter between 400 and 2000 mm, under sterile condi-

Liquid flow

23 G

Air flow

(b) Droplet needle assembly

Magnetic
stirrer

(a) Microencapsulation apparatus

CaCl2
solution

Strainer

Droplet generator
needle assemblyRotameter

Compressed
air

Syringe pump

Figure 4. (a) Microencapsulation apparatus
(b) microencapsulation droplet assembly (8,28).
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tions, without harm to cells or microbes, with a high-
throughput volume and low dead volume, and with high
cell viability. It is most suitable for cell encapsulation as it
produces monodisperse beads with a small diameter,
which prevents diffusion limitations; the narrow size
distribution prevents cell necrosis. The JetCutter system
from geniaLab is an electrostatic droplet generator with a
holder for multiple needles to allow rapid automated
production of microcapsules. Bead generation is achieved
by cutting a solid jet of fluid coming out of a nozzle by
means of rotating cutting wires into cylindrical segments,
which then form beads because of surface tension on their
way to a hardening device. As the velocity of the fluid and
the speed of the cutting tool are kept constant, the

produced beads show a very narrow distribution of parti-
cle size. The diameter of the particles that have been
produced yet by the JetCutter ranges from about 120 mm
to greater than 3 mm.

6. THERAPEUTIC APPROACHES

The strategy of microencapsulation has been used prefer-
entially with the following therapeutic purposes: (1) de-
velopment of bioartificial organs; (2) treatment of classic
mendelian disorders caused by an enzymatic or gene
product deficiency; (3) cancer eradication; and (4) treat-
ment of other disorders.

6.1. Treatment of Diabetes Mellitus by Transplantation of
Microencapsulated Islets

Diabetes mellitus (DM) is a chronic disorder that affects
over 200 million people worldwide. It is the fourth leading
cause of death in the United States and managing costs
consume up to 15% of the health-care budget in developed
countries (17). In type 1 DM, pancreatic B-cells located in
the islets of langerhans are destroyed and thus unable to
secrete insulin required to achieve glucose homeostasis.
The standard treatment for most patients with type 1 DM
is injected insulin; however, administration significantly
increases the risks of severe hypoglycemic events and
hinders the overall quality of life. Scientists are making
great efforts to develop a bioartificial pancreas by immo-
bilization of pancreatic islets in polymer microcapsules,
which would avoid the multiple daily insulin injections
that are required by diabetics and would circumvent the
frequent complications associated with severe hypoglycae-
mia while avoiding surgical risks involved in whole pan-
creas transplantation. The concept of the alginate-PLL
system to microencapsulate islets was pioneered by Lim
and Sun (18) over two decades ago and continues to be
modified today. In the past 20 years, some success has
occurred in the use of these microcapsules in animal
models of diabetes and initial attempts have been made
to use these microcapsules in humans. Furthermore,
several groups are currently concentrating on transplan-
tation of immobilized islets in the experimental setting. A
crucial issue is to control the immunological reaction
against the graft within 7 days following implantation,
which is essential for the long-term functionality of the
transplant.

When microencapsulating islets of langerhans, the
primary consideration is that islet function not be detri-
mentally affected by the encapsulation process and that
function must be retained once encapsulated by allowing
free diffusion of nutrients and oxygen as well as glucose
and insulin. In literature, the Alginate-PLL-alginate sys-
tem is commonly employed to protect islets and the
peritoneal cavity is generally used as the transplantation
site. In recent years, microencapsulation has been shown
to allow for temporary survival of transplanted islets in
diabetic humans (19). These results reveal the potential of
microencapsulated islets for treating type 1 DM. Capsule
properties will most likely have to be further optimized for
this technology to have widespread applicability in the
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clinic. On the other hand, microencapsulation of islets has
not yet fully addressed the secondary concern of limited
human pancreatic supply. Regardless of the technique
applied, microencapsulation would appear to have a role
in the future of diabetic control.

6.2. Treatment of Kidney Failure by Oral Administration of
Microencapsulated Genetically Engineered Bacterial Cells

During kidney failure, the substances normally excreted
in urine are accumulated in the blood and body tissue. As
a result, urea, ammonia, and other waste metabolites
exist at pathological concentrations in the bloodstream.
Hemodialysis and peritoneal dialysis are effective proce-
dures for treating chronic renal failure by removing toxic
compounds through concentration gradients. However,
only around 15% of the uremic population has access to
or can afford dialysis treatment (1). A more convenient
and accessible approach involves the oral administration
of a combination of adsorbents, osmotic agents, and ion-
exchange agents. Two recent oral protocols have involved
the administration of oxystarch, which uses an adsorbent
to bind urea directly and microencapsulated urease-zirco-
nium phosphate, which employs a multi-enzyme system to
metabolize excess urea (8). However, neither could be
considered a suitable replacement for dialysis. In order
to confront this challenge, Prakash and Chang (9) em-
ployed E. coli DH5 cells that were genetically engineered
to effectively metabolize urea and ammonia by using them
as their nitrogen source. To address the issue of releasing
genetically engineered organisms in the body, the cells
were microencapsulated in the alginate-PLL membrane
system. The capsules were orally administered by gavage
to uremic rats as a means of replacing kidney function (9).
The critical role of the microcapsule when traversing
through the gastrointestinal tract is to protect the encap-
sulated cell from acid and bile conditions as well as tryptic
enzymes and mechanical disruption. Furthermore, as the
capsules housed genetically engineered cells, it was im-
portant that they be released intact in the stool. As the
capsules traversed through the intestine, urea and ammo-
nia diffused into the microcapsules and were subsequently
metabolized by the genetically engineered E. coli DH5
cells (9). Results of the study revealed that E. coli DH5
cells can effectively lower pathological urea levels to near
normal values. Furthermore, after terminating oral ad-
ministration of the microcapsules, the plasma urea con-
centration rapidly returned to heightened values. It would
appear that the microencapsulation of genetically engi-
neered E. coli DH5 cells would be clinically applicable,
especially to patients unable to receive dialysis treatment.
The primary hesitation remains in the administration of
genetically engineered organisms. Thus, for this approach
to be further optimized, a membrane design must be
formulated to ensure complete intactness throughout the
gastrointestinal tract.

6.3. Other Therapeutic Purposes

Genetic engineering has contributed to the development of
modified cells that have superior cell viability and are
therefore capable of providing an improved supply of

therapeutic products. Studies have shown that this ap-
proach might be useful for antibody-based gene or cell
therapy (Table 2). The gross insufficiency of suitable
cadaveric and fetal cells could likely be circumvented
through the use of stem cells. Once suitable sources of
stem cells and appropriate means to control their differ-
entiation become available, stem cells may constitute a
universal cell line suitable for the large-scale manufacture
of encapsulation devices. In any event, microencapsula-
tion may be necessary for the immunoisolation of stem
cells, in that recent studies have shown differentiated
human embryonic stem cells to express high levels of
major histocompatibility (MHC) class I proteins, which
may cause them to be rejected on transplantation. In
addition, successful in vivo results have been achieved in
combating diverse diseases including hypoparathyroid-
ism, anemia, hemophilia, dwarfism, ADA deficiencies,
mucopolysaccharidosis type VII, amyotrophic lateral
sclerosis, chronic pain, IgG1 plasma cytosis, Parkinson’s
disease, and other central nervous system insufficiencies.

7. CURRENT CHALLENGES AND FUTURE DIRECTIONS

The above medical applications demonstrate the potential
and flexibility of microencapsulated cell technology in
treating pathological conditions (20,21). Nevertheless,
proof of principle in treating certain diseases has not yet
translated into widespread clinical applicability (21,22).
Therefore, capsule design must be ameliorated with spe-
cific attention focused on improving membrane properties.
A substantial challenge related to the biomaterials used in
cell encapsulation has been the lack of clinical-grade
polymers. Another challenge involves the production of
uniform capsules with excellent repeatability and repro-
ducibility both within batches and between batches. The
discovery of suitable immune-compatible polycations re-
presents another principal area of study. Still other chal-
lenges involve the assessment of the exact dosage and
MWCO value, as well as the overall biocompatibility of the
system (23). A number of issues need to be carefully
evaluated when selecting suitable cell types for immobili-
zation. Indeed, encapsulation requires an appropriate
source of functional cells. In this regard, the potential
use of allogeneic versus xenogeneic cells has provoked
important social and ethical debates. The principal con-
troversy surrounds the potential risk of inadvertent trans-
fer to humans of animal viruses present in the
xenotransplant, and many forums have concluded that
research should proceed with allo-transplantation over
xeno-transplantation (15,24,25). The choice of transplan-
tation site is another important consideration. Here, it is
necessary to weigh issues such as the safety and possibi-
lity of re-transplantation (peritoneal cavity, subcutaneous
transplantation) against proximity to the circulation (in-
trahepatic transplantation or membranes supporting vas-
cularization). Still another pertinent issue is that
permanent graft survival of encapsulated cells has never
been reported.

With advances in the science of encapsulated cell
therapies, regulatory authorities have been gradually
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adjusting their policies to accommodate these new ther-
apeutic approaches. In the United States, for example, all
islet transplant studies (and presumably all future en-
capsulation-type clinical studies) will be regulated by the
U.S. Food and Drug Administration (FDA) under an
investigational new device submission. For now, Europe
will likely rely on FDA guidelines, because specific regula-
tions in this field are presently lacking. Recently, the U.S.
Pharmacopeia and National Formulary included a new
therapeutic category for cell-based products, which con-
stitutes a significant step toward accepting this technol-
ogy and encouraging clinical trials. A major ethical
concern surrounding the use of microencapsulated cells
is to ensure that patients are treated with a technology
that demonstrates a clearly proven biosafety based on
standardized protocols and procedures. In this regard, it is
important to avoid poorly conducted studies that put
individuals at unnecessary risk and unfairly raise hopes
and expectations. Technological and biological limitations,
as well as ethical, political, and regulatory obstacles, must
be overcome if the promise of cell encapsulation technol-
ogy is to be realized.

Cell encapsulation represents an alternative nonviral
approach for the long-term delivery of therapeutic pro-
ducts. A wide spectrum of cells and tissues can be im-
mobilized, enhancing the potential applicability of this
strategy in the treatment of multiple diseases (21). The
future of the microencapsulation of cells, and the potential
of achieving a membrane system that is much closer to
ideal, is firmly rooted in improved processing techniques
and enhanced knowledge of polymer chemistry. In choos-

ing novel polymers, it is essential that they be standar-
dized, specifically in terms of composition, purity grade,
reaction conditions, and source reproducibility (26).
Furthermore, the manufacturing process should be such
that scaling-up can be achieved while not compromising
quality control. This step is essential for allowing cell
microencapsulation to be more applicable to clinical situa-
tions. Therefore, diverse solutions are clearly required to
address the inherent limitations with this technology.
Nevertheless, if optimized, microencapsulated cell ther-
apy could prove to be a clinically appropriate and flexible
therapy for the future treatment of disease. Some of the
important considerations for consistent clinical success of
cell encapsulation include a source of functional cells; a
biocompatible, as well as mechanically and chemically
stable, membrane of a suitable permeability cut-off value
that provides immune protection; functional performance;
biosafety; and long-term survival.
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MICROFLUIDICS

DAVID CUNNINGHAM

Abbott Laboratories
Abbott Park, Illinois

1. INTRODUCTION

Microfluidics may be defined as control of fluid flow in
features in the micrometer dimension range. Microfluidic
systems control small amounts of fluid, in most cases as
part of a larger device. Fine control of fluid may be neces-
sary to conserve material, produce small features, or take
advantage of physical processes observed only with small
volumes. In one of the simplest examples, pipette tips are
used to transfer small amounts of solution into microtiter
plates. In an example of great commercial importance,
spotting of small volumes of solution onto substrates is
performed with a variety of dispensing pumps and print-
ing methods to make a variety of products. A number of
emerging applications use interconnected capillary chan-
nels to combine small amounts of fluid. Sparking interest
in the field was the demonstration that fluid can be trans-
ported through small channels by applying a high electri-
cal potential across the solution in the channel to produce
electroosmotic flow. Application of an electric field also re-
sults in electrophoretic migration of chemical species and
separation in the channel. This technology was rapidly
developed into a capillary electrophoresis instrument for
chemical and biochemical analysis. Capillary electropho-
resis provides uniquely versatile separations, and the
technology rapidly permeated all areas of chemistry, biol-
ogy, and medicine. Smaller, more complex devices have
been constructed for the analysis of many types of sam-
ples. These devices may be composed of networks of in-
terconnected capillaries, pumps, valves, mixers,
separators, and various other components. Control of sam-
ple and reagent volumes, evaporation, and leakage be-
come more difficult as the volumes decrease. Particulates,
bubbles, and surface chemistry effects also become more
important. When these obstacles are overcome, the de-
vices require very small amounts of sample, consume min-
imal amounts of reagents, and can perform assays in a
shorter amount of time than larger systems.

The scientific and commercial success of several micro-
fluidic systems has generated considerable activity in the
area. Public and private research funding in the area has
been substantial over the last 10 years. Enabling technol-
ogies for microfluidic systems initially came from the elec-
tronics industry, and most early devices were fabricated
from silicon wafers. Recent advances in microfabrication,
surface chemistry, and specialized computer-aided design
software serve to advance the field. Academic researchers
of microfluidics are spread across a variety of university
science and engineering departments. Several companies
have been formed to exploit and develop recent scientific
and engineering advances. The area can be roughly di-
vided into technologies capable of generating discrete
small volumes of fluid and technologies capable of moving
small volumes often with separation of molecular species.

The remainder of the chapter covers both areas beginning
with a historical perspective of fluid mechanics and sepa-
ration science for the uninitiated. Next follows an over-
view of common manufacturing and construction
techniques, and sections covering the basics of capillary
electrophoresis and microfluidic chips. Various methods of
generating and moving small volumes are presented in-
cluding the basic mathematical equations governing fluid
flow. The chapter concludes with sections expanding on
the variety of components incorporated into microfluidic
systems, examples of current commercial products, and an
outlook on the future. Exactly how broadly to define the
area of ‘‘microfluidics’’ is unclear. A number of clever ways
exist to control small amounts of fluid and an even larger
number of ways exist to incorporate mechanisms for the
movement of small amounts of fluid into a larger device.

2. HISTORICAL PERSPECTIVE

In general, theories for microfluidics follow the relation-
ships established for larger systems some time ago. Euler
applied Newton’s laws to the motion of fluids in 1755;
however, the equations predicted higher flow rates than
observed as no terms were used to account for viscous
dissipation of energy because of the friction of one parcel of
fluid against neighboring ones. The appropriate term was
added by both Navier in 1827 and by Stokes in 1845. The
pressure of fluid in capillaries was first reported by La-
place in 1806 and subsequently applied to single droplets.
The physician Poiseuille studied the pressure-driven flow
of blood through rigid tubes and showed that flow was
proportional to the diameter to the fourth power in 1846.
The study of diffusion was started by Brown in 1827 while
investigating the random motion of small particles in so-
lution, and this work was placed on a sound theoretical
basis by Einstein in 1906.

Measurement and manipulation of small volumes was
historically of limited interest as evaporation is rapid
without controlled conditions. An exception was the study
of individual cells where small glass capillaries were
placed into cells or used to isolate individual ion channels
in the ‘‘patch-clamp’’ technique developed by Neher and
Sakmann in 1976. Another milestone was reached in 1981
when Jorgenson demonstrated the analytical potential of
capillary electrophoresis using a 75-mm fused silica capil-
lary (1). Impressive high-resolution separation methods
were developed in the 1980s, including the separation of
nonionic compounds using micelles (2), enantomeric sep-
arations using chiral reagents, and DNA separations us-
ing sieving matrices (3). In 1991, a capillary channel was
formed on a planar substrate using standard silicon chip
manufacturing techniques to produce the first lab-on-a-
chip (4), and patents began appearing shortly thereafter
(5). Meanwhile, the ability to transfer small amounts of
liquid was developed for other applications including the
manipulation of large drug libraries for high-throughput
robotic screening and transfer of oligonucleotides to sub-
strates for making gene chips (6). For the Human Genome
Project, capillary array electrophoresis became the work-
horse of the sequencing effort with a DNA sieving polymer
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that could be easily replaced in the capillary (7). An in-
strument containing 96 capillaries running in parallel re-
duced the sequencing costs from about $1.00 to $0.10 per
base. Recently, the use of microfluidics in medical devices
has reached individual’s homes with the commercial in-
troduction of a handheld blood glucose test system that
uses vacuum to painlessly lance the skin and automati-
cally collect and test a couple of microliters of blood (8).

3. MANUFACTURING AND CONSTRUCTION

As noted above, many manufacturing techniques have
been adopted from the microelectronics industry for con-
struction of microfluidic systems in the last two decades. A
popular process includes coating a substrate with a pho-
topolymerizable coating, using light to form a pattern, re-
moving the unpolymerized coating, and etching a channel
in the substrate with a corrosive solution. In this way,
channels can be etched into silicon or glass wafers. The
width is determined by the photopattern and can be easily
controlled for widths of less than 20 mm. Depths of less
than 5mm are controlled by the etching time. A flat piece
with holes for introduction of solutions is generally at-
tached to form the top of the device and enclose the chan-
nels.

The fluidic channel can also be made from the photo-
polymerizable coating material. The thickness of the chan-
nel is controlled by the thickness of the polymer generally
produced by spin-coating the polymer solution onto a flat
substrate. Viscous SU-8 type photopolymers allow con-
struction of channels more than 1mm deep with 2 mm size
features. For channels wider than 20 mm, acceptable re-
sults have been achieved by curing the photopolymer with
an inexpensive light source and patterns printed by a
high-definition laser printer on an overhead view foil
(B5000dpi). This photopolymer can also be used to
make a ‘‘master’’ used to mold additional devices. Of
course, the ‘master’ can also be made by traditional semi-
conductor methods, micromachining, or from simple ma-
terials such as a thin wire. Polydimethylsiloxane (PDMS)
has been molded against many types of masters with very
good fidelity (9). The low surface energy and elasticity of
PDMS allow it to release from the masters without dam-
aging the master or itself. Simple contact of PDMS to a
smooth surface forms a watertight seal, and good adhesion
to glass, silicon, polystyrene, and polyethylene is found
after plasma treatment of both surfaces. This type of rep-
lica molding and rapid prototyping with PDMS offers tre-
mendous flexibility of design and has been termed ‘‘soft
lithography.’’

Hot embossing and injection molding offer a faster, less
expensive means of mass production. Heat and high pres-
sure have been used to ‘‘emboss’’ or transfer a pattern from
a master to a pliable plastic sheet. Alternatively, molten
thermoplastic can be introduced into a micromachined
mold under high pressure. In both cases, redesign of the
master or the mold takes time and several hundred to
several thousand dollars. Very expensive multiple cavity
molds are used in production. Many devices are made of
polymethylmethacrylate (PMMA), as it is the most hydro-

philic of the common thermoplastics. Sealing of thermo-
plastic components is often accomplished with solvent
bonding or ultrasonic welding.

Double-sided adhesive tape has been cut with a laser to
give well-defined channels. Adhesive tape as thin as 50 mm
is commercially available, with channel widths as narrow
as 1mm. Laser cutting involves vaporization or ‘‘ablation’’
of the material. Ideally, a thin section of the material com-
pletely absorbs light at the laser wavelength. When en-
ough energy is rapidly transferred to the material to cause
vaporization, little heat diffuses to surrounding material
to melt the unablated material and distort the edge. Laser
ablation can also be used to directly create channels in a
substrate, and this method offers significant flexibility in
design. Although laser cutting is currently used to pro-
duce products, it is uncertain whether laser ablation to
directly create features in a substrate can compete effec-
tively with other methods on a commercial scale.

Fabrication of useful devices faces many challenges.
Bubbles are often trapped in the device so minimization of
dead space and the location of vent holes are crucial. Small
amounts of reagents may not be stable in the device and
precise placement of multiple reagents within a single de-
vice remains problematic. Multiple capillary tubes have
been glued to a vacuum-based microfluidic device in order
to automatically take samples from a 96-well microtiter
plate, but more elegant designs are sorely needed. In most
cases, coupling multiple solutions to a microfluidic device
results in a much larger device, thus many of the potential
advantages of microfluidics are lost. Bonding schemes for
dissimilar materials may be ineffective or deform and oc-
clude microstructures (10). Many micro-electromechanical
systems (MEMS) have been designed to provide sampling,
pumping, mixing, valving, heating, and detection func-
tionalities. The cost of most of these MEMS devices dic-
tates that they must be reused; however, their
functionality in terms of carryover and cross-contamina-
tion that are important for multiple uses has generally not
been well characterized. Construction of a fully functional
device is a daunting challenge, so devices with off-board
detection and other functionalities are likely to remain the
norm for the foreseeable future.

4. CAPILLARY ELECTROPHORESIS TECHNOLOGY

Capillary electrophoresis involves passing current
through an ionically conducting solution in a capillary
tube or channel. Figure 1 depicts the unique plug-like
character of electroosmotic flow where the liquid velocity
is uniform across the entire channel with the exception of
a very thin stagnant layer about 10–30-nm thick at the
wall. Under standard conditions, the current generally
results in an electroosmotic flow of 1 to 20nL per minute.
Electroosmosis originates from the electrophoretic move-
ment of the hydrated part of the electric double layer at
the capillary wall. In uncoated glass capillaries, the elec-
tric double layer is formed from the ionization of silanol
groups present on the surface of the capillary. The nega-
tive charge on the capillary surface is balanced by the
positively charged layer of hydrated cations. Upon appli-
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cation of the electric field, this layer begins to move toward
the cathode and, owing to viscous drag, transports the
bulk liquid inside the capillary. The flow is almost plug-
like in contrast to the parabolic flow profile caused by
pressure-driven pumping, discussed later in the chapter.
With bare silica, which is negatively charged above pH 3,
cations will move faster than the bulk flow velocity,
whereas anions will move slower. In automated instru-
ments, the channel may be regularly washed with strong
sodium hydroxide to remove adsorbed species and reionize
the glass surface. As the flow rate is dependent on the
charge density on the sides of the capillary, several meth-
ods have been used to adjust the charge density. The os-
motic flow can be reduced by using a buffer where only a
portion of the silanol groups are ionized (pH 3.5–5.5). Al-
ternatively, various solution additives or capillary coat-
ings can be applied to neutralize or even reverse the
surface charge and osmotic flow. Neutral hydrophilic poly-
mers such as methylcellulose have been used to minimize
electroosmotic flow and reduce electrostatic protein ad-
sorption. For capillaries made from plastic materials, it is
desirable to apply a charged surface coating to enable
electroosmosis. The surface charge, or zeta potential, on
the capillary wall can be further controlled by application
of a radial potential gradient, up to 3MV/cm, imposed by a
high external field.

Electrophoresis is the most capable technology known
for chemical separations. Ionic compounds in solution
electromigrate toward either the positive electrode or neg-
ative electrode, as shown in Fig. 2. This movement is in
addition to the electroosmotic flow in the channel. In most
situations, electroosmosis is faster than electromigration,
so all of the ionic compounds move toward the negative
electrode, although, of course, the negative compounds
move more slowly than neutral or positively charges com-
pounds. The key relationships governing ionic electroph-
oretic separations can be described as follows (1). The

migration velocity of a particular species in a capillary is
given by Equation 1:

n¼ mE¼ mV=L; ð1Þ

where n is the velocity, m is the electrophoretic mobility, E
is the electrical field gradient, V is the total applied volt-
age, and L is the length of the capillary. The viscous drag
of the solvent and the charge and size of the solute control
the migration of a species in an applied electric field. Note
that DNA and RNA are both highly charged and have
significant migration velocities. The time, t, required for a
zone to migrate the entire length of the capillary is given
by Equation 2.

t¼L=n¼L2=mV: ð2Þ

The number of theoretical plates, N, indicating the sepa-
rating power of the capillary is given in simplified form by
Equation 3, where D is the molecular diffusion coefficient
of the analyte.

N¼mV=2D: ð3Þ

N is directly proportional to the applied voltage, which
suggests the use of the highest voltages possible for high
separation efficiency. Somewhat surprisingly, N is inde-
pendent of the tube length and analysis time. Finally, N is
proportional to the ratio of the mobility to the diffusion
coefficient, factors more or less intrinsic to the solute spe-
cies and not easily manipulated to improve efficiency.
Thus, the most direct route to improved separation effi-
ciency is to increase the voltage applied. High voltages
applied to a short tube generate the greatest number of
theoretical plates in the shortest length of time. The cur-
rent generates heat throughout the solution because of the
resistance of the filling solution, but heat is removed only
at the circumference of the tube. The factors governing the
temperature increase are shown by Equation 4, where l is
the molar conductivity of the filling solution and r is the
tube radius.

DT � V2lr2: ð4Þ

Excessive heating degrades the quality of the chemical
separation and, in extreme cases, will vaporize liquid
leading to bubble formation. Clearly, smaller diameter
tubes are more effective in dissipating heat. Heating is
also minimized by only filling the capillary with low con-
centrations of salt and using buffers with a low conduc-
tivity.

In practice, the separation capillary is placed between
two electrode reservoirs filled with background electro-
lyte. Platinum electrodes are connected to a high-voltage
power supply that delivers up to 100 mA and 30kV. About 1
to 10nL of sample is injected by pressure or electrophore-
tically into the 25- to 100-mm id x 20–100-cm-long capil-
lary. Electrophoretic sample injection can bias the sample
that enters the capillary because smaller, more highly
charged species will enter the capillary faster. For elect-

Figure 2. Electrophoretic migration of charged species.

Figure 1. Plug-like electroosmotic flow profile.

MICROFLUIDICS 3



rophoretic sample injections, greater than 10-fold in-
creases in the amount of analyte injected can be achieved
by using samples in water or dilute buffer as a large volt-
age drop across the sample will occur and ionic compo-
nents will electromigrate into the capillary to an extent
that is greater than their percentage of the sample. The
detection limits achievable in microdevices is often limited
by the short sample pathlength available for optical de-
tection. The detection limit for the system can be improved
by increasing the pathlength of detection by either ex-
panding the diameter by forming a bubble in the capillary
or by bending the capillary into a Z shape to increase the
pathlength, for example, from 75 mm to 1.2mm. Typical
detection limits using a UV detector are on the order of
10� 5 to 10�6M, which is two orders of magnitude higher
than commonly found with high-pressure liquid chroma-
tography (HPLC). The higher detection limit is because of
the smaller injection and detection volumes.

An important method called micellar electrokinetic
capillary chromatography (MEKC) was developed to sep-
arate neutral species (2). A detergent such as sodium do-
decyl sulfate is added to the running buffer above its
critical micelle concentration. The negatively charged mi-
celles migrate toward the detector at a slower speed than
the osmotic flow. A large number of analytes can partition
into the micelle by hydrophobic interaction, and the aver-
age time the analyte spends in the micelle determines the
time it goes by the detector. This method is rugged and
well-suited to small drug molecules and organics that can
penetrate into the micelle. The resolution achieved with
MEKC easily reaches 200,000 theoretical plates, which is
ten times higher than that of HPLC. In general, the main
cause of band broadening is molecular diffusion with mi-
nor contributions from the kinetics of partition equilib-
rium and microheterogeneity of the micelle. This basic
method has been extended by forming an oil emulsion
with a surfactant coating. Solutes more easily penetrate
the surface of the droplet than the more rigid surface of
the micelle. Selectivity can be adjusted by varying the
concentration of surfactant, buffer pH, and type of oil. Ex-
cellent separation of chiral molecules is generally possible
using cyclodextrins, proteins, crown ethers, and chiral
surfactants such as bile salts and derivatized amino acid
surfactants in the running buffer. Separating enantiomers
in this way is relatively inexpensive compared with the
use of chiral chromatography columns costing upward of
$1000 each. Interestingly, chiral columns are still more
commonly used for chiral separations because of wider
availability of HPLC equipment and the greater perceived
ruggedness of column-based methods. DNA and RNA sep-
arations, on the other hand, are nearly always performed
by some sort of capillary electrophoresis. Filling the cap-
illary with a sieving matrix, such as linear polyacryl-
amide, allows reliable, baseline separation of DNA
fragments of up to 500–700 bases differing in only one nu-
cleotide in a 2–3 hour run. In one commercial 96-capillary
instrument, a sheath-flow of buffer is introduced on the
outside of the capillary to hydrodynamically focus the
stream exiting the separation capillary and improve the
detection limit. Most of the methods developed for capil-

lary electrophoresis have been directly adapted for use in
planar chip formats.

4.1. Electrophoresis Chips

The planar format of a chip allows construction of small
inexpensive devices retaining the rapid, high-resolution
separation capabilities of traditional capillary electropho-
resis. The layout of a commercially available chip designed
for the analysis of 12 DNA samples is shown in Fig. 3. A
benchtop instrument contains 16 electrode pins that con-
tact the wells and a fluorescent detector. After the chip is
filled with a sieving polymer using a syringe, 1ml samples
are introduced into the 12 sample wells and a solution of
DNA standard sizing ladder is added to the well labeled L.
An expanded view of the injection intersection is shown in
Fig. 4. In the first loading step, a high potential is applied
between the ladder well and the waste well labeled G2 to
create an injection volume of about 25 pL at the cross-in-
tersection of the channels. During the loading phase, the
current is adjusted so that flow is also driven from wells
G1 and G3 toward the waste well labeled G2, which pre-
vents diffusion of the sample into the separation channel
prior to injection, a technique called pinched injection.
Separation of the sample is carried out by application of
about 250V/cm across the 35-mm wide, 12-mm deep, 12.6-
mm long separation channel. While one sample is under-
going separation, the voltage to the well of the next sample
is adjusted to move the sample toward the injection point
reducing the time required to run the chip (approx.
30min). A slightly more complex commercially available
protein-sizing chip has the ability to mix an analytical re-
agent with the sample and perform a dilution step prior to
detection (11). Many more complex multiple-channel lay-
outs have been evaluated including a radial design fabri-
cated on a 20-cm diameter glass wafer capable of holding

Figure 3. Chip layout with 12 sample wells, a ladder well, and
three gel/waste wells. Actual size 17 � 17mm. Courtesy of Cali-
per Technologies Corp.
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384 samples with a single detector in the center. Com-
puter-aided design has identified optimized turn geome-
tries for microchip electrophoresis. Serpentine channels
are often desirable to achieve longer separation lengths
and higher resolution separations in a compact area. Un-
fortunately, analyte bands that travel through a curved
channel experience dispersion created by both a difference
in path length traveled around the curve and a difference
in electric field gradient across the channel in a turn. A
constriction of the channel width in the turn of the chan-
nel can fully compensate for both types of dispersion ef-
fects. Lower dispersion turns have also been constructed
by increasing the depth of the channel around the turn;
however, this design is not compatible with some manu-
facturing methods. Computer simulations based on an
equivalent circuit model are able to approximate the re-
sistances and currents, even for highly complex channel
geometries, and yield reasonable predictions for electro-
osmosis flow patterns. As the surface charge on polymer
surfaces is less well-defined than for glass, a full under-
standing of the potential and limitations of polymer chips
is still lacking. The native hydrophobicity of polymers cre-
ates absorption and wetting problems that are especially
troublesome when dealing with proteins. Thus, it is not
surprising that chemical modification of polymer channels
is an active area of investigation.

4.2. Generation of Discrete Small Volumes

Generation of discrete small volumes is an area of rapid
technological innovation having an enormous impact in
areas such as low-cost manufacturing with expensive rare
reagents, production of high-density arrays, and scientific
study of individual cells. Handheld pipettes are tradition-
ally used to dispense volumes down to 1 mL, and 1-mL sy-

ringes with a wire in the needle can dispense volumes
down to about 10nL. In some cases, a portion of the dis-
pensed volume is retained on the pipette tip or syringe
needle leading to inaccuracies in transfer. Clearly, surface
tension and capillary forces become dominate at low vol-
umes. Various automated dispensing systems based on
solenoid valves have been configured into printheads ca-
pable of rapidly delivering a fairly wide range of volumes
(i.e., 10 to 1000nL). State-of-the-art systems include 96
independent channels compatible with 384- and 1536-well
formats that print 96 spots, 40nL in volume in 140ms.
These large instruments may adjust the valve time to
compensate for temperature changes to the viscosity of the
solution. Smaller volumes can be dispensed from piezo-
electric or thermal inkjet nozzles. Printheads contain
small orifices that eject droplets upon application of an
electric field that vibrates the wall in the case of the pi-
ezoelectric device or heats the solution to produce a bubble
in the case of the thermal device. Typical droplet sizes are
on the order of 400 pL and yield 250-mm diameter spots. As
the printhead is held away from the surface, the spot sized
is generally larger than with the pin printing that is dis-
cussed below. Formulation of solutions suitable for inkjet-
type printing can be problematic. All bubbles must be re-
moved when priming the system and low surface tension
solutions may wet the surface of the head preventing
proper ejection of droplets. Obviously, evaporation and
clogging can be serious issues.

Contact printing is commonly used to transfer a small
amount of solution from a microtiter plate to a substrate
such as a glass slide (6,12). This technology has been rap-
idly developed for the manufacture of DNA and protein
arrays. In one example, a ring is dipped into the solution
picking up about 1.5mL of solution, then a 150-mm diam-
eter flat-headed pin passes through the thin film of liquid

Figure 4. Injection intersection (expanded from
Fig. 3) showing the flow path during sample load-
ing and sample injection. Courtesy of Caliper Tech-
nologies Corp.
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and deposits about 50 pL of solution on the substrate. Al-
ternatively, a reservoir pin may be dipped into the solu-
tion, wicking up some solution and depositing it upon
contact with the substrate. A slot is generally cut in the
tapered end of the pin to draw solution into a 0.1–1.25-mL
reservoir. A typical pin is 100-mm diameter at the tip with
a 40-mm wide slot. The amount of liquid delivered is de-
pendent on the diameter of the tip, the contact angle the
solution makes with the substrate, and the velocity of the
tip toward the surface upon impact. Aqueous solutions
should reach equilibrium with the surface in less than
20ms, so contact times are generally at least 100ms. A
100-mm diameter pin typically delivers 0.5 nL of solution
to the substrate to give a 120-mm diameter spot. When the
pin is operated in a humidified chamber, several hundred
drops can be delivered before the pin must be refilled.
Printing robots generally hold 16 to 48 pins with the pitch
of the pins matching the pitch of the microtiter source
plate wells. A precision robotics platform is needed to as-
sure coplanarity of the pins and positioning of the spots.

Large arrays of microwells can be reproducibly filled
with a liquid using a simple process known as discontin-
uous dewetting (13). A drop of liquid is passed over the
surface bearing discrete depressions and, under favorable
conditions, the depressions remained filled as the liquid
dewets the surface of the material. Diameter and depths of
the depressions are easily adjusted from 2mm (B1-mm
deep) to 1000mm (40–200-mm deep) to contain between 3 fL
and 160nL of solution. Surfaces with a low surface energy,
such as hydrophobic PDMS, are amenable to surface
dewetting with a large range of aqueous and organic sol-
vents. Rapid evaporation may be avoided by using less
volatile solvents or cosolvents such as glycols, or by cov-
ering the wells with mineral oil or heptane. Large arrays
of microwells can also be reproducibly filled with micro-
spheres when the sizes of the spheres and wells are
matched (14). A simple method of forming 4-mm diameter
wells involves etching the silica of an optical fiber with
hydrofluoric acid to create a small well within the fiber-
optic cladding. Several thousand optical fibers in a bundle
can be etched simultaneously and filled with microbeads
containing different analytical reagents in a volume of
about 30 fL per well. Interestingly, single mammalian and
yeast cells can be introduced into 6–7-mm diameter wells,
whereas smaller rod-shaped bacteria cells fit into 2.5-mm
diameter wells. The fiber-optic bundles containing differ-
ent cells are easily dipped into various solutions and the
optical response of each individual cell monitored through
the fibers. Along a similar vein, considerable interest ex-
ists in producing a high-throughput system for ion chan-
nel drug screening by the patch-clamp technique. Key to
this effort is placing a single cell over a micron-size hole
and forming a high-resistance seal between the aperture
and the cell membrane. A combination of vacuum and ta-
pered ion-track etched holes on a planar substrate has re-
cently proven effective in automatically producing these
high-resistant seals with mammalian cells. Several earlier
efforts in this area failed possibly because of narrow side-
walls or sharp corners of apertures that reduced the cell
contact area. A number of microfluidic systems have al-
ready been constructed that rapidly and sequentially

change the solution around patch-clamped single-cells
and multiplexed cell systems.

Allowing liquid to entirely fill a capillary space is a
common method of producing a small known amount of
solution, which is particularly useful in fixing the ratio of
sample to dried analytical reagent in the channel. A hy-
drophobic barrier may be placed in the channel to fix the
initial amount of solution while leaving open the potential
for later movement of the solution further down the chan-
nel. One way for the flow to proceed down the channel is
for the hydrophobic barrier to become hydrophobic over
time. For example, protein in the solution may wet the
barrier. Alternatively, the hydrophilic material may dis-
solve or undergo a chemical reaction with the solution. Air
segments have also been introduced to divide off solution
into discrete nanoliter-size droplets and move the droplets
beyond the barrier. In more advanced devices, an electri-
cal contact measures when the capillary space is filled
and, upon filling, removes the capillary from the sample
source.

4.3. Movement of Small Volumes

Surface tension is an important force as the dimensions of
the system becomes smaller, as is easily demonstrated by
watching liquid rinse in a small capillary tube. The height
that fluid rises in the capillary depends on the contact an-
gle the liquid makes with the wall, Y, and increases as the
radius of the capillary decreases, as shown in Equation 5:

height¼
2 cos Y� surface tension

radius� liquid density� gravitational acceleration
:

ð5Þ

Likewise, a single droplet of fluid has a capillary pressure
that increases as the radius of the droplet decreases. The
capillary pressure of fluid in a channel increases as the
channel dimensions become smaller such that the pres-
sure in a 10-mm channel is about 10kPa or 0.1 atmo-
spheres. The time required to fill a capillary, neglecting
the force of gravity, is dependent on the capillary pressure
and the fluidic resistance of the channel. When the depth
of a capillary channel is much smaller than the width, the
relationship is given as:

Time¼
ðlengthÞ2� 3� viscosity

depth� surface tension� cosY
: ð6Þ

As the dimensions of the channel become smaller, the flu-
idic resistance of the channel increases faster than the
capillary pressure increases, so smaller channels fill more
slowly. Increasing the length of the channel leads to much
longer filling times as indicated by the squared relation-
ship. At some point along the capillary, the flow can be
increased or decreased by coating the channel with a ma-
terial that changes the liquid contact angle. It is difficult to
model systems where the contact angle is not well-defined,
such as when the coating material dissolves. The lateral
flow rate through a porous membrane is also determined
by the pore size of the membrane. Membranes as thin as
100 mm with pores as large as 5mm have sufficient tensile
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strength for manufacturing 100-m long rolls. High flow
rate membranes are commercially available with specifi-
cations in the range of 60 to 240 s per 4 cm. These mem-
branes are used in a variety of immunoassay test strips,
such as those for drugs of abuse and home pregnancy
testing.

Pressure supplied by a pump is another commonly used
method for moving fluid in a microfluidic device. As shown
in Fig. 5, a hyperbolic flow profile, termed laminar flow,
nearly always results where the flow is faster in the center
and reaches zero near the wall. Under constant pressure,
the flow at any distance, r, from the wall edge remains
constant with time and can be calculated from the pres-
sure drop, viscosity of the solution, and radius of the tube,
ro.

Velocity¼
p2 � p1

4� viscosity� length
ðr2o � r2Þ: ð7Þ

Fluid flow at small dimensions is almost always laminar
or well-defined rather than turbulent or chaotic, and the
transition between these two regimes can be calculated
from the well-known Reynolds number. The flow rate of
fluid through a tube is proportional to the applied pres-
sure and inversely proportional to the length of the tube
and the viscosity of the solution as follows:

Flow rate¼
p�pressure� ðradiusÞ4

8� length� viscosity
: ð8Þ

The radius of the tube is extremely important with high
backpressure limiting the maximum flow achievable
through small tubes or channels. An external syringe
pump or applied vacuum is often used to move fluid
through small channels. Piezoelectric and miniaturized
membrane pumps have been integrated with microfluidic
channels, and these systems are generally capable of flow
rates of a few microliters per minute.

Introducing two solutions into a thin channel results in
a stable interface between the solutions. The position of
the interface in the channel depends on the flow rates of
the two solutions and can be precisely controlled. In fact,
the flow rates can be adjusted to deliver small molecules
from one stream to only one side of a human cell immo-
bilized in the channel. Of course, further downstream, the
two solutions have been in contact for some time and mix-
ing of the solutions occurs by diffusion. Diffusion can be
modeled in one dimension by the equation d2

¼ 2Dt,
where d is the distance the molecule moves in a time t and
D is the diffusion coefficient of the molecule. As distance
varies to the square power, diffusion becomes very impor-

tant at small dimensions. A concentration gradient is eas-
ily formed as two laminar steams move further along the
length of the channel. For example, in a 0.5-mm-wide
channel, 25-mm high with a flow rate of 0.5-mL per minute,
a protein diffuses about 25 mm across the channel in 8 s (or
about 5mm down the channel). This technique has been
used to pattern a protein gradient on a surface. Cells or
microparticles with a small diffusion coefficient generally
stay in one side of the channel and a smaller species can
diffuse over from the second stream to the particles with
concentrations depending on the time the solutions are in
contact. A number of analytical methods, including com-
petitive immunoassays, have been developed that mea-
sure the signal across the channel after interdiffusion of
sample and reagents (15).

Centrifugal force is an attractive method for moving
fluid because a simple motor is capable of generating a
wide range offluid pressures. Centrifugal force depends on
the speed of rotation and the distance from the center:

1:118� 10�5� radius ðin cmÞ� rpm2

¼ relative centrifugal force ðgÞ:
ð9Þ

Thus, pressures in excess of 800 times the force of gravity
are generated at 4000 rpm with a 5-cm radius. Sample
wells and small channels are relatively easily fabricated
on a CD-size disk. Samples may wick into a portion of the
device through capillary action and stop because of a hy-
drophobic barrier or a capillary burst valve (16). The re-
sistance of flow through the device is dependent on the
channels dimensions as previously discussed for flow
through a tube. A wide range of flow rates, over the range
of 5 nL/s to 100 mL/s, is achievable by changing the size of
the channel and rate of rotation. In contrast to capillary
electrophoresis, pumping is insensitive to the pH and ionic
strength of the fluid, and organic solvents can be used if
compatible with the plastic components. Filters and chro-
matographic packing materials have been incorporated
into the CD-type centrifuge format. In one commercial de-
vice, a small 200nL sample of protein is desalted and con-
centrated on a reverse-phase column and eluted for
matrix-assisted laser desorption ionization mass spect-
rometry (MALDI) (17). At elution rates of a few nanoli-
ters per second, the purified sample evaporates evenly on
the 200 � 400mm gold target area. A single CD can easily
process 48 or more samples using multiple channels and
fluid reservoirs per sample. Samples are relatively easily
added to the open sample wells on the top of the disk
without the need for tubing connections.

Numerous other methods have been used to move fluid.
At small volumes, allowing evaporation to occur at one end
of the system provides a small flow. In most cases, the so-
lution contains nonvolatile solutes that build up over time,
degrading the performance of the system. Electrolysis has
been used to generate gas bubbles to supply pressure;
however, once bubbles displace the electrolyte solution
over the electrodes, the generation of gas stops. Electro-
generated bubbles may find more use as valves where
bubble generation can be rapid to stop flow and dissolution
of a small amount of the bubble will open a part of the

Figure 5. Laminar pump driven flow through a tube.
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channel and restore flow. Another technique for pressure
generation is to heat a confined volume of gas. In an in-
teresting preliminary study, flow rates of 20nL/s were
produced in a 300-mm � 30-mm channel by heating a
400nL chamber at 61C/s (18). A 50-nL droplet of fluid was
moved past a hydrophobic patch and an air vent allowing
the controlled movement of droplets through the system.
Construction of the hydrophobic barriers on the chip com-
plicates construction, but the resistive heating element
may be easily integrated and requires very little power.
Another emerging method of fluid movement involves the
electrowetting phenomenon. Applied electrostatic fields,
even through a dielectric coating, can reduce the surface
tension of liquid allowing flow. An array of electrodes can
be constructed under a microchannel and the electrodes
successively biased to produce flow through the channel.
Finally, the ever-present force of gravity may need to be
evaluated, if only to confirm that other factors dominate.
Many devices have a sample well connected to a micro-
channel, so the fluid head in the sample well may poten-
tially give rise to pressure induced flow by gravity.
Gravimetric pressure is given by:

P¼ rgz; ð10Þ

where p is the liquid density, g is the gravitational accel-
eration, and z is the height of the liquid column. From the
pressure, the gravitational flow rate can then be calcu-
lated from Equation 8.

5. MICROFLUIDIC COMPONENTS

Microfluidic systems generally contain a combination of
on-board and off-board components, each providing a spe-
cific functionality. The choice of components is determined
by factors such as the ease of on-board incorporation, the
goals of the research group, and the specific application.
Many devices are capable of metering, mixing, and react-
ing solutions so multiple fluidic pathways and reaction
chambers are provided. Numerous pumping and valving
schemes have been studied; however, it is difficult to suc-
cinctly describe and rate the different technologies. Be-
sides the methods discussed earlier in the chapter,
piezoelectric elements and magnetically actuated on-
board pumping mechanisms have attractive features in
terms of size, simplicity, and cost. Off-board air pressure is
often used to deflect an elastic membrane and close a
channel or pump a fluid. Relatively conventional technol-
ogy has been miniaturized to produce electromagnetically
actuated valves, whereas new methods and novel materi-
als involving electrically active polymers and hydrogels
have also been explored. Computer modeling has greatly
influenced the design of passive valves and mixers. Rapid
mixing is generally possible in a 2-D or 3-D design with a
small footprint; however, passive valves remain relatively
inefficient.

Additional microstructural features are often incorpo-
rated into systems to perform specific functions. Capillary
dimensions of only a few micrometers have been used for
sorting individual molecules and for ultra-fast separations

on the order of 20ms. Larger post separation reaction and
detection chambers are commonly used for enzymatic and
immunoassays requiring addition and incubation with
analyte-specific detection reagents. Frits are used to con-
trol microparticles and cells, whereas white blood cells
may be partially separated from red blood cells based on
restriction of flow over a weir. A recent study of very small
80-nm-wide pillars spaced 135nm apart with long DNA
molecules demonstrated a new separation mechanism
termed entropic recoil separation (19). On application of
an electric field, DNA molecules begin to move into the
pillar structure. After about 1 s, short DNA molecules
have completely uncoiled and moved into the pillar struc-
ture while only a part of the longer DNA molecule is
within the pillar structure and the remainder of the mol-
ecule remains coiled outside. If the electrical potential is
relaxed at this point, the longer DNA molecules extract
themselves from the pillar region and reform into their
energetically favored coil state. The pillar structure is
small with respect to the radius of gyration of the coiled
form of the small DNA, so these molecules remain ex-
tended and move along the pillar structure with each ap-
plication of the electrical potential. Incorporation of
conditions suitable for the polymerase chain reaction
(PCR) amplification of DNA has been integrated into sev-
eral chip formats. Amplification typically requires up to 40
heating and cooling cycles to achieve detectible DNA con-
centrations. PCR performed using an on-board heating
element can be faster than with conventionally sized sys-
tems because only a small volume of solution is heated and
subsequent cooling is rapid. Resistive and infrared heat-
ing elements are used to heat static reaction chambers in
as little as 100ms. Dynamic heat cycling may be per-
formed by flowing the PCR reaction mixture across mul-
tiple heating elements designed such that the solution
cools before reaching the next element. The moisture va-
por transport properties of the heated channel or chamber
must be adequate to contain the hot solution; polymers
such as PDMS are unsuitable. The choice of construction
materials and fabrication techniques may also impact the
PCR enzyme reaction because the reaction is susceptible
to inhibition.

Integration of components into microfluidics systems
has been partially constrained by the limited number of
materials and methods available from the traditional
fields of silicon wafer and polymer processing. Emerging
trends in hybrid structure fabrication involve the on-chip
fabrication or modification of features, and the stacking of
multiple layers to incorporate dissimilar materials. The
on-chip fabrication efforts often involve filling the device
with a photoreactive polymer solution and using light to
form an active or passive structure. This technique can be
used to form the channel itself or to modify a preexisting
channel. Pumping two reactive monomer solutions into a
single channel has been used to form a gas-permeable ny-
lon membrane down the center of the channel. Fairly com-
plex and well-defined metallic leads have been formed in
channels using multiple laminar flow streams and elec-
trodeless deposition solutions. In situ modification of fea-
tures is exemplified by the use of ultraviolet light to
increase the hydrophilicity of the polymer channel. Stack-
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ing layers to form hydride structures has often taken the
form of placing a flow cell over a dissimilar material.
These two-part designs have been extended to multiple
layers, often containing air channels in the center layer for
controlling valving and other functions. Incorporation of
membranes or small volume spacers in the center layer
with crossed junction flow channels above and below pro-
vides a system for applications such as small volume com-
binatorial chemical synthesis and protein crystallization.
Unfortunately, the complex functionality potentially pro-
vided by multiple layers may be difficult to achieve. The
existing methods for alignment, stacking, and sealing of
multiple layers are time-consuming and sometimes inef-
fective. Thus, new methods and materials capable of con-
necting features on different substrates over large areas
are highly desirable. Significant barriers also exist with
respect to incorporation of a large number of different an-
alytical or chemical reagents within a single hybrid device
capable of testing several different solutions. Perhaps the
greatest limitation for the realization of a small, inte-
grated multiple analyte–multiple sample system is the
lack of a good method for making physical connections to a
large number of external samples.

Most microfluidic analysis systems use some sort of off-
board optical-based detection, with absorbance, fluores-
cence, and chemiluminescence being the most common.
Reasonably small-sized surface plasmon resonance, mag-
netic particle, and other detection systems exist; however,
electrochemical methods represent the most viable option
for complete miniaturization of the entire system at a rea-
sonable cost. In electrophoresis-based instruments, a dif-
ficulty exists in uncoupling the high potential used for
fluid movement from the smaller potential or current gen-
erated in the detection circuit. Recently, some of these is-
sues with electrochemical detection have been solved and
systems with reasonable detection limits constructed. To
date, the peak widths and resolution of analytes in these
systems appear to be partially compromised by the width
of the sensing electrode in the channel or additional dead
space introduced between the channel and detector.

6. COMMERCIAL SYSTEMS

Mechanically based fluidic systems have been incorpo-
rated into commercially successful systems as exemplified
by the i-Stat products (20). An extensive menu of critical
blood chemistries can be tested with their single-use elect-
rochemical cartridges. After adding a drop of whole blood,
the cartridge is closed and placed into a handheld battery-
operated meter. An actuating element within the meter
applies a small force to a hinged paddle formed in the
cover of the cartridge so that the hermetically sealed ca-
librant fluid pack is ruptured by a barb and fluid is forced
through a conduit, typically 0.5 � 1mm, and over the sen-
sor array. The calibrant fluid hydrates and calibrates the
sensors. Then, another actuating element within the
meter applies a force to an air chamber within the car-
tridge so that the sample is forced into the conduit con-
taining the sensor array. An air segment created by a
feature in the cartridge cover moves ahead of the blood,

minimizing mixing of the specimen and calibrant. The
sensor arrays are fabricated from silicon wafers using
both thin- and thick-film technology with ion-selective,
enzyme, and polymer coatings. The i-Stat meters are used
in hospital emergency units and at other points of patient
care where the menu of test results generated in about
3min can impact patient’s care.

The largest market for miniaturized analyzers is in
whole-blood glucose testing for the management of diabe-
tes. An extraordinarily high degree of integration has
been achieved in the MediSense Sof-Tact system that
painlessly collects and tests whole blood with the single
touch of a button (8). The handheld battery-operated
meter contains a small vacuum pump that stretches the
skin up to the level of an electrochemical glucose test strip,
fires a lancet through a hole in the test strip, indexes the
test strip over the lancet wound, collects blood until a fill
sensor is triggered, and measures the blood-glucose level
in about 20 s. Lancing body sites other than the finger is
virtually painless, and the physiology of small-volume
blood collection with vacuum and skin stretching is rea-
sonably well understood (21). A variety of electrochemical-
based test strips based on capillary filling or chemically
aided wicking of a whole-blood sample obtained from a
fingerstick are on the market, with one brand requiring
only 300nL of blood.

7. OUTLOOK

The technology for controlling small volumes of fluid is
advancing on a broad range of fronts. A patterning tech-
nique termed dip-pin nanolithography is capable of pro-
ducing 100-nmwide feature less than 1-nm high, although
the types of compounds and substrates that can be used is
currently quite limited. The field of nanofluidics is emerg-
ing where many of the traditional equations describing
fluidics do not hold. Others are investigating alternative
methods for the control and movement of fluid, for exam-
ple, ultrasonic acoustic streaming and optical trapping.
Optical tweezers or optical trapping is a well-known tech-
nique for manipulating individual cells or particles with a
higher index of refraction than the surrounding medium
using laser beams. The recent application of holographic
optics to optical trapping allows the simultaneous 3-D
control of many particles. The electrically controlled ma-
nipulation of cell-size particles by dielectrophoresis is al-
lowing control and separation of specific cell fractions from
complex biological samples. Perhaps most importantly,
microfluidic systems are beginning to provide information
on cellular functions of individual cells at a subcellular
level that should lead to exciting new basic knowledge in
the area of cellular responses to external stimuli and sub-
cellular biochemistry.

Development of more elegant manufacturing technolo-
gies and transitioning from semiconductors to plastic poly-
mers will likely reduce costs and accelerate acceptance of
microfluidic technology by large manufacturers. Chemical
functionalization of polymer materials and the incorpora-
tion of on-board components will also increase the func-
tionalities contained in hybrid devices. Integration of
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sensitive chemical and biological components into these
devices will be a key factor in producing commercially
successful products. Improved control of the microfluidic
interfaces is allowing greater control of emulsion compo-
sition and the manufacture of unique droplet and fiber
structures (22). The combination of multiple stream lam-
inar flow with in situ photopolymerization and electro-
spinning fabrication methods are excellent examples of
the type of processes that lead to new commercial prod-
ucts.
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1. MICROMECHANICAL DEVICES

The miniaturization of mechanical systems, and more spe-
cifically micromechanical devices, promise new opportu-
nities in many biomedical applications because of their
specific characteristics. These micromechanical devices
are much smaller, lighter, faster (e.g., higher resonant fre-
quency), and often more precise or sensitive than their
macroscopic counterparts. In particular, micromechanical
devices present opportunities in assisting in diagnostic,
surgical, and therapeutic applications. Micromechanical
devices are also often referred to as micro-electromechan-
ical systems (MEMS) (1) when combined with electronics,
and when conceived for a particular biotechnology-based
application, they are often referred to as bioMEMS (bio-
micro-electromechanical systems) (2). Today, microme-
chanical devices exist in many environments such as au-
tomotive, consumer, industrial, aerospace, and
biomedical. Biomedical applications for micromechanical
devices are an area that is forecast to experience substan-
tial growth. An example is the implantable and disposable
blood pressure sensor, one of the earliest bioMEMS appli-
cations, which continues to grow. MEMS-based lab-on-a-
chip for point-of-care diagnostics on a patient is another
promising application in biomedical where the time and
cost associated with conventional methods can be reduced
significantly. Of particular interest in the biomedical field
are micromechanical devices such as microtransducers in
the form of micromechanical sensors (3,4), and microme-
chanical actuators (5) including micromotors.

In the following sections, micromechanical sensors and
actuators are introduced with a review of the main sens-
ing and actuation mechanisms. As it is not possible here to
describe all the types of micromechanical sensors and ac-
tuators used in the biomedical field, an example of a typ-
ical micromechanical sensor/actuator is provided where
acoustic waves are used to sense various parameters of the
human body. Then, an exhaustive list of biomedical appli-
cations supported by micromechanical devices follows.
More specifically, the list is partitioned among three im-
portant fields, namely diagnostic, surgery, and therapy. As
microfluidic systems play an important role in the bio-
medical field, micromechanical devices in the context of
microfluidic are also introduced. Then, the technical is-
sues of fabrication, integration, and the choice of materials
for biomedical micromechanical devices are presented fol-
lowed by the main challenges and technical issues that
one may face in the development of such micromechanical
devices. Finally, the last section provides a short intro-
duction to nanomechanical devices and components.

1.1. Micromechanical Sensors

Micromechanical sensors use physical mechanisms to
sense the parameter of interest. A variety of micro-sen-
sors have been developed for measuring position, velocity,
acceleration, pressure, force, torque, flow, magnetic field,
temperature, gas composition, humidity, pH, solution/
body fluid ionic concentration, and biological gas/liquid/
molecular concentrations. Two examples of the most pop-
ular micromechanical sensors are the accelerometers and
the pressure sensors. Micromechanical accelerators typi-
cally consist of a mass suspended at the end of a thin beam
in such a way that, when the device is accelerated, the
suspending beam or beams bend because of the force de-
veloped. Detection of the acceleration is typically done
with techniques described later using piezoresistors lo-
cated where the strain is the greatest (i.e., at the inter-
section of the beam and the support structure) or using
capacitance sensors. The micromechanical cantilever-
based pH microsensor (6) is another simple example of
biomedical micromechanical sensors.

Different sensing techniques are used in micromechan-
ical sensors. For instance, one technique is based on the
piezoresistive effect where the change in resistance of a
material with applied strain is monitored and measured.
Similarly, by deposing and patterning some piezoelectric
crystals, such as zinc oxide and PZT (PbZrTiO3—lead zir-
conate titane), on microstructures of a micromechanical
device, a charge proportional to the force applied to the
piezoelectric material is induced. With a simple measure-
ment of the electrical potential that appears across the
piezoelectric material, the amplitude of the force applied
can be determined.

Another well-known micromechanical-sensing method
uses capacitance. Capacitive-based micromechanical sen-
sors have two integrated parallel conducting plates sepa-
rated by a dielectric material. As the capacitance is
inversely proportional to the distance between the two
plates, it is possible to measure small displacements (or
other phenomena causing a variation of the distance be-
tween the two plates) in the micrometers or tens of mi-
crometers with nanometer accuracy provided that the
relatively complex instrumentation to measure variation
in capacitance has the proper specifications.

Another technique often used in micromechanical sen-
sors integrates reflective material, such as aluminum or
silicon, on flexible microstructures, such as beams or
membranes. Optical means are then used to sense dis-
placement or deformation of these micro-engineered mi-
crostructures. Typically, a laser beam is directed at the
surface of the microstructure to be monitored in such a
way that interference fringes are obtained and analyzed to
detect and quantify corresponding displacements or de-
formations.

Another well-knownmicromechanical-sensing device is
the resonant sensor. The parameter of interest to be
sensed can modify the resonant frequency of a microstruc-
ture such as a beam or a bridge. In turn, this shift in the
resonant frequency can be monitored with implanted sen-
sory methods such as piezo-resistance or optical tech-
niques, as discussed earlier, to name but a few. It is
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possible to tune the resonant frequency by varying the
geometry of the resonant microstructure (e.g., its length,
thickness, or width), its mass, and the modulus of elastic-
ity of the material. Furthermore, by coating such resonant
microstructure with a specific material that binds to the
substance of interest, one can create a biosensor (7) where
the resonant frequency is altered by an increase of the
mass caused by the addition of binding substance.

1.2. Micromechanical Actuators

Micromechanical actuators produce mechanical output at
a microscale, also referred to as microactuation. Microac-
tuation can be used to drive cutting tools for microsurgical
applications, or to drive micropumps and valves for mi-
croanalysis or microfluidic systems, just to name a few.

The main methods for achieving microactuation are:
electrostatic, magnetic, piezoelectric, hydraulic, and ther-
mal. In micromechanical systems, electrostatic actuation
is one of the most common and well-developed methods of
actuation, with the disadvantage of wear and sticking
problems. Compared with magnetic actuators, electro-
static actuators usually offer better output per volume at
the microscale because magnetic actuators usually re-
quire relatively high currents. Thermal actuators also re-
quire relatively large amounts of electrical energy.
Furthermore, the heat generated by thermal actuators
may be problematic for some applications, and the need for
heat dissipation may pose additional constraints on the
choice of materials and the design of the micromechanical
device.

1.3. Example of a Micromechanical Device for Biomedical
Applications

A good example of a micromechanical device that can help
understanding the combination of sensing and transduc-
tion for biomedical applications is the well-known acoustic
biomedical sensor. Although acoustic waves can be gener-
ated by various means, piezoelectric transduction has
been widely used for the generation and reception of
acoustic waves for biomedical applications because the
use of piezo-materials in the same electro-mechanical
transduction mechanism can be used not only for sensing
but also for transduction. These micromechanical devices
are typically designed to operate in a resonant-type sensor
configuration where the output sensor signal is the reso-
nant frequency shift that is a function of the measurand.

Different types of acoustic waves can be used for bio-
medical sensing. First, acoustic waves can be considered
as a source of distributed forces acting on a medium, such
as human tissues, muscles, etc., and knowledge about the
properties of such a medium is critical in selecting the op-
timal acoustic wave. The penetrating depth, which typi-
cally ranges from micrometers to nanometers, depends on
the frequency of the wave as well as the density and the
viscoelastic properties of the medium. Various types of
measurements are possible because acoustic wave sensing
mechanisms are very broad and acoustic sensors are ca-
pable of measuring the changes in elastic modulus, mass/
density, viscosity, electrical conductivity, and dielectric
constant.

1.4. Biomedical Applications

As mentioned earlier, in the biomedical area including
medicine, micromechanical systems can be used as diag-
nostic, surgery, and therapeutic micromechanical sys-
tems.

Although several medical micromechanical devices
have been developed, only a small but growing number
of these systems have been used in real medical applica-
tions, which is due, in part, to technical issues, such as
packaging, materials, and interconnects; testing and cal-
ibration; and reliability; but also because of other factors
such as high entry costs; inertia of the medical industry
and the approval process (e.g., the U.S. Food and Drug
Administration approval process); misunderstanding of
the health care needs or the technology offerings; etc. De-
spite these difficulties, several micromechanical devices
have been used successfully in the medical fields.

1.4.1. Micromechanical Devices for Diagnostic. Micro-
mechanical devices here include micromechanical devices
integrated as part of MEMS or bioMEMS. The following
list from (8) is not exhaustive but should provide a feel of
the applications that are presently supported.

Micromechanical systems are involved in all sorts of
DNA analysis-based applications, such as the nanoliter
DNA processors (9), DNA hybridization analysis (10),
high-density droplet array for DNA processing (11), min-
iaturized PCR DNA amplification chamber (12), and var-
ious other DNA arrays (13,14). They are also used in
microfluidics-based analysis systems (15,16) and related
applications such as blood cell separators (17), capillary
electrophoresis systems (18,19), cells sorting (20), and sev-
eral more. Other diagnostics-based applications include,
but are not limited to, contact protein printing (21), eva-
nescent array pathogen detectors (22), surface plasmon
resonance (23,24), electrochemiluminescence detection
(25,26), mass spectrometer (27), molecular-recognition bi-
osensor array (28), optically-based continuous-flow and
separations (29), high-speed sequencing for the Human
Genome Project (30), MEMS chemical sensors and
immunosensors (31,32), acoustic particle manipulations
(33), cancer detection such as breast cancer (34), and sev-
eral more.

1.4.2. Micromechanical Devices for Surgery. Microme-
chanical devices are also used or integrated in surgical
tools. For instance, they are used in microfabricated ul-
trasonic cutting tools (35), as sensors on catheters and as
smart sensors for cataract removal (36,37), microactuators
for releasing embolic coils (38), and in several minimally
invasive devices (39).

1.4.3. Micromechanical Devices for Therapy. In thera-
peutic applications, micromechanical devices also play a
great role. They are involved in the development of arti-
ficial livers (40), chemical sensors (41,42), drug infusion
micropumps (43), measurement of contractile forces on
cells (44), neural probes (45), miniaturize combinatorial
chemistry for drug discovery (46), high-throughput chem-
ical synthesis (47), in-home health care monitoring (48),
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silicon neurowells (49), and blood testing systems (50), to
name but a few.

1.5. Micromechanical Devices for Microfluidics Systems

Generally speaking, microfluidics involves the flow control
of very small amounts of liquids or gases in a miniaturized
system or a microchip. The development of microfluidics
systems is a growing area, especially in the biomedical
field and in biotechnology where one of the goals is to
bring an entire laboratory and related instruments for a
particular range of tests in the form of a miniature system
or platform. The main advantages of using a microfluidics
system are the compact size, disposability, increased func-
tionality, very short reaction and analysis time, high
throughput, and smaller volumes of reagents and sam-
ples. Commercialization of microfluidic systems such as
lab-on-a-chip for biomedical or biotechnology applications
includes, but is not limited to, rapid DNA sequencing,
chemical analysis, cell manipulations, and several more
biological procedures (51). Other popular biomedical de-
vices that use microfluidics techniques include drug de-
livery and micro-dosing systems such as for insulin and
painkillers (52).

Many microdevices, such as valves, pumps, flow sen-
sors, fluid mixers, and biological and chemical sensors, are
typically integrated onto microfluidics systems. Although
they are many techniques in which mechanical means are
not used, micromechanical devices are still essential in the
conception of these systems. For instance, micromechan-
ical devices are critical in the implementation of valves.
Active valves are relatively complex structures using a
form of actuation. In general, a flap controls the flow in a
microfluidic channel by actively opening or closing the
passage for the fluid. The typical methods of actuation for
such a valve include thermal, electrostatic, thermo-pneu-
matic, and piezoelectric actuations. Other valves referred
to as passive valves do not rely on any actuation mecha-
nisms and are typically designed to provide a high flow
rate in one direction and a relatively small flow rate in the
reverse direction. Such valves find their main application
in mechanical micropumps in the forms of cantilever, di-
aphragm, bivalvular, and diffuser nozzle valves (52).

1.6. Fabrication

Micro-fabrication technologies have been and still are a
driving force for the development of new versions of
MEMS and other advanced micromechanical applications.
The area of micro-fabrication that can be applied to mi-
cromechanical devices is vast with a huge range of related
techniques and, as such, the book by Madou (53) on this
topic is highly recommended. Nevertheless, because the
bulk and surface micromachining processes have been
widely used to make various MEMS devices, including
micromechanical devices for biomedical applications, they
are briefly explained.

A fabrication technique that has a relatively long his-
tory of R&D is bulk micromachining where a combination
of isotropic and anisotropic etchings of single-crystalline
silicon is used to form micromechanical structures from
the bulk of the silicon wafer. In this process, the silicon

material is removed preferentially with heated strong al-
kaline solutions except for the exposed [111] planes.

More recently, another fabrication technique known as
deep reactive-ion etching (DRIE) was developed to fabri-
cate microstructures with higher aspect ratios.

Another popular micro-fabrication technique is surface
micromachining, and it is based on sequential deposition
and etching of thin films on the surface of a carrier sub-
strate. During this process, one or more intermediate thin
films, known as the sacrificial layers, are removed in the
final steps of the process. During the final phases, mass
and spring suspensions, as used in inertial sensors such as
accelerometers, can be fabricated by leaving the subse-
quently deposited thin film structures hanging or released
from the substrate.

A common characteristic of the aforementioned micro-
mechanical fabrication techniques is their roots in micro-
electronics technology that uses the basic lithography,
patterning, and batch fabrication approaches and equip-
ments adopted from the integrated circuit (IC) industry,
which is customized to create micromechanical devices.
Nonetheless, the fabrication of micromechanical devices
and structures is progressing rapidly beyond the tech-
niques available in microelectronics manufacturing.
Other key techniques that may play a critical role in
this field include wafer bonding, which allows stacking
of wafers with microstructures, deep x-ray lithography
combined with plating and molding, also known as LIGA,
which allows one to create very high-aspect-ratio and
high-precision microstructures, and other well-known
and promising micro-fabrication techniques such as laser
micromachining, electro-discharge micromachining
(EDM), thin-film or monolayer self assembly, and many
more.

Other techniques are also available to create micro-
structures that are specially designed to deal with mate-
rials other than silicon (e.g., SiC, polymers, ceramics,
diamond thin films, metals, alloys, etc.). For instance,
hot embossing and imprinting are two very popular tech-
niques used to pattern microstructures on plastics. These
techniques also have the advantage of being inexpensive
and fast compared with common fabrication processes
used for silicon.

Although many advanced micro-fabrication exists, the
maturity of batch fabrication in IC foundries has a signif-
icant impact on the method of fabrication for microme-
chanical devices and structures that must be produced
cheaply and in large quantities. Because such foundries
can produce MEMS and micromechanical devices in large
volumes at an extremely low cost, surface micromachining
is being aggressively adopted in the micro-fabrication pro-
cess of such devices. With surface micromachining, the
complexity of the micromechanical devices to be created
would require a larger number of mechanical layers. De-
spite the limitations of this approach, the capability of
adding more mechanical layers allows new micromechan-
ical devices with increased complexity to be built.
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1.7. Integration

Integration is often a limiting factor in the development of
micromechanical devices. For instance, one of today’s ma-
jor commercial MEMS products is the airbag-deployment
sensors, which are accelerometers based on the inertial
sensory technique described earlier. These sensors could
also be adapted for biomedical applications, such as tilt or
shock sensors, for instance. In the case of these types of
sensors, the limitation is often the need to manually align
and assemble them into three-axis systems, which result
in greater alignment tolerances. Integrated circuitries
such as analog-to-digital converters and controllers are
also required. Hence, advances not only in fabrication but
in integration techniques are needed for micromachined
systems-on-a-chip (SoC) enabled sensor systems with
greatly increased degrees of complexity to be fabricated
on a single chip.

As such, and more recently, a great deal of interest has
been devoted to manufacturing processes that allow the
integration of MEMS devices with driving, controlling,
and signal processing electronics. This integration is crit-
ical in improving the performance of micromechanical de-
vices as well as to reduce the cost of manufacturing,
packaging, and making these devices ‘‘smarter’’ by com-
bining the micromechanical devices with an electronic
subsystem in the same manufacturing process. Further-
more, many parts within the same micromechanical de-
vice are often made of different materials or using
different fabrication methods and, as such, they must be
combined and tightly integrated. The micro-assembly of
such micromechanical systems may become a real chal-
lenge and require special assembly platforms and tech-
niques.

1.8. Materials

As mentioned earlier, silicon, because of the existing
MEMS fabrication facilities, is the material of choice for
many micromechanical devices. Unfortunately, silicon is
not always the best material for many applications. For
instance, silicon was initially the material of choice for
many microfluidic devices and micromechanical devices
for fluidic applications because silicon was readily avail-
able with well-understood processing techniques due to
the huge interest in microelectronics. As the microfluidic
devices grow, especially in the biomedical field, plastics
were considered as an alternative to silicon because of its
lower cost, a low complexity alternative to silicon micro-
fluidic devices, and because it was determined that silicon
was not entirely bio-inert, making silicon highly undesir-
able for use in biomedical applications.

Currently, the fabrication of microfluidics and related
micromechanical devices uses a staggering number of dif-
ferent materials. Polyimide polymer is widely used for
various reasons, including the ease of sputtering metals,
such as Al, Ti, and Pt, onto its surface, an advantage when
electrical contacts are necessary. Another well-known
polymer used as a substrate and coating, especially in
the biomedical field because of its high biocompatibility, is
parylene, in particular parylene C or parylene D when the
polymer must withstand a high temperature. Another

polymer is known as PDMS, and it is perhaps the most
common polymer as a structural material in applications
requiring microfluidics. Diamond-like Carbon films (DLC)
have also been successfully used. They are particularly
used in devices where highly toxic or corrosive fluids are
involved because DLC is chemically inert.

In general, the type of material is selected depending
on the specific operation of the device within the con-
straints of the micro-fabrication technology. For microme-
chanical devices, such as valves for instance, material in
which a volume changed can be induced would be a judi-
cious choice. Conductive polymers, paraffin, and polyeth-
ylene (PEG) are some examples of such materials, and
they have been used to fabricate micropumps and actua-
tors as well. With the EDM fabrication process, any con-
ductive metals can be used, providing a great selection of
conductive materials to choose from specific characteris-
tics required for a given application and environment.

It is obvious that materials play an important role in
the conception of micromechanical devices, especially in
the biomedical field where additional characteristics (e.g.,
biocompatibility) are of prime importance. It is most likely
that many micromechanical devices will be built from dif-
ferent materials and, as such, it will influence the fabri-
cation and integration processes.

1.9. Main Challenges and Technical Issues for the
Development of Micromechanical Devices

For commercial viability, micromechanical devices must at
least be built at a relatively low cost, with high yields, re-
liability, and reproducibility in device properties. Further-
more, several technical issues specific to micromechanical
devices need to be addressed.

With the increasing demand in micromechanical de-
vices and structures, new processes capable of fabricating
a variety of materials for such devices with a high aspect
ratio and high complexity while being inexpensive are
needed. However, the mechanical interfacing of silicon-
based structures to the nonsilicon structures within the
same device has been a major problem. Hence, broader
lower cost micro-fabrication and integration technologies
and methods need to be developed to be able to design
complex and reliable advanced micromechanical devices.

Other technical issues remain to be solved for micro-
mechanical devices. For instance, micromechanical actu-
ators have not seen the widespread industrial use that
micromechanical sensors have achieved so far. The rela-
tive low torque and difficulty in coupling tools to actuators
have been the main reasons of their unpopularity in many
applications. Reduction in adhesion, friction, stiction and
wear are also major technical issues in micromechanical
devices.

Typically, surface microstructures have lateral dimen-
sions of 50–500 micrometers (mm) and thicknesses of 0.1–
2.5 mm with 0.1–2 mm offset from the substrate. Because of
the relatively large surface area-to-volume ratios of such
surface and bulk micro-machined micro-mechanisms, sur-
face and interfacial forces become much more important
compared with larger systems. In particular, stiction (54)
is the most important reliability problem. Stiction refers to
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unintentional adhesion of compliant microstructures sur-
faces as commonly found in micromechanical devices. This
adhesion takes place when restoring forces are not suffi-
cient to overcome interfacial or surface forces (55). The
most common interfacial forces encountered in microme-
chanical devices are capillary, chemical, van der Waals,
and electrostatic forces. Particularly for micromechanical
actuators with surfaces in normal or sliding contact, fric-
tion and wear are also important issues to be considered.

In most cases, the adhesion of surface micro-machined
structures in micromechanical devices is caused primarily
by liquid capillary forces (56,57). The engineering ap-
proach in solving this issue is primarily by texturing the
surface (58,59) in order to reduce contact area. Other
techniques include a modification of the water meniscus
shape, the use of a supercritical fluid to avoid the liquid-
vapor interfaces, freeze sublimation drying (60,61), and
many other dry-release methods (e.g., supercritical dry-
ing, dry etching, etc.). However, these methods do not al-
ways prevent adhesion from occurring during the
operation of the micromechanical device because the mi-
crostructure surfaces may come into contact unintention-
ally through various means such as acceleration,
electrostatic forces, or in applications where surfaces im-
pact or shear against each other. This phenomena, where
the adhesive attractions exceed restoring forces causing
the surfaces of the micromechanical devices to adhere
permanently, is often referred to as in-use stiction. In-
use stiction can be reduced through physical or chemical
modifications of the surface. For the physical modifica-
tions approach, the surfaces are typically roughened to
reduce the effective contact areas with techniques such as
selective etching. For the chemical approach, the surface
chemical composition is altered with techniques such as
low surface energy plasma-polymerized fluorocarbon film
deposited in the field-free zone of plasma reactors. This
last process requires thick film to be deposited on top of
the microstructures, which is often undesirable because it
may alter the mechanical properties of the devices. In the
case of a silicon surface, it is also possible to treat the sur-
face in NH4F or HF to etch away the hydrophilic surface
oxide and terminate the silicon surface with hydrogen,
hence creating a hydrophobic surface to reduce in-use ad-
hesion through nonpolar Si-H bond. Unfortunately, be-
cause H-terminated silicon surfaces re-oxidize in ambient
air, recurrence of in-use adhesion can occur several weeks
after the treatment. Chemical modification through the
application of a molecular film, such as self-assembled
monolayer (SAM) coatings, to the surface of the microme-
chanical device has shown to be a more effective antistatic
treatment as well as reducing friction during operation. To
date, the durability of monolayer coatings is a concern be-
cause SAM coatings have shown to wear off relatively rap-
idly, depending on the micromechanical device. In general,
despite the relatively large number of antistiction coatings
applicable to micromechanical devices, it is still difficult to
identify one specific treatment as the best surface coating,
especially when biocompatibility is an issue, as is often the
case in biomedical applications.

1.10. Nanomechanical Devices and Components

Looking farther into the future, the next trend would be
nanomechanical devices and components, including nan-
oelectromechanical systems also known as NEMS. These
devices may play an important role in biomedical applica-
tions. Compared with its micromechanical counterpart, a
nanomechanical device is characterized by smaller dimen-
sions (in the order of hundreds to a few nanometers)
where the dimensions are typically relevant for the func-
tion of the device itself where new properties exist at such
a scale. Nanomechanical devices typically involve a wider
range of materials and a requirement for higher spatial
resolution fabrication processes.

For nanomechanical devices, both the induction and
the detection of motion are real challenges. Beside the
methods of sensing motion and actuation applicable to
micromechanical devices, as described, earlier, other
methods can be used to induce and sense nanoscale mo-
tion. Lorentz forces, for instance, have been used for ac-
tuation at such a scale (62). Electron tunneling is a very
sensitive method used to detect sub-nanometer motion by
the exponential dependence of the electron tunneling cur-
rent with the separation between tunneling electrodes
(63).

As the size of a mechanical device shrinks, its surface
becomes a dominant feature and, as such, the mechanical
dissipation associated with the surface becomes more im-
portant as well as the material being used. Nanomechan-
ical devices allow for the measurement of smaller forces,
and, similarly, they can be actuated by smaller forces. For
example, very small and thin mechanical devices can be
designed to have very small force constants and could, in
principle, be used to detect forces from small magnetic
fields. For instance, mechanical oscillators could poten-
tially be used to directly detect the magnetic forces of a
single spin in a magnetic resonance imaging (MRI) system
(64).

The ability to conceive nanomechanical structures and
devices with arbitrary geometries in a wide range of ma-
terials may provide substantial new applications in the
biomedical field with the possibility to interact at the mo-
lecular-scale. With functional nanomechanical devices, in-
cluding molecular motors, new devices such as
noninvasive medical diagnostics devices could be envi-
sioned.

It is also possible to envision various nanomechanical
structures to be integrated onto micromechanical devices
where these structures or entities can be referred to as
nanocomponents.

1.10.1. An Example of Nanocomponents—Magnetic Par-
ticles. There exist many types of such nanocomponents
where the carbon nanotube (CNT) is a well-known exam-
ple. Other nanocomponents that promise to have many
applications in the biomedical field are magnetic particles
(65).

Separation, immunoassay, MRI, drug delivery, and hy-
pothermia are enhanced by the use of magnetic particles
as well as heat mediators for cancer therapy, to name but a
few applications. Magnetic particles can also be conju-
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gated with tumor-specific antibodies to enable tumor-spe-
cific contrast enhancement in MRI. Hence, we can expect
the use of nanocomponents with specific properties in mi-
cromechanical devices to develop new or to improve spe-
cific biomedical applications.
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MICROSENSORS AND NANOSENSORS
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1. INTRODUCTION

Sensors are systems or devices that provide signals, which
are correlated to some physical, chemical or biological
condition in their neighborhood (1,2). A change in the
environment will cause a change in the output of a sensor.
In general, sensors are closely and reciprocally related to
actuators, which take a signal as input and cause some
change in their environment. Sensors and actuators are
referred to as transducers, which function to convert
energy from one form to another. For example, a micro-
phone is a sensor that changes acoustical to electrical
energy, and a loudspeaker is an actuator that converts
electrical into acoustical energy. Similarly, a thermometer
is a sensor that measures the temperature of its surround-
ings, and a resistor is a transducer that converts an
electrical current into heat. The relationship between
sensors and actuators is illustrated in Fig. 1. When
information from sensors is used to determine the input
to actuators, possibly along with additional information,
the duo constitute a basic control loop. A thermostat,
which contains a temperature sensor and a switch to
turn on a heating unit, is a common example of such a
control loop. Many industrial processes require control
loops for their reliable and efficient operation.

Sensor systems and devices fall into two categories,
those that respond only to their immediate environments
(point sensors) and those that can accept inputs from a
larger region (volume sensors). For example, a thermo-
meter is a point sensor and a temperature-sensitive infra-
red camera is a volume sensor. Some sensor systems are
large and made up of components that perform different
functions. An example is a radar system, in which there is
a source of radio-frequency energy, a transmitter for the
pulses of RF power, a receiver that detects radiation
scattered from nearby object, and some type of a display
to show the operator the distance and angle to the object.
Smaller sensor devices, such as microphones and thermo-
meters, are made up of various materials, which have the

properties needed to perform the transduction function.
Sensor devices are commonly 100 to 0.1 millimeter in
overall size, although some are either larger or smaller
than these dimensions. Microsensors are devices, what-
ever their overall size, which have internal materials or
structures with dimensions in the range from 100 down to
0.1 micrometers (millionths of a meter). Nanosensors are
devices, which again may not be small, but have struc-
tures or materials in the range from about 100 to 1
nanometers (billionths of a meter). The external size of a
sensor device is usually determined by its manufacturing
processes and by practical factors like the size of electrical
connectors.

The sizes of some natural objects are indicated in Fig. 2
on a scale increasing over 10 orders of magnitude. The
nano- and microscales both range over a factor of 1,000 in
size. The nano-scale starts at 0.1 nanometer and goes to
100 nanometers. It is the natural scale for atoms, mole-
cules, and many viruses. The micro-scale begins at 0.1
micrometer and goes up to 100 micrometers. The dia-
meters of large viruses and of cells fall in the microrange.
Some people define a meso-scale between and overlapping
the micro- and macroscales, where ‘‘meso’’ means ‘‘mid-
dle.’’ Many of the components of mechanical watches have
sizes on the meso-scale. The macroscale is often thought to
begin near the size of a human hair and range upwards
from there. That is, it is the scale over which humans can
commonly see objects and structures.

Historically, the trend in manufactured materials and
structures has been ever downward. In the past few
decades, techniques for making structures with sizes on
the microscale were developed and perfected, largely
because of the microelectronics industry. The ability to
make complex functional structures with dimensions in
the nano-scale has been largely developed in recent years.
In a very real way, the nano-scale is the last frontier of
engineered structures. Atoms and molecules are the ulti-
mate building blocks. The nuclei and elementary particles
on scales much smaller than atoms cannot be made into
structures because of electrostatic repulsion, radioactive
instabilities in many cases, and the almost unavoidable
presence of electrons under ordinary conditions. Electrons
form orbits around nuclei to make atoms about 100,000
times the size of nuclei.

1.1. Sensor Specifications

Sensor devices, in general, are described by two sets of
factors. The first is their geometrical and other character-
istics, most notably size, shape, and weight. These are the
equivalent of describing an automobile that is not moving
by noting its length, width, height, and color, without a
clue to how it actually performs. The second set of factors
for sensors gives their performance specifications. These
are analogous to knowing how fast an automobile will
accelerate and move, what gas mileage it gets, and how
often it needs various types of service. Specifications and
costs are usually the primary determinants of which
sensor is best to use for a particular application. Costs
are neither technical descriptive characteristics nor per-

TransducersThe World

Sensors

Information

Actuators

Figure 1. Schematic of the roles of sensors in providing informa-
tion on their environments and of actuators in using information
to alter their surroundings. Both sensors and actuators are
transducers. Together, they can constitute a loop for control of
some environmental parameter, such as temperature. 
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formance specifications. They are not intrinsic to a sensor,
but depend on market and other factors.

The small internal structures within micro- and nano-
sensors have important impacts. They often make it
possible for the sensor to be smaller, lighter, or cheaper
than alternatives. Micro- and nanomaterials and -struc-
tures can also make the sensor perform better than
competing devices, and sometimes they enable totally
new capabilities not possible with older technologies. An
example of the latter is the response of small sensors to
higher-frequency signals than is possible with older tech-
nologies. This happens because the small structures in
miniature sensors are light, have little inertia, and can
move quickly. Further, miniature sensors can be used in
two-dimensional arrays, something that is not generally
possible for large sensors.

There are many performance specifications for sensors
that are important in varying degrees for different appli-
cations. They are listed by groups in Table 1.

The first group of specifications has to do with the
range of inputs and outputs for a sensor, and the range of
input frequencies to which it will respond. The minimum
input signal to which a sensor can measurably respond is
often and erroneously called the ‘‘sensitivity’’ for that
sensor. That minimum input is determined by both (1)
the calibration curve, which relates the input physical,
chemical, or biological factor of interest to the output
signal, and (2) the noise level of the sensor. The noise
level is the sensor output that occurs even in the absence
of an input value. It is determined by electrical, optical,
mechanical, and other factors. The standard deviation of
the distribution of noise signals is denoted as s. Usually, a
measurement must be 3s above the average over time of
the noise in order to be taken as a detection event. The
range of input values over which a sensor is functional is
often called the ‘‘dynamic range.’’ The bandwidth of a
sensor is the range of frequencies within which the sensor
can accurately follow a rapidly varying input signal. For
example, it takes several seconds for an ordinary thermo-
meter to equilibrate, but small electronic temperature
sensors can follow signals that vary over a millisecond,
that is, with frequencies up to one kilohertz.

The second group of sensor specifications deals with the
quality of the measurements in yields. Accuracy and
precision have their usual meanings of correctness and
detail. The sensitivity of a sensor is the slope of the

calibration curve, that is, the derivative of the output
with respect to the input. If the calibration curve is linear,
the sensitivity can be a single number, independent of the
input. If the curve is nonlinear, then the sensitivity is
different for different values of the input factor. Selectivity
measures the ability of a sensor to respond only to one
measurand, and ignore the presence of extraneous condi-
tions or materials in its neighborhood. The ability of a
sensor to resolve small input changes depends on the
sensitivity, and on the ability of the measuring electronics
following the sensor to detect small changes in the sensor
signal. For a voltage output signal, the ability to measure
with microvolt precision implies a higher input resolution
compared to the ability to measure only voltage changes
on the millivolt scale. Hysteresis applies to sensors that
have a ‘‘memory’’; that is, the output depends not only on
the input value at the time, but also on recently input
values. Generally, hystersis means that different signals
will result for the same input depending on whether the
input factor is increasing or decreasing in value. Hystersis
is not common in sensors, but is a consideration for some
magnetic and other devices.

Repeatability and reliability of sensors are important
for most applications—so also are the excitations required
for sensors and the types of their output signals. The
excitations and outputs, including the output impedance,
determine the electronics that must be associated with a
sensor. These impact the parts count of components for the
circuits associated with a sensor. The factors in the last
two groups in Table 1 are conceptually simple, yet prag-
matic. Any one or group of the specifications listed in the
table can either enable or limit the relevance of a given
sensor for a specific application.

1.2. Calibration Curves

The most critical behavior of any sensor is quantified by
its calibration curve. This is a relationship between the
external characteristic that the sensor is designed to
measure, often called the measurand, and the signal it
puts out. Calibration curves can vary widely in their
shape, but it is possible to use the simple generic plot in
Fig. 3 to explain the essence of calibration curves, their
generation, characteristics, uses, and limitations.

Calibration curves can be the result of fitting several
experimental calibration points, without a simple mathe-

1 nm 1 µm 1 mm 1 m
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Diameter of DNA

Diameter of Human Hair

Diameter of Red Blood Cell

Diameters of Viruses

Figure 2. Common size scales for both natural and man-
made objects and structures.
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matical expression, or a function gotten from experiment
or theory. If a calibration curve can be expressed as a
mathematical relationship, it is often called a transfer

function. In the case of experimental determination of a
calibration curve, a sensor must be exposed to indepen-
dently known values of the measurand, an output value
noted, and a point plotted. This is repeated for many
values of the measurand over the entire range, that is,
from below the minimum detectable input level to above a
value that saturates the sensor. Determination of the
value of a measurand during the calibration process is
generally very challenging. First, the appropriate condi-
tions have to be created. Then, they have to be determined
independently of the sensor being calibrated by using a
sensor of already known calibration or other means. This
can be quite complex, for example, in the case of calibrat-
ing the response of a chemical vapor sensor to a particular
compound at some specific concentration (molecules per
cubic centimeter) in the presence of some interfering
molecule(s), also with known concentration(s).

Whatever the source of a calibration curve, it will
generally have the features shown in Fig. 3. They include
(1) a noise level output for zero or small values for the
measurand, (2) a range of utility, and (3) a saturation
region beyond which the sensor is not quantitative, but
may still be useful as an alarm. As seen in the figure, the
minimum detectable value of the measurand is deter-
mined by the intersection of the calibration curve and

Table 1. Groupings of the major sensor specifications with brief comments. Additional information on these specifications
is given in the text and in Figure 3

Sensor Specification Comment

Calibration Curve (Transfer Function) Basic Relationship of Sensor Output to Input
Minimum Detectable Limit (MinDL) Determined by the Calibration Curve and Noise
Minimum Output Signal (MinOS) A Signal 3s above the Noise Floor
Maximum Detectable Limit (MaxDL) The Largest Input Value that can be Sensed
Maximum Output Signal(MaxOS) Determined by Electronic or Other Saturation
Input Range of Usefulness ¼MaxDL - MinDL
Output Range of Signals ¼MaxOS - MinOS
Frequency Response The Bandwidth for which the Sensor Responds

Accuracy Limited by Calibration or Other Errors
Precision Determined by Precision of the Output Signal
Sensitivity Slope of the Calibration Curve
Selectivity Ability of a Sensor to Ignore Interferants
Resolution of the Input Quantity Determined by Sensitivity and the Ability to Resolve Small Changes in the Output
(Non) Linearity Calibration Curves are linear or non-linear
Hysteresis Occurs when the Output Depends on History

Repeatability Does the Same Input give the Same Output?
Reliability The Ability of a Sensor to Remain Operational

Required Excitation (Voltage and Current) Determines the Power Consumption of a Sensor Device
Output Signal Characteristics Voltages, Frequencies, Etc.
Output Impedance Critical for Matching to Electronics

Environmental Factors Permissible Temperatures, Shocks, etc.
Dynamic Characteristics The Ability to Operate when Moving
Ruggedness The Ability to Resist Shocks

Required Training What do Users have to Learn?
Ease of Use Is the Sensor Simple or Complex to Use?
Special Properties Any Limitations on the Use of a Sensor?
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Figure 3. Generic sensor calibration curve showing the relation-
ship between inputs, such as temperature T, pressure P or other
factors, to the output voltage V, frequency F or other signals. In
general, sensor output signals can be analog or digital in nature.
In both cases, the output signal is raw data that has to be
converted into information on the measurand by use of the
calibration curve. 
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the intrinsic noise level. If there is additional environ-
mental noise, which raises the value of the measured
signal even in the absence of an input, then the minimum
detectable value of the measurand is greater than without
the additional noise. To appreciate this situation, consider
the night sky. In the absence of strong lights that con-
tribute noise by scattering from the atmosphere, the stars
are easy to see. As dawn approaches and sunlight scatters
increasingly from the air, the noise throughout the sky
increases, making it harder to see the stars. During the
day, the scattered sunlight is so bright that the stars,
which are still in the sky, cannot be seen. Then, the noise
level due to scattered sun light is greater than the bright-
ness of the stars.

The slope of the calibration curve in the useful range,
the sensitivity of the sensor, determines how much of a
change occurs in the output signal for a particular change
in the input value of the measurand. A sensitive sensor,
with a steep slope, will commonly have a small dynamic
range, and an insensitive device might cover a broad
range. Hence, sensor design frequently requires balancing
sensitivity and range. The curve sketched in Fig. 3 is
linear, but often, calibration curves are nonlinear, and
their sensitivity varies with the value of the measurand. If
the sensor is hysteretic, then there will be two, usually
similar curves, one relevant to increasing values and the
other for decreasing values of the measurand. Whatever
the shape of a calibration curve, it is valid for steady or
slowly varying inputs. However, as the magnitude of the
measurand varies increasingly faster, a point is reached
when the sensor can no longer follow the input. Then, the
calibration curve varies downward, and smaller signals
are gotten from the same magnitude of input. Sensors can
be useful even in the frequency range where they can no
longer faithfully follow the varying magnitude of the
measurand. However, it is necessary to calibrate them
for particular frequencies in that range. When the input
frequency exceeds the ability of the sensor to respond, the
output of the sensor is constant at the noise level. Then,
the sensor is useless, even for qualitative measurements.

Once the calibration curve of a sensor is known, from
measurements by the user or from the specifications
provided with the sensor by its manufacturer, the curve
has a straightforward utility. The value of a particular
measured output signal and the calibration curve together
yield the value of the measurand that caused the signal.
This phase is called data processing, and it changes raw
sensor data into information on the measurand. The
correctness of the determined value of the measurand
depends on the correctness of the measured output signal,
which depends in turn on factors such as the voltage
calibration of the measuring system. It also depends on
the calibration curve not changing between the time of its
determination and its use. Sometimes, calibration curves
are temperature-sensitive, which has to be compensated
for in the data processing phase for a sensor signal if
accurate values of the measurand are to be obtained.

Sensors for physical quantities, such as acceleration or
frequency, are usually sealed from the environment, some-
times because a vacuum environment is required for their
operation. Having a sensor isolated from environmental

factors, such as humidity, helps ensure the constancy of its
calibration curve. However, sensors for chemical and
biological factors must be open so that the sample, called
the analyte, can come into contact with the key materials
within the sensor. In such cases, maintenance of a calibra-
tion curve is more problematic. For chemical vapor sen-
sors, it is sometimes necessary to compensate for humidity
as well as for temperature.

Recalibration of sensors is a common requirement,
which must be done at intervals determined by the rate
of deterioration of the calibration curve. This process
usually requires sending the sensor back to a laboratory,
which is able to produce and quantify the environments
that are needed for calibrating the sensor and able to
ensure that the effects of noise and interferants are known
and sufficiently small. That is time-consuming and costly.
Among the advantages of many micro- and nano-sensors
are their small size and low cost. In such cases, the sensors
can be either single-use, or else disposable after a period of
reliable use, and costly recalibration can be avoided.

The considerations above apply to sensors based on
both microscale and nanoscale structures and materials.
The following two sections will address the history, char-
acteristics, and applications of micro- and nanosensors.

2. MICROSENSORS

Some very small sensors, with dimensions on the micro-
scale, have existed for decades. Manymicrophones contain
a fine powder. The varying contacts between the grains of
powder, in response to the oscillating pressures in acoustic
waves, alter the resistance of the microphone, which can
be used to generate an electrical signal. Small tempera-
ture sensors, called thermocouples, have dimensions that
can be on the micro-scale. They are composed to two
different metals across which a temperature-dependent
voltage is generated. Because microsensors are not totally
new, it is natural to ask why there has so much interest in
them in the past two decades. The answer is rooted in the
history of the microelectronics industry.

The transistor was invented in 1947. The utility of a
single transistor is significant. However, the revolutionary
impact of transistors followed primarily from their inte-
gration on a single chip of silicon to form ‘‘integrated
circuits,’’ called ICs. Such integration started in 1958.
Since then, the remarkable decreases in the size of
individual transistors on an IC, and concomitant increases
in their number on a single chip, have enabled the
computer, information, and communication revolutions.

The processing and fabrication tools that were devel-
oped make ICs fall into three groups. They are patterning
tools, so-called lithographies, and methods to add (deposit)
or remove (etch) materials from the substrate being made
into an IC. Usually, only a few materials and processes are
used repeatedly to make ICs. In the past 40 years, it was
realized and demonstrated that such tools and other
methods could be used to make devices other than micro-
electronics. Micromagnetic devices, especially disk drives,
are a clear example of non-IC products, which followed
from IC processing capabilities. Micromechanical devices
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are often useful as sensors, and are now sold by the
millions. They are usually called MEMS, short for micro-
electromechanical systems (3). Micro-optical devices based
on MEMS and other devices have also been demonstrated.
They have increasing utility in fiber optic communication
networks. Central to performance of micro-electronic, -
magnetic, -mechanical, and -optical devices are the micro-
scale structures within them.

The production of microdevices beyond ICs has resulted
in the use of both new materials and new processes, as
indicated in Fig. 4 (4). Functional materials that play no
role in ICs have been shown to be very useful for many
MEMS devices. Piezoelectric materials are a prime exam-
ple. They have reciprocal properties of great value. If a
piezoelectric material in a microsensor is deformed by
some measurand, a voltage signal is produced. Conversely,
if a voltage is applied to such a material, then it flexes and
can serve as a micro-actuator. Several other materials,
irrelevant to ICs, play major roles in MEMS and other
microdevices. Magnetic materials in thin films are basic to
most micromagnetic devices. Transparent materials of no
use in ICs serve as microlenses in optical MEMS.

New processes for the addition or removal materials
from a substrate have also been developed. These are
important because they enable the production of new
structures with useful properties for microsensors and
other devices. Many of the new techniques involve several
sequential processing steps in order to produce the desired
microstructure. Prime among them are surface and bulk
micromachining. Other single-step processes are also use-
ful for the production of microdevices. Several of them
employ lasers that can be scanned over a substrate to
deposit or remove materials. Bonding together of layers of
different materials is used in the production of many
microdevices, so that the designer can take advantage of
the different properties offered by various materials.

Surface micromachining is the central technique for
the production of MEMS. It was demonstrated about 40
years ago. The key idea in this process sequence is to put
down a temporary, so-called sacrificial, layer of a material

that will permit structures to be built on top of it. When
that layer is later etched away, the desired structures will
be partially free of the surface, and able to move in useful
ways. The processes used for surface micromachining are
indicated in schematic cross section in Fig. 5. The pattern-
ing steps that involve production, exposure, and later
removal of photoresist layers for patterning of each mate-
rial layer are not shown. The thickness of the layers
(normal to the substrate surface) in a surface microma-
chined structure is commonly about one micrometer. The
patterns (parallel to the substrate) have dimensions that
range from 1 to over 100 micrometers. Microcantilevers
made by use of a sacrificial layer were first published in
1967 (5). Many commercial microsensors are made by
surface micromachining of cantilevers and other struc-
tures. Micro-accelerometers are the most numerous and
important, and will be illustrated below.

Bulk micromachining results in microscale structures
in a substrate, rather than only structures on the surface.
It depends on the use of etching processes that can
dissolve the substrate material in useful ways. There are
two primary methods for bulk micromachining. The first is
called orientation-dependent etching (ODE). It takes ad-
vantage of the fact that certain chemical etchants react
with atoms in different planes within a single crystal
silicon wafer at widely varying rates. For example, a
solution of 45% KOH in water will etch less tightly packed
(100) and (110) planes in silicon much faster than the (111)
plane, in which the atoms are most tightly arranged.
Because of this, the wafer orientation and the patterning
of a superficial thin film that resists etching can be chosen
to produce some remarkable structures. ODE is illu-
strated on the left in Fig. 6.

The second major means of bulk micromachining is
called deep reactive ion etching (DRIE). This method is
not sensitive to the orientation of the silicon wafer. After
coating and patterning the substrate with an etch-resis-
tant layer, the open parts of the substrate are alterna-
tively exposed to two chemical vapors. The first (SF6)
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Figure 4. Schematic matrix of the materials and processes
employed in production of micro-devices. Any one material can
be made by various processes, and a given process can handle
more than one material. Only several materials and processes are
used to make integrated circuits. Other micro-devices are made
from a much greater variety of materials by diverse processes,
many of which are not used for IC production. 

Figure 5. Surface micromachining to produce a micro-cantilever
begins (top) with the sacrificial layer (cross hatched) on the
substrate (stippled). That layer is etched, and then filled with
support for the cantilever (black). Deposition of the cantilever is
followed by etching to free it by removal of the sacrificial layer.
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removes some of the exposed silicon. The second (C4F8)
coats (passivates) the walls of the trench being formed.
Continuing this process repeatedly results in structures
etched deeply into the substrate, which can be many times
as deep as they are wide. The vertical walls are scalloped
on a micrometer scale because of the nature of the process.
Since DRIE requires the cyclic transport of the etching
and passivation vapors into the trench, it will etch wider
features more deeply than narrower trenches. This is
shown schematically on the right side of Fig. 6.

There are many other processes that are used for
production of complex structures in microsensors. Some
of them involve a series of diverse processing steps.
However, none of them is as commercially important for
microsensor production as surface and bulk micromachin-
ing. Many different microstructures can be made by either
the surface or bulk etching processes. Some of them are
small-scale versions of macroscopic structures. For exam-
ple, the microcantilever sketched in Fig. 5 is similar in
shape to a diving board at a swimming pool. And, micro-
membranes correspond to drum heads, although they
usually are square in shape. Some other microstructures
have no large-scale equivalent. The interdigitated struc-
ture of a comb-shaped capacitor is a prime example, which
will be discussed below. In general, the designer of micro-
structures has a very great latitude in what can be made,
in terms of both materials and shapes.

Microsensors require a combination of the mechanical
structure that will respond to the measurand, usually by
deformation, and associated electronics or optics, which
will give output signals, which vary with the deformation.
The integration of the mechanical part of a MEMS device
with the required electronics or optics is a significant
challenge. The micromachining processes used to create
microstructures can be different than the processes for
production of microelectronics and micro-optics, as al-
ready noted. There are three approaches to the integra-
tion challenge: (1) make both the micromechanics and
ancillary readout structures on one substrate during a
single process flow; (2) make both on the same substrate,
but sequentially, with either the micromechanics or the

electro-optic devices being made first; or (3) make the
micromechanics and other devices on separate substrates,
which permits the use of optimum processes for each. The
last approach requires wire or other bonds between con-
tact pads on both substrates.

Numerous mechanisms will produce an electrical or
optical signal in response to a microdeformation. For the
piezoelectric effect, deformation generates a voltage and
vice versa. Another deformation-induced alteration of an
electrical property is called the piezoresistive effect. In
this case, the bending of a microresistor causes a useful
change in resistivity to occur. Capacitance is a very
important mechanism for both microsensors and -actua-
tors. It is possible to make small capacitors in very
different shapes. Variation in the overlap or spacing of
their opposing plates due to the measurand causes a
change in capacitance, which is easily measured by any
of a variety of electrical techniques. Reciprocally, changing
the voltage on a capacitor, which has plates that can move
in some way, alters the force between them. This induces a
relative motion between the plates, that is, a deformation,
which is useful in micro-actuators. Capacitors with each
‘‘plate’’ shaped like a comb, and suspended by micro-
springs, are particularly useful. Changing the voltage
between the two combs makes their interdigitated teeth
(also called ‘‘fingers’’) move relative to each other. Such
structures can serve either as a sensor, or as an actuator,
which is called a ‘‘comb drive.’’

Much has been written in the various structures and
mechanisms within micro-sensors. In the rest of this
section, we will cite a few microsensors, which are already
commercially important, or will be soon. They include two
physical sensors, those for pressure and acceleration, and
sensors for bio-chemical analytes.

2.1. Pressure Sensors

MEMS sensors for pressure were the first micromachined
sensors to make it to market in large numbers. They
became widely available in the 1980s and are still sold
in increasing numbers. Applications range from disposa-
ble blood pressure sensors to installed tire pressure moni-
tors with wireless readouts. Most of the commercial
pressure microsensors consist of thin membranes made
by orientation-dependent etching, which have piezoresis-
tors for the readout of the membrane deformation. Figure
7 is a schematic of such a device. The membrane is made
by diffusing boron into the top of the silicon wafer before
etching. The doped region stops the etchant action and
permits reliable production of membranes with thickness
on the order of one micrometer. The piezoresistors are
made by ion implantation, followed by their connection to
each other and bond pads by usual patterned metalliza-
tion processes. The amount of deformation of the mem-
brane is determined by its thickness and area. MEMS
pressure sensors can be made which will operate from a
few percent of one atmosphere to over 100 atmospheres.
The change in resistance is commonly determined by
using a Wheatstone Bridge configuration. Sometimes,
the reference resistor is put on the same chip as the
membrane, but in a region that will not deform. Then,

Figure 6. Schematic cross sections of silicon wafers (stippled)
subjected to bulk micro-machining after coating with etch resis-
tant layers (cross hatched). Left: Orientation dependent etching
of wafers with normals to the surface along the (100) and (110)
crystallographic directions. The etch-resistant (111) planes are
bolded. Right: The result of deep reactive ion etching of channels
of different widths.
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both the reference and signal resistors experience the
same temperature and not require separate compensa-
tion.

2.2. Accelerometers

Micro-accelerometers took off commercially in the 1990s.
In that decade, the early products sensed acceleration
(force) in a single direction. Then, components that re-
spond to acceleration in two directions were marketed.
Now, ‘‘three-axis’’ devices are commercially available. The
primary application of micro-accelerometers is for crash
sensors in automobiles, although large numbers of such
microsensors are used in game controllers. Other applica-
tions are very diverse, ranging from analyzers of hand-
writing and golf swings to kinesiology and physical
therapy. Virtually all processes, and many of the materials
for making MEMS, have been used to make micro-accel-
erometers. Devices have been based on most of the physi-
cal mechanisms useful for microsensors. At present,
surface micromachining of silicon accelerometers with
capacitive readouts dominate the market. They are sig-
nificantly cheaper and much smaller than older technol-
ogies. MEMS accelerometers offer outstanding
performance because the microelectronics can be inte-
grated onto the same substrate as the moveable sensor
element.

Many illustrations of micro-accelerometers can be gi-
ven. One example from a leading supplier is shown in Fig.
8 (6). The chip is attached to the structure whose accel-
eration is the measurand. The movable element, called a
proof mass, is in the center of the device, surrounded on
the same chip by the electronics that excite and read out
the sensor. In the device in Fig. 8, the proof mass can move
in two orthogonal directions. Its position is sensed using
capacitors made by comb-shaped fingers attached to the
proof mass. These are interdigitated with similar station-
ary features on all four sides of the proof mass. The
sensitive electronics can detect displacements on the scale

of nanometers. Electrical structures within the device (not
visible) can be charged to induce an artificial displacement
of the proof mass, and an associated output signal. This
serves as a built-in test of the operability of the micro-
accelerometer. The process is essentially a one-point re-
calibration of the sensor, for which the displacement is due
to a capacitive attraction rather than application of an
actual acceleration.

2.3. Chemical and Biological Sensors

Chemical sensors are designed to respond to molecules
ranging in size from simple to complex moieties in either
the gas or liquid phases (7). Bio-sensors are employed to
detect usually large molecules of biological significance in
the liquid phase (8). Many chemical and bio-sensors based
on MEMS are under development, although few are on the
market yet. They are expected to be widely used for safety,
medical, and defense applications.

Two steps are needed for operation of most sensors for
chemical and biological molecules. The first is some kind of
recognition of the presence of the molecules of interest. An
ideal sensor will be highly selective and respond only to
the desired molecules, and not to others that are in the
sample. However, many chemical and some biological
sensors also respond to interferent molecules to some
degree, even if the target molecule is absent. Polymers,
which are relatively chemo-selective, are often used in
chemical sensors. However, their imperfect selectivity
requires the use of several sensors in parallel, each with
a different coating. Generally, a neural network in a
computer is used to turn the multiple sensor signals into
the desired concentrations of the few target molecules.

For bio-sensors, the effects of interferants can be
avoided by using molecules that will recognize only the

Figure 7. Schematic of a pressure micro-sensor in cross section
(top) and plan views. The bond pads (gray) connect through
metallic lines (intermediate lines) to the piezoresistive material
(thick lines) over the deformable membrane.

Figure 8. Photomicrograph of the two-axis ADXL202 micro-
accelerometer made by Analog Devices. Packaged devices are
shown on a US penny in the inset.
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target molecule, and ignore all others. Three types of
molecules can be used to specifically respond to only
particular molecules in the analyte. They are two proteins,
namely antibodies and enzymes, and DNA. Antibodies are
large molecules in the immune system that are designed
to respond only to specific partners, usually from outside
an organism. Enzymes are organic catalysts, which recog-
nize only the molecules whose reaction they are designed
to promote. DNA, usually in relatively short segments, can
recognize its complement within an analyte. Whatever the
recognition element, it has to be put down, usually as a
thin film, on some surface within the microsensor. Meth-
ods for application of sensitive coatings to specific parts of
a microsensor are varied and challenging.

The second step in operation of a chemical or bio-sensor
is to transduce the results of the recognition step into
some signal. The result of the transduction step can be an
electronic, optical, or other signal, which can be captured
quantitatively. The choice of pairs of recognition and
transduction mechanisms is dictated by several factors.
Prime among them are the target molecules, their con-
centration in the sample, noise, and interferants, and the
requirements of the particular application, notably the
time available for the catalysis.

The marriage of recognition and transduction steps can
be illustrated by the details of a glucose sensor, which is
used by millions of diabetics daily. The first glucose sensor
was announced in 1962 by its developer, Leland C. Clark,
Jr., who is the recognized father of the bio-sensor (9). The
device is based on a dissolved oxygen sensor that Clark
had developed six years earlier. The oxygen sensor works
by a metallic Pt electrode catalyzing a reaction that turns
oxygen (O2) into hydrogen peroxide (H2O2). Then, a cur-
rent flows in an external circuit. In the glucose sensor, an
enzyme, glucose oxidase (GOD), is put on one side of an
oxygen permeable membrane, with the Pt electrode of the
oxygen sensor on the other side. When a sample contain-
ing glucose, such as blood, is placed in contact with the
GOD, O2 is consumed and H2O2 is produced by the
reaction with the glucose. This depletion of O2 causes
oxygen to diffuse through the membrane from the vicinity
of the Pt electrode to the side with the GOD. That
depletion reduces the oxygen in the vicinity of the Pt,
and also the current flowing through the oxygen sensor.
The GOD enzyme performs the recognition step by react-
ing with glucose in a sample, which consumed dissolved
oxygen. The movement of oxygen from the Pt side to the
GOD side of the membrane is the basis for the electrical
transduction step. While the original glucose sensors were
not miniaturized, it is now possible to use micromachining
techniques to make small and disposable sensors for
glucose.

Many MEMS structures can serve, when suitably
functionalized with particular coatings, as chemical or
biological sensors. For example, a microresonator, consist-
ing of a fine beam held at both ends, will change its
resonant vibration frequency if analyte vapor molecules
are absorbed by the polymer that coats the resonator. The
effect is essentially a miniature version of guitar strings,
where the strings with more mass per unit length sound
lower notes. Cantilevers have proven to be the most useful

micro-structures for chemical and biological sensors. They
have surfaces that are relatively large, often about 10 by
100 micrometers. These are generally easy to coat, and the
large coated area can attract many analyte molecules.
Further, there are two convenient modes for reading out
the result of analyte molecules sticking to the surface of a
micro-cantilever. The first is a change in resonant vibra-
tion frequency of the cantilever, similar to a beam reso-
nator. However, accurate measurement of vibration
frequencies is difficult in liquid samples due to damping
by the liquid. The second way to detect recognition events
is by simple bending of the cantilever due to attachment of
the target molecules. This effect is illustrated in Fig. 9.
The bending of the cantilever, which is induced by the
recognition molecules binding their target molecules from
the sample, can be measured to quantify the number of
bound molecules. It is related to the analyte concentration
in the sample. The bending can be detected optically, but
electrical detection is simpler. A Danish company, Can-
tion, sells cantilevers for chemical and bio-sensors in
which bending is detected by use of a piezoresistive
material, similar to MEMS pressure sensors (10).

2.4. Arrays of Microsensors

The small size of microsensors enables qualitatively new
types of sensing devices. In them, many separate sensors
are placed next to each other in one- or two-dimensional
arrays. Linear and areal arrays of small optical sensors,
called charge-coupled devices (CCDs), are made with
ordinary microelectronics processes and materials. They
have been widely used for decades. The availability of the
new micromachining techniques discussed above has led
to the development of new kinds of arrays of sensors for
physical quantities, and for chemical and biological ana-
lytes. Some of these have many applications and are
commercially viable.

Materials at ordinary and elevated temperatures emit
infrared radiation, which depends on both the materials

Figure 9. Schematic of a MEMS cantilever bio-sensor with its
top surface functionalized by antibody molecules, exposed to an
analyte with four types of molecules. Top: Immediately after
exposure and before capture of any target molecules. Bottom:
The change in surface tension due to capture of target molecules
(indicated as squares) by the antibody molecules causes curvature
of the cantilever.
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and the temperature. Hence, infrared cameras can be used
to capture images that indicate the type and temperature
of a source. Infrared-sensitive cameras are useful for
applications that range from looking for hot spots in
operating machinery through heat leaks in buildings to
clinical diagnostics. Before micromachining, semiconduc-
tors were used in arrays like CCDs in infrared cameras.
They had to be cooled to reduce the electronic noise in the
imager array. This requirement made the infrared im-
agers much more complex than if they did not require
cooling. Infrared imagers cost tens of thousands of dollars.
About a decade ago, surface micromachining was used to
make arrays of heat-sensitive pixels, commonly 50 micro-
meters on a side. A gap between the pixels and their
substrate, which was formerly occupied by the sacrificial
layer, insulates them from the substrate. They are sup-
ported by two or four thin structures that also serve as
conductors. The pixel is coated with a material having a
high thermal coefficient of resistivity. That is, the resis-
tance of a pixel changes significantly with a temperature
change. Absorption of even small fluxes of infrared radia-
tion, which heat a pixel only a few millidegrees, is
detectable. The low mass of each pixel permits rapid
heating and cooling, so infrared cameras can produce
images at video rates. The practically important feature
of micro-arrays for infrared sensors is the fact that they do
not require cooling to reduce sensor noise. Hence their cost
is on the order of a few thousand dollars. Such systems can
be used in cars to detect people and animals in the road at
night beyond the range of headlights.

The biggest payoff of microsensor arrays is in the filed
of bio-detection. Arrays containing thousands of small bio-
sensors can perform thousands of simultaneous assays for
a wide variety of materials in a sample. They have
numerous research applications. More importantly, mi-
cro-arrays can be used for disease detection and diagnosis,
and for monitoring the progress and treatment of diseases.
They are also useful for the detection of biological agents
for national security. Lithographically defined micro-ar-
rays, in which short (15 to 25 nucleotide) sequences of
DNA are grown on each spot, are sold by Affymetrix, Inc.
under the name GeneChip (11). Randox Laboratories Ltd.
sells Biochip Arrays for protein analysis (12). The small
size of the products of microfabrication technologies, and
the specificity of nanoscale materials, enable micro-ar-
rays, which will become increasingly important in many
fields.

2.5. The Future of Microsensors

Because of the very wide variety of microstructures, which
can be made from many different materials, and all the
readout mechanisms available to the MEMS designer,
there are many options remaining to explore quantita-
tively. This is true for physical, chemical, and biological
microsensors. However, for chemical and bio-sensors,
there is the added plethora of recognition elements and
transduction techniques available for use. In the past 20
years, microsensors have proven to be commercially viable
and very reliable. It can be confidently expected that the
variety of commercially available microsensors will con-

tinue to grow and that their applications will also continue
to increase. Medical applications should grow relatively
fast, both because of opportunities, notably the use of
wireless means to transfer sensor information, and be-
cause of needs, especially the aging populations in some
countries.

3. NANOSENSORS

Like microsensors, nanosensors may not be small because
of their packaging and connectors. But, here again, their
function and value are dependent on the small-scale
materials and structures within the sensors (13). The
history of nanosensors, or more accurately nano-material
enabled sensors, is neither as long nor as rich as that of
microsensors. It follows from the burst of activity in
nanoscale science and technology, which is due to dra-
matic funding increases in recent years. The global bud-
gets for nanoscale research and development increased by
a factor of five between the years 1997 and 2002, reaching
a global total of over $2 billion. In 2005, funding for
nanoscience and technology in the U. S. alone was about
$1 billion (14).

The growth and levels of funding for nanoscale research
and development had its roots in a few remarkable
advances. The first was the development of the scanning
tunneling microscope (STM) in the late 1970s by Gerd
Binnig and Heinrich Rohrer of IBM (15). It fetched them
the 1986 Nobel Prize in Physics. The device permits
resolution of individual atoms on the surface of conducting
materials. That is, it serves as a sensor of the position, and
even type of individual atoms. The second major develop-
ment in nanoscience also involved the STM. In 1990, Don
Eigler, another IBM scientist, showed that the STM could
also serve as an atomic-scale actuator. The IBM logo was
formed by dragging xenon atoms into position on the
surface of cold single-crystal of copper using an STM
(16). The result is shown in Fig. 10. This image had a
major impact on both scientists and others. Its effect might
have been similar to what photographs of the entire earth,
taken in the early 1970s by astronauts on moon missions,
meant to environmentalists .

The next pair of discoveries that ignited interest in
nanoscale techniques and materials involved new forms of
carbon. Pure carbon was long known to form two struc-
tures, stable, planar graphite sheets and metastable,
tetrahedral diamond crystals. The first breakthrough
occurred in 1985, when researchers at Rice University in

Figure 10. Colorized micrograph of 35 xenon atoms, which were
arranged and imaged with the same scanning tunneling micro-
scope on the surface of a copper crystal. 
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Texas discovered a stable and nearly spherical polyhedral
form of 60 carbon atoms (17). Three of them were awarded
the 1996 Nobel Prize in Chemistry for the surprising
discovery. These materials now go by the names of full-
erenes or, more popularly, bucky balls. The second large
advance was the discovery of stable, in fact, robust carbon
nanotubes (CNT) in 1991 by Iijima in Japan (18). Subse-
quent research has shown that CNT have remarkable
electrical, mechanical and other properties. CNTs with
single walls can be semiconductors or metals, depending
on their structures, which are shown in Fig. 11 (19). CNTs
can also be nested (multiwalled), and these have other
interesting and useful properties. In the years since their
discovery, processes have been developed to produce rela-
tively large weights of CNT for their incorporation into
other materials and devices. Also, techniques for growing
them in place have been demonstrated.

There have been many other significant advances in
nanoscience and -technology in recent years. Several of
them promise to be useful for sensors, mainly for chemical
and biological molecules (20).

3.1. Nanomaterials and Sensors

Carbon polyhedra and tubes are not the only nanoscale
materials that have been developed and commercialized.
It is useful to categorize nanomaterials by the dimension-
ality of their forms. Material particles, such as fullerenes,
that consist of very few atoms are essentially points of zero
dimensions. Small particles of metals, alloys, and com-
pounds fall in this category. If the particles are made of
semiconductors, they are called quantum dots. The colors
of such nanomaterials depend on their size, because the
quantum confinement of electrons within the small parti-
cles affects their electronic and optical characteristics.
Nanoparticles, including quantum dots, are generally
coated with organic materials for two reasons. The coat-
ings keep the particles from agglomerating and losing
their utility. They also permit small molecules to infiltrate
a collection of nanoparticles and cause them to move
slightly farther apart. This mechanism provides a way to
use nanoparticles to sense small vapor molecules, as
indicated in Fig. 12 (21). Particles of gold grown in solution
and then coated are put between two electrodes in the
nanosensor. The resistance across the collection of parti-
cles is relatively low due to their proximity to each other.
After exposure to the vapor of interest, the particles
separate and the resistance increases. The combination
of coating and analyte molecules gives the sensors a
degree of selectivity.

The second function of surface organic compounds on
quantum dots is to attach to particular target molecules.
Hence, quantum dots can serve both recognition and
transduction functions in bio-sensors. The recognition is
done by the molecules on the quantum dots, which can be
chosen from a wide variety of antibodies. The transduction
is due to fluorescence of the quantum dots themselves,
which results from shining a short-wavelength laser onto
the dots. The fluorescence color associated with a parti-
cular recognition molecule can be chosen by the diameter
of the dots. Many combinations of recognition molecules
and quantum dot colors are on the market. The distribu-
tion of many target molecules within live cells can be
determined microscopically by the use of several molecule-
dot combinations. Fig. 13 shows cells treated with com-
mercial quantum dots (22). The fluorescence of quantum
dots is bright and lasts longer than the fluorescence from
organic molecules, which can also be used for transduc-
tion.

Carbon nanotubes and nanowires of other materials
are practically one- dimensional because they are long and
thin. Many sensors that incorporate carbon nanotubes

Figure 11. Schematics of the positions of the atoms in carbon
nanotubes. The electronic properties of such nanotubes depend on
the angle between the tube axis and a direction in the graphite
lattice that is wrapped up to form the tube. 

Figure 12. Schematic of gold nanoparticles coated with
organic molecules before (left) and after exposure to the
vapor of a small organic molecule. 
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have been demonstrated, but none of them has been
commercialized yet. Carbon nanotubes have been shown
to vary their resistance in response to exposure to vapors.
A relatively simple nanosensor based on carbon nanotubes
is shown in Fig. 14 (23). The source-drain resistance varies
with the concentration of the vapor molecules to which the
device is exposed. A simple tubular flow cell was coated on
the inside with carbon nanotubes in the same study. That
device exhibited the ability of detect parts per billion
levels of the simulant for a nerve agent.

The zero- and one-dimensional materials already noted
are the hallmarks of nanotechnology. However, both two-
and three-dimensional materials with nanoscale features
have been widely used long before the recent eruption of
interest in nanotechnology. The two-dimensional materi-
als are very thin films with nanometer thicknesses. They
have been part of electronic, optical and other devices for
decades, and are very important commercially. Such films
can be continuous, have holes, or be islands of the materi-
als. They are made by a very wide variety of physical and
chemical deposition processes. Many thin films are well
known to be chemically or biologically active. Hence, they
can serve as recognition elements in sensors.

Three-dimensional nano-materials called aerogels are
also old, but they are less well known, and not as sig-
nificant commercially. Aerogels can be made from a vari-
ety of materials, notably silica. They consist of nanoscale
networks with relatively large open areas. The overall
density of aerogels is a few percent of the bulk material of
which they are made. Aerogels have been micromachined,
but they do not seem to have been used for chemical or
biological sensors to date. It is possible that incorporating
functional materials into aerogels, which can perform
selective molecular recognition, would make them useful
sensors. Their expected increase in mass upon absorption
of the target molecules could be detected as a change in
resonant frequency or some property.

3.2. Nanomaterial Production and Utilization

The importance of processes for surface and bulk micro-
machining of microscale sensors was emphasized. Pro-

cesses for making nanomaterials, and for putting them in
place within devices, are also critical. Unlike the case for
microsensors, there are no dominant processes for nano-
materials. That is, the processes used to make nanoma-
terials tend to vary with the material. Many processes are
employed because of the plethora of materials that can be
made with dimensions on the nanometer scale.

Another major difference between micro- and nanosen-
sors is the basic approach to their fabrication. Production
of microsensors usually starts with a substrate as the
basis for the device. Substrates, or layers built up on them,
are sculpted to form devices that will serve as a sensor,
either directly or after functionalization with a coating.
Some of the features in a microsensor may have dimen-
sions on the nanometer scale, especially thin films. How-
ever, the dominant scale is in the micrometer range, and
the salient structures are made by so-called top-down
processes. In contrast, nanosensors consist of materials
with characteristic dimensions on the scale of molecules.
It is not generally possible to process materials on the
nanometer scale starting with a larger structure. In the
case of nanomaterials, the key structures can be grown
from the atoms or molecules that will make up their
structures after processing. This is the ‘‘bottom-up’’ ap-
proach. It is used to make nanoparticles, including quan-
tum dots and their coatings, and nanotubes. Such growth
processes fall under the heading of ‘‘self–assembly,’’ in
which the buildup wants to occur for energetic reasons
and can do so without undo kinetic limitations. Nature,
with its wealth of grown nanoscale structures, offers a
vision for how nanodevices, including sensors, might
someday be made.

The initial production of nanomaterials and their later
utilization means that methods to put them in the right
places in the correct amounts within a nano-enabled
sensor must be available. There are many processes,
from simple dipping to patterned ink jetting of suspen-
sions of nanomaterials, which can be used to put func-
tional materials into small sensors. The alternative to
separately making and placing nanomaterials is to grow
them directly in the desired locations. The development of
methods to put down premade nanomaterials or to grow
them in place is an active area of research. The control of

Figure 14. A. Optical micrograph of a nerve agent sensor made
of carbon nanotubes between two electrodes of a thin film
transistor, where the silicon substrate (coated with thin silicon
dioxide) served as the gate. B. Atomic force microscope image of
the top part of the inter-electrode nanotube-based material. Figure 13. Optical micrograph showing the results of treating

live human epithelial cells with five different recognition mole-
cules, each of which has attached a quantum dot that fluoresces in
a different color. 
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self-assembly within a miniature sensor is especially a
major challenge. There are two approaches. The first uses
patterned substrates on which needed materials will only
grow in desired places with particular chemical or physi-
cal properties. The second is to use beams of photons,
electrons, or ions to influence the growth process as it
occurs. In both cases, timing is generally the dominant
tool for control of the thickness of grown films.

3.3. The Future of Nanosensors

Composites made of different material, such as fiberglass,
are very important on the macroscopic scale. It is likely
that the composites formed by mixing nanomaterials of
various dimensionalities will also prove to be useful,
especially for sensors. Figure 15 shows that there are
many possible combinations of zero-, one-, two-, and three-
dimensional materials with features on the nanometer
scale. It is likely that not all of these will prove to be
important, even scientifically, let alone commercially.
However, it is clear that the field of nanomaterials is
young, with a great room for progress. Many applications
of new nanomaterials to chemical and biological sensor
can be expected, especially in clinical medicine.

4. TRENDS IN MICRO- AND NANOSENSORS

The development of new processes, materials, and devices
for micro- and nanosensors will be relentless, as will
attempts to overcome the limitations of such devices. A
major general problem for chemical and biological sensors,
which depend on interactions at the molecular scale, is
maintaining their viability and calibration. Humidity and
dirt, as well as interfering chemicals, can degrade their
operation. It is now possible to build into systems contain-
ing small sensors, microscale devices that can release
small amounts of target chemicals either on schedule or
on demand. Such capabilities would be useful, at least, for
testing the operation of chemical and bio-sensors, even if it
is not possible to do an accurate in situ recalibration.

If it is not possible to provide a built-in testing or
recalibration capability, the small size of the critical
elements in micro- and nanosensors enables another
possibility. It is the provision of an array of many identical

sensors within a given system. Then, when a particular
sensor is degraded, it can be replaced with a fresh device.
Here, an array would be used sequentially, in contrast to
the simultaneous use of the sensors in an array for
infrared imaging, chemical analysis or bio-sensing. Of
course, means would be needed to determine when to
switch from a degraded or dead sensor to a fresh one.
And, structures and controls to divert the sample stream
to the new sensor is another requirement for the sequen-
tial use of an array of small sensors. Methods to test micro-
and nanosensors in place, or to replace them with fresh
sensors, need development.

The synergy between MEMS, and other micro-scale
technologies, and nanotechnologies should be evident
from the examples of sensors presented above. Because
of the critical role of microcantilevers in scanning tunnel-
ing and other microscopes with nanometer resolution, it
can be said that MEMS enabled the nanorevolution of
recent years. The melding of MEMS structures and nano-
materials is especially beneficial. For example, a micro-
cantilever can be turned into a sensor by coating it with a
nanomaterial that will respond to chemicals or bio-mole-
cules. There are many opportunities for melding capabil-
ities on the widely different micro- and nanoscales, as
there are on the macroscopic level. The demonstration of a
new microstructure is an opportunity to add nanomater-
ials to it in order to make a new or better sensor. Similarly,
the availability of a new nanomaterial, or a new process to
grow a nanomaterial in place, are causes to consider their
use in micro- and nanosensors.

Relentless integration is one of the themes of technol-
ogy in this era. First, transistors were put together in
integrated circuits. Then, microelectronics and microme-
chanics were integrated in MEMS, many of which are
sensors, which are merely components. The integration of
sensors with microcontrollers, which are also components,
yielded ‘‘smart sensors’’ about 20 years ago. Then, another
sophisticated component, namely the single-chip radio
transceiver, was put with smart sensors to make wireless
sensor systems. In the past few years, software that
enables self-forming and self-healing networks, with
mesh and other topologies, has been developed and com-
mercialized. Wireless sensor networks with a few thou-
sand nodes have been demonstrated. They enable the
autonomic and near-real-time flow of sensor information
to people, systems, and databases. The use of sensor
networks is poised for rapid growth because of their
many applications.

The integration of nanometer-scale sensor and actuator
functions within single devices is also in progress. The
most striking example is a data storage technology being
developed by IBM (24). It is called the ‘‘millipede’’ because
it has many actuators working in parallel to write nanos-
cale depressions into a polymer film. The presence of a
depression is a 1 and its absence is a 0. The same
nanoscale tip that can make a depression by heating the
polymer can later sense the presence or absence of a
depression. This technology might be able to store a
terabit of information in one square inch, a density over
100 times higher than projections for hard drives in which
bits are stored in domains parallel to the magnetic film.

Nano-Particles Quantum Dots

Nano-Tubes Nano-Wires

Thin Films Thin Islands

Aerogels Polymers

Figure 15. Possible binary combinations of nano-materials for
sensors and other applications.
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Now, however, hard drives are being developed with
‘‘vertical’’ domains, that is, bits with the magnetization
normal to the disc surface that can be smaller than
‘‘horizontal’’ domains. Which technology will demonstrate
the highest bit density and which will gain market share
are interesting technical and economic questions for the
coming decade.

The impact of micro- and nanosensors on medicine (25)
is expected to be very great for three reasons. The simplest
is the wide variety of analytes that can be assayed using
small technologies. The second is the characteristics of
clinical systems based on small sensors. In general, ana-
lytical equipment can evolve from being sized for the
desktop to being handheld. Then, analyzers can be
brought to the patient, rather than samples being sent
to a central laboratory with a turnaround time of about
one day. The ability to get blood and other test results
within minutes at the point of care could have practical
and economic impacts on medicine. Because of the small
size of micro- and nanosensors, smaller samples, as well as
less reagents and waste, are possible. Tests can be some
combination of simpler, faster and cheaper. The ability to
use disposable sensor elements is clearly important for
clinical medicine. In some cases the small sensors permit
tests to be done more precisely, and in some cases, enable
assays that are not even possible with older technologies.

The third reason for the expected impact of micro- and
nanosensors on medicine springs from their interactions
with patients. The small sizes of the sensors and ancillary
electronics enables small, but capable, monitors to be put
on people. Their data can be recorded in small worn
computers, or else forwarded wirelessly to a recording
device or internet access point. Small sensors have been
devices to pass through people. The prime example is the
camera pill from Given Imaging, Inc., shown in Fig. 16
(26). As it passes through the gastrointestinal tract, the
pill radios two color photographs out of the body each
second for eight hours to antennas and recording equip-
ment worn around the waist. The camera pill makes it
possible to examine the small intestine, which previously
could only be accessed surgically. Small technologies also
make it possible to inject or implant sensors into a person.
There are many reasons for doing so, with measuring
cranial pressure being one of them. Another, already in
use, involves MEMS accelerometers within pacemakers,

so that a person’s activities can be sensed to control the
heart rate. The coming years are virtually certain to
witness an increasing variety of implanted systems based
on both micro- and nanosensors.
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1. INTRODUCTION

Microvessel permeability is a quantitative measure of how
permeable the microvessel wall is to all kinds of sub-
stances including water, solutes, and cells.

Microvascular beds are the primary locations where
water and nutrients are exchanged between circulating
blood and body tissues. Capillaries are the smallest rami-
fications of the microvessels. Capillary walls consist
mainly of endothelial cells (Fig. 1). Under normal condi-
tions, the cleft between endothelial cells (interendothelial
cleft, Fig. 1) is widely believed to be the principal pathway
for water and hydrophilic solutes (such as glucose, amino
acids, vitamins, and hormones) transport across the capil-
lary wall (1–5). Direct and indirect evidence indicates that
junction strands with discontinuous leakages (5–9) and
fiber matrix components (10–14) exist at the endothelial
surface and in the wide portion of the intercellular cleft
(Fig. 2). The transport of proteins or other macromolecules
is believed to go through vesicle shuttle mechanisms.

Under healthy conditions, the microvessel wall main-
tains a normal permeability to water and small solutes for
the material exchange during our body metabolic pro-
cesses. During disease, the integrity of the vessel wall
structure can be destroyed and much larger solutes such
as proteins and cells can transfer through the wall. It is
the transvascular pathways at the vessel wall and their
structural barriers that determine and regulate the mi-
crovessel permeability.

2. TRANSVASCULAR PATHWAYS

The endothelial cells lining microvessel walls provide the
rate-limiting barrier to extravasation of plasma compo-
nents of all sizes from electrolytes to proteins. So far, four
primary pathways are observed in the microvessel wall by
using electron microscopy: intercellular clefts, transcellu-
lar pores, vesicles, and fenestrae (Fig. 3). Microvessels of
different types and in different tissues may have different
primary transvascular pathways. Under different physio-
logical and pathological conditions, the primary pathway
can be changed for the same microvessel (15).

2.1. Interendothelial (Intercellular) Cleft (Figs. 1 and 2)

The cleft between adjacent endothelial cells is widely
believed to be the principal pathway for water and hydro-
philic solute transport through the microvessel wall under
normal physiological conditions. The interendothelial cleft
is also suggested to be the pathway for the transport of
high-molecular-weight plasma proteins, white blood cells,
and tumor cells across the microvessel wall in disease.
Tight junction strands with discontinuous leakages and
fiber matrix components (glycocalyx layer) exist at the
endothelial surface and within the cleft (16,17). These
structural components of the microvessel wall form the
barrier between the blood stream and body tissues, which
maintains the normal microvessel permeability to water
and solutes. Changes in permeability are caused by the
changes in the structural components.

Serial section electron microscopy studies on frog me-
senteric (a mesentery is a translucent thin tissue connect-
ing the intestine) capillaries by Adamson and Michel (6)
demonstrated that the junction strands were interrupted
by infrequent breaks that, on average, were 150nm (1nm
¼ 10� 9m) long, spaced 2–4 mm (1 mm¼ 10� 6m) apart
along the strand, and accounted for up to 10% of the
length of the strand under control conditions. At these
breaks, the gap between adjacent endothelial cells (aver-
age 20nm) was as wide as that in regions of the cleft

Endothelial cell

Interendothelial
cleft

Figure 1. A typical frog mesenteric capillary. Its wall consists of
endothelial cells.
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Figure 2. Ultrastructural organization of junction strands in the
interendothelial cleft and surface glycocalyx. Revised from Ref.
(7).
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Figure 3. Schematic of various transvascular pathways in the
microvessel wall.
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between adjacent cells with no strands. AB2-nm translu-
cent narrow slit along the outer leaflets in the tight
junction was also revealed.

Using cationized ferritin for staining in electron micro-
scopy, Adamson and Clough (11) suggested that the sur-
face glycocalyx layer is approximately 0.1-mm thick in frog
mesenteric capillaries. Adamson (10) also reported that
water permeability of the microvessel was increased by
2.5-fold after enzymatic degradation of this layer using a
general protease (pronase E). Vink and Duling (18) also
found that the thickness of surface glycocalyx layer is
around 0.4 mm in their study of capillaries on mammalian
cremaster muscles.

2.2. Vesicles

Cytoplasmic vesicular exchange, which behaves like a
shuttle bus, is the major pathway for transport of plasma
proteins and large molecules under normal physiological
conditions (15).

2.3. Fenestrae

Fenestrae usually exist in fenestrated microvessel (in
kidney) instead of continuous microvessel endothelium.
In some fenestrated microvessels, a very thin membrane,
there exists the diaphragm, which covers the fenestra.
Fenestrated endothelia have higher hydraulic conductiv-
ity and are more permeable to small ions and molecules
than are continuous endothelia. However, their perme-
ability to plasma proteins is about the same (15).

2.4. Transcellular Pores

In response to local tissue injury or inflammation, addi-
tional transport pathways for large molecules may be
opened (transcellular pores) and existing pathways made
less restrictive. The response is complex and varies among
different animals, organs, and tissues (19).

3. MICROVESSEL PERMEABILITY TO WATER AND
SOLUTES

Afore-mentioned ultrastructural studies using electron
microscopy and other permeability studies show that the
microvessel wall behaves as a passive membrane for water
and hydrophilic solute transport (20,21). The membrane
transport properties are often described by Kedem–Katch-
alsky equations derived from the theory of irreversible
thermodynamics (22),

Js¼PRTDCþ ð1� sf ÞCJv;

Jv¼LpðDp� sdRTDCÞ:

Here, Js and Jv are the solute and water fluxes (flux equals
flow rate per unit area perpendicular to the flow direc-
tion); DC and Dp are the concentration and pressure
differences across the membrane. Lp, the hydraulic con-
ductivity or water permeability, describes the membrane
permeability to water. P, the diffusive permeability coeffi-
cient or solute permeability, describes the permeability to

solutes. sf is the solvent drag or ultrafiltration coefficient
that describes the retardation of solutes because of mem-
brane restriction, and sd, the reflection coefficient, de-
scribes the selectivity of membrane to solutes. In many
transport processes, sf is equal to sd (23) and therefore s,
the reflection coefficient, is often used to represent both of
them.

4. PERMEABILITY MEASUREMENT

All of the permeability measurements have been inter-
preted in terms of Lp, P, and s, which are measured
experimentally on intact whole organisms (including hu-
man subjects), on perfused tissues and organs, on single
perfused microvessels, and on monolayers of cultured
microvascular endothelial cells.

Different experimental preparations have their advan-
tages and disadvantages. Although measurements made
on the intact regional circulation of an animal subject
(usually using radioactive isotope labeled tracers) suffer
from uncertainties surrounding the exchange surface area
of the microvessel wall and the values of the transvascular
differences in pressure and concentration, they usually
involve minimal interference with the microvessels them-
selves. These studies can provide valuable information
concerning microvascular exchange under basal condi-
tions. At the other end are measurements on single
perfused vessels. The Landis technique has been used to
measure the hydraulic permeability Lp and reflection
coefficient s. Quantitative fluorescence microscope photo-
metry is used to measure solute diffusive permeability P.
Both of these techniques are described in detail in Ref. 24.
The surface area of the microvessel can be measured
directly, as can the difference in pressure and concentra-
tion across the vessel walls. The disadvantages of the
single vessel preparation are (1) that they have direct
interference with the vessels involved, and (2) that they
are usually restricted to a small number of convenient
vessel types (e.g., mesenteric vessels on a 2-D translucent
tissue). Direct interference with a vessel, whether it is
exposure to light or micromanipulation, might be expected
to increase permeability. However, this concern was al-
layed when it was shown that Lp (25) and P to potassium
ions (20) in single muscle capillaries were similar to
values based on indirect measurements on the intact
muscle microcirculation.

Although the rapid development of endothelial cell
biology is largely a result of experiments on cultured
endothelial cells in vitro (in dishes), serious limitations
exist to the use of monolayers of cultured endothelial cells
for gaining direct information about vascular permeabil-
ity. For example, the most widely reported permeability
measurements on monolayers of cultured endothelium are
P to serum albumin, which has a mean value in the range
of 10� 6 cm/s (26). In general, the in vitro permeability to
albumin is 2–10 times larger than that from the in vivo (in
live animals) measurement. Estimates of reflection coeffi-
cients s of cultured monolayers of endothelial cells to
macromolecules are too low for plasma proteins to exert
a significant osmotic pressure across them (27). These
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results indicate that monolayers of cultured endothelial
cells do not completely reflect the permeability character-
istics of microvascular endothelium in vivo (in live ani-
mals). For this reason, discussions of permeability
properties and the values of permeability coefficients are
restricted to measurements mainly made on single ves-
sels.

5. PERMEABILITY MEASURED IN SINGLE PERFUSED
MICROVESSEL

Figure 4 (16) shows the measured permeability of frog
mesenteric microvessels to hydrophilic solutes as a func-
tion of solute size ranging from potassium to albumin. The
values of permeability have been plotted on a logarithmic
scale, and it is seen that the decline of P is maintained
until the molecular radius reaches around 3.6nm (the
radius of bovine serum albumin). These permeability
values are for normal (undisturbed) true capillaries or
post capillary venules. The hydraulic conductivity for
these vessels range from 2 to 4 � 10�7 cm/s/cmH2O (28).

Generally, for transport across microvessels, the so-
lutes such as ions and glucose, which have radius of 1nm
or less, can freely transfer across the surface glycocalyx.
They are categorized as small solutes. Molecules as large
as albumin that hardly transfer across the glycocalyx
layer are called large solutes. Those molecules of radius
in between 1nm to 3nm are called intermediate-sized
solutes. Molecules larger than albumin seem not to cross
the microvessel wall in frog mesentery. Values of perme-
ability for molecules larger than serum albumin appear to
decrease much less rapidly with increasing molecular size
in mammalian skeletal muscle (15), suggesting that either
the pathways or mechanisms concerned in the transport of
macromolecules differ from those for smaller solutes.

Figure 4 describes relations between solute permeabil-
ity and molecular size in microvessels in frog mesentery.
Similar relations are found in other types of microvessels
such as in mammalian skeletal muscle (29). Although the
absolute values of permeability to water and to the

smallest molecules may vary by several orders of magni-
tude, the microvessels in different tissues, however, have
rather similar values for reflection coefficient s to macro-
molecules. The wide range of values of hydraulic conduc-
tivity (water permeability) Lp and the relatively constant
values of s to serum albumin in different types of micro-
vessel are shown in Fig. 5 (30). Each point in this diagram
represents the mean value of Lp and s to albumin for a
different type of microvessels (continuous and fenestrated)
or microvascular bed (29).

The Lp value has been plotted on a logarithmic scale so
that values covering three orders of magnitude can be
displayed. It is seen that no correlation exists between s to
albumin and Lp. The conclusion from Fig. 5 is that
variations in Lp in different microvessels are not accom-
panied by variations in their leakiness to macromolecules.
This phenomenon could be explained if a common mole-
cular sieve to serum albumin exists for all types of vessels.
The most likely candidate for the sieve is the surface
glycocalyx layer in the luminal side of the microvessel,
which was observed by using cationized ferritin tracers in
electron microscopy for frog mesenteric microvessels (11)
and in vivo fluorescent microscopy for hamster cremaster
capillaries (18).

The evidence for the surface glycocalyx layer being the
molecular sieve to macromolecules is also provided by
comparing the Lp and P data for fenestrated and contin-
uous microvessels. The walls of the vessels with high
values of Lp (410� 6 cm/s/cmH2O) are fenestrated en-
dothelium, whereas those of vessels with lower Lp values
are continuous endothelium. Different pathways are pri-
marily responsible for the transport of fluid and hydro-
philic solutes through these two types of endothelia. In
fenestrated endothelia, this pathway is through the fenes-
trae, whereas in continuous endothelium, it is through the
intercellular clefts (see Figs. 1–3). It is, therefore, very
surprising that the clear differences in morphology are not
accompanied by a qualitative change in the properties of
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the permeability coefficients. Fenestration increases the
Lp and the P to small hydrophilic solutes without chan-
ging the Lp/P or s to albumin. Thus, the molecular sieving
characteristics of microvascular walls appear to be com-
mon to both fenestrated and continuous endothelia. Curry
and Michel (31) suggested that it was luminal glycocalyx
that acted as the molecular sieve in both types of vessels.

6. ROLE OF SURFACE GLYCOCALYX

6.1. Molecular Filter

The model shown in Fig. 6 (16,32–34) provides a quanti-
tative description of flows through a real endothelial
barrier (frog mesenteric capillary) in terms of directly
measured geometry of the junction strand and reasonable
estimates of glycocalyx structure. In the absence of the
matrix (fiber thickness Lf¼ 0 in Fig. 6), the pressure and
albumin concentration fall symmetrically about a break in
the junction strand located halfway between the lumen
and the tissue (not shown here). However, in the presence
of the matrix, Fig. 7 shows that more than 90% of the drop
occurs across the surface fiber matrix layer when the
thickness Lf¼ 100nm (35).

In contrast to the resistance of the matrix to water and
large solutes such as albumin (radius¼ 3.6 nm), the ma-
trix acting as the macromolecular filter offers little resis-
tance to small solutes of less than 1nm radius (16).
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6.2. Building of Starling Force Across the Capillary Wall

Nearly every contemporary physiology text has explained
Starling’s hypothesis in terms of a classic Landis–Starling
diagram, in which net filtration in the capillaries exists on
the arterial side and a nearly equal reabsorption exists on
the venous side. This widely accepted view was first
seriously challenged in the provocative review by Levick
(36). Levick shows that if one uses the latest measure-
ments of the local average interstitial oncotic pressure in
calculating the isogravimetric pressure opposing filtra-
tion, one finds that in nearly every tissue except the renal
capillaries and the gut mucosa the pressure in the post-
capillary venules significantly exceeds the isogravimetric
pressure and there should be net filtration rather than
reabsorption. This fundamental paradox was the focus of a
recent review by Michel (30) summarizing the latest
understanding of microvascular fluid exchange.

Based on arguments presented in Michel (30), Hu and
Weibaum (35) have proposed a new hypothesis that sug-
gests that the oncotic force occurs primarily across the
protein sieving layer at the endothelial surface, the sur-
face glycocalyx. In contrast, the filtration pressure drop
occurs across both this protein-sieving layer and across
the interendothelial cleft with its junction strands. This
model showed that the paradox described by Levick (36)
can be resolved if the oncotic force across the surface
matrix layer is determined by the local difference in
protein concentration between the plasma and the fluid
on the tissue side of the matrix layer rather than the
interstitial fluid in the tissue itself.

6.3. Charge Effect

Adamson et al. (37) showed that for similar size solutes,
ribonuclease and a-lactalbumin, the permeability of ribo-
nuclease (Pribonuclease) with positive charge was twice of
that of a-lactalbumin (Pa-lactalbumin) with negative charge
in frog mesenteric capillaries. Their experiments sug-
gested that the transvascular pathways contain negative
charges. Experiments by Curry et al. (38) and Huxley et
al. (39) suggested that orosomucoid and plasma increase
net negative charge of microvessel walls to further in-
crease Pribonuclease and decrease Pa-lactalbumin. To investi-
gate this charge selectivity on microvessel permeability,
Fu et al. (40) extended the 3-D junction-orifice-fiber
matrix model developed by Fu et al. (16) for the inter-
endothelial cleft to include a negatively charged glycoca-
lyx layer at the entrance of the interendothelial cleft. Both
electrostatic and steric exclusions on charged solutes are
considered at the interfaces of the glycocalyx layer be-
tween the vessel lumen and between the endothelial cleft.
The effect of electrostatic interactions between charged
solutes and the matrix on solute transport is also de-
scribed within the glycocalyx layer.

Their results showed that to account for the two-fold
difference in Pribonuclease and Pa-lactalbumin observed in Ref.
37, the negative charge density in the glycocalyx layer
would be around 25mEq/L. Increase in the charge density
from 25mEq/L to 50mEq/L would explain the change in
Pribonuclease and Pa-lactalbumin by orosomucoid (38). Change
in Pa-lactalbumin by plasma observed in Ref. 39 could be

accounted for if the density increases from 25mEq/L to
60mEq/L.

6.4. Transport Across Fenestrated Microvessels

The role of a matrix layer associated with fenestrae (see
Fig. 3) has been analyzed in detail by Levick and Smaje
(41). The size and frequency of fenestration varies from
50–60nm radius in intestinal mucosa, synovium, and
submandibular gland with a density of 2–5 per mm2 to
60–88nm radius with densities of 20–30 per mm2 in the
renal vasculature (excluding the glomerulus). Levick and
Smaje (41) estimated that, for the typical thickness of the
diaphragm in fenestrations of 5nm, the values of ex-
change area per path length (Afen/L) (7,000–
17,000 cm� 1) are close to two orders of magnitude higher
than required to account for measured small solute per-
meability and hydraulic conductivity of fenestrated capil-
laries. Levick and Smaje (41) therefore concluded that
most of the resistance to water and solute movement
across fenestrations must lie within fiber matrix struc-
tures more than an order of magnitude thicker than the
diaphragm. The diaphragm, therefore, might support an
overlying glycocalyx and underlying basement membrane
containing a mixture of thick and thin fibers.

7. PERMEABILITY REGULATION

The molecular basis for the passage of molecules at the
level of the breaks in tight junctions is more likely to be
the localized absence of cell-cell contacts with correspond-
ing loss of a closely regulated molecular sieve as suggested
by Weibaum (17), Fu et al. (33), and Michel and Curry
(29). Thus, the junction break-surface matrix model sug-
gests independent mechanisms to regulate the permeabil-
ity properties of the microvessel wall. The junction break
size and frequency are likely to involve regulation of cell-
cell attachment via occludin and other junction proteins
including the cadherins associated junctions (Fig. 8, from
Refs. 42 and 43). On the other hand, the regulation of
glycocalyx density and organization is likely to involve
interaction of the molecules forming the cell surface with
cytoskeleton, and with circulating plasma proteins. Some
of the cellular mechanisms underlying these interactions
are reviewed in Refs. 42 and 44. Under physiological and
pathological conditions, microvessel permeability can be
regulated acutely and chronically by mechanisms that are
underway to be understood.

7.1. Permeability Increase

Increased microvessel permeability is usually defined to
be the large increase in permeability to fluid and plasma
proteins that occurs in acutely and chronically inflamed
tissues. Generalized small increases in microvessel per-
meability have been said to occur in a number of systemic
diseases (e.g., diabetes, hypertension, and rheumatoid
arthritis). In addition, physiological variations in micro-
vessel permeability exist.

Studies on amphibians and on rats have shown that
microvessel permeability is increased by atrial natriuretic
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peptide (ANP). Working on single perfused frog mesen-
teric capillaries, Meyer and Huxley (45) have shown that
ANP increases hydraulic conductivity by a mechanism
that raises particular guanylate cyclase in the endothe-
lium. Renkin and Tucker (46) reported that expansion of
plasma protein from the vascular to the interstitial com-
partment by a mechanism that is dependent on ANP. As it
does not appear to be accompanied by a fall in the
reflection coefficient to albumin, Renkin and Tucker (46)
suggested that it might involve either an increase in the
porous area of the capillary wall without loss of molecular
selectivity or an increase in the transport of macromole-
cules by vesicles (Fig. 3).

Another type of physiological stimulus, wall shear
stress, has also been reported to increase microvessel
permeability (29,47). Kajimura et al. (48) used a micro-
perfusion technique to vary the flow velocity in frog
mesenteric microvessels and demonstrated that perme-
ability to potassium ions was indeed increased as flow
velocity increased. In a very different preparation, Pallone
et al. (49) and Turner and Pallone (50) have shown that
the permeability of isolated perfused descending vasa

recta to small hydrophilic solutes increases with increas-
ing perfusion rate.

If permeability is generally flow-dependent, it has
important physiological implications particularly for the
transport of small hydrophilic solutes to and from the
tissues. In muscle, for example, it could account for the
large increase in glucose uptake that occurs during ex-
ercises without having to invoke large increases in the
number of capillaries perfused within the tissue.

The pattern of increased microvessel permeability in
inflammation is varied by different inflammatory media-
tors. After mild thermal or chemical injury to the skin,
there was an initial increase in permeability lasting 15–
30min, after which leakage was reduced for a short period
before increasing for a second sustained phase that might
last for several hours (51). Exogenously administered
mediators such as histamine, serotonin, bradykinin, and
cytokines have effects that are similar to the initial phase
of inflammation. Figure 9 shows the typical pattern of
permeability increase by these mediators (52,53). In Fig.
9, the effect of a cytokine, vascular endothelial growth
factor (VEGF), on water and small solute permeability of
frog mesenteric microvessels is shown. Exposure to 1-nM
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VEGF transiently increased Lp within 30 s (to 7.8-fold of
baseline values) and returned to control within 2min (52).
Another study by Fu and Shen (53) showed that the
response pattern of small solute sodium fluorescein (MW
¼ 376, radius¼ 0.45nm) permeability Psodium fluorescein to
VEGF was similar to that of Lp to VEGF and the peak at
B30 s is 2.3-fold of the baseline value. Based on these
measured permeability data, the theoretical model (53)
predicted that the most likely structural change in the
interendothelial cleft by VEGF is B2.5-fold transient
increase in its opening width and partial degradation of
surface glycocalyx layer (Fig. 6).

Using light microscopy and carbon labeling, Majno et
al. (54) showed that the increased permeability induced by
histamine and serotonin was confined to the venules and
did not involve the true capillaries. Subsequent electron
microscopy by Majno and Palade (55) revealed that leak-
age from the venules was associated with the development
of openings or gaps in the venular endothelia. Subsequent
work in a number of different laboratories confirmed that
histamine, serotonin, bradykinin, and many other media-
tors opened gaps in the endothelium of the postcapillary
venules but did not appear to influence the ultrastructure
of the capillaries.
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The later phase of increased permeability, after ther-
mal or chemical injury, does involve both capillaries and
venules, which appears to involve the development of gaps
or openings in the endothelium (56). More recently, it has
been shown that increased capillary (as well as venular)
permeability occurs as a result of contact with dead tissue
because of endogenous mediators from dying tissue (57).
Gaps and fenestrae in capillary endothelia are also in-
duced by VEGF (58).

7.2. Permeability Decrease

Many studies have found that increased intracellular
adenosine 30,50-cyclic monophosphate (cAMP) can block
the inflammatory response in a variety of experimental
models. Although the mechanism is not well understood,
numerous studies have confirmed that elevated cAMP
modulates the paracellular permeability by an increase
in tight junction number or complexity of the intercellular
cleft (44,59).

Adamson et al. (59) demonstrated that elevation of
endothelial cell intracellular cAMP levels by simultaneous
adenylate cyclase activation (forskolin) and phosphodies-
terase (PDE IV) inhibition (rolipram) reduced capillary
hydraulic permeability (Lp) to 43% of baseline values
within 20min (Fig. 10a). At the same time, using electron
microscopy, they also found that the number of the tight
junction strands increased from a mean of 1.7 to a mean of
2.2 per cleft (Fig. 10b). More junction strands in the cleft
will increase the tortuosity of the cleft pathway for water
and solutes (see Fig. 6). Fu et al. (32) in their parallel
study on the effect of cAMP on solute permeability indi-
cated that in 20min, the permeability for intermediate-
sized solute a-lactalbumin (radius¼ 2.01nm) Pa-lactalbumin

and for small solute sodium fluorescein (radius¼ 0.45nm)
Psf decreased to 64% and 67% of their baseline values,
respectively (Fig. 11).

To investigate the microstructural mechanisms of de-
creasing microvascular permeability induced by the en-
hancement of intraendothelial cAMP levels, Fu and Chen
(60) extended the previous analytical model developed by
Fu et al. (16) for the interendothelial cleft to include
multiple junction strands in the cleft and an interface
between the surface glycocalyx layer and the cleft en-
trance. Based on the electron microscopic observation by
Adamson et al. (59), that elevation of intracellular cAMP

0
0.0

0.2

0.4

L p
 te

st
/L

p 
co

nt
ro

l

0.6

0.8

1.0

5 10
Time (min)

(a)

(b)

Roli & Forsk (n=26)

Roli alone (n=10)

BSA & vehicle (n=21)

15 20

*

*

*
*

*

25

0
0

10

20

30

40

50

0

P
er

ce
nt

ag
e 

of
 c

le
fts

 
w

ith
 n

o.
 o

f t
ig

ht
 ju

nc
tio

ns
10

20

30

40

50

1 2 3

No. of tight junctions

4 5 6

Rolipram
with forskolin

BSA control

0 1 2 3 4 5 6

Figure 10. cAMP effect on microvessel hydraulic conductivity Lp

and number of tight junction strands in the interendothelial cleft.
(a) Ratio of test Lp to control Lp as a function of time after
perfusion with either rolipram alone or rolipram with forskolin
induced a fall in Lp. (b) Distribution showing variation in number
of tight junctions per endothelial cleft before and after perfusion
of rolipram and forskolin (59).

0 5 10 15 20 25

Time (min)

30 35 40

0.6

0.5

0.4

P
te

st
/P

co
nt

ro
l

0.8

0.7

0.9

1.1

1.0

Figure 11. Permeability P decreased as a function of time in
response to treatment with rolipram and forskolin. K, Control
values with 10mg/ml bovine serum albumin (BSA) frog Ringer
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levels would increase number of tight junction strands,
numerical method was applied to test the case in which
two junction strands in the cleft exist and large discontin-
uous breaks and a small continuous slit exist in each
strand. Results from this two-junction strand and two-
pore model can successfully account for the experimental
data for the decreased permeability to water (59), small
and intermediate-sized solutes (32) by cAMP.

8. SUMMARY

Important and recent progresses in microvessel perme-
ability and its regulation have been presented and dis-
cussed here. Although microvessel permeability is a
classic problem that has been investigated for more than
50 years, the fundamental question related to structure-
function of microvessel walls and properties of cells form-
ing the walls still remains unclear. Employing mathema-
tical models for more accurate interpretations and
predictions, new techniques involving fluorescence,
atomic force and electron microscopy; and new develop-
ments in molecular biology and biochemistry will lead to
more fascinating discoveries in this field.
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1. INTRODUCTION

The microwaves are a part of the electromagnetic waves
spectrum with frequencies between 300MHz and 300GHz
and wavelengths between 1m and 1mm consequently.
The microwave wavelength is relatively short in compar-
ison with another spectrum of radio waves, and the device
dimensions are comparable with their wavelength. There-
fore, the phase changes significantly over the physical ex-
tent of the devices and microwave components can be
considered as distributed elements.

The high frequency and short wavelength provide
unique opportunities for the application of microwave sys-
tems in radio engineering:

* Effectiveness of the antenna is proportional to the
ratio of its dimension a to the wavelength a/l, and
the spatial resolution is a fraction of the wavelength;
therefore, the spatial properties of the system can be
improved at shorter wavelengths.

* The wider bandwidth (information capacity) can be
realized at higher frequencies: The absolute band-
width is proportional to the carrier frequency in case
of same relative bandwidth.

* The effective reflection-scattering area of the objects
is proportional to the ratio of their dimension to the
wavelength and increases with frequency.

* The molecular, atomic, and nuclear resonances occur
at microwave frequencies; the field interaction with
different materials creates a variety of applications in
basic science, remote sensing, medical diagnostics,
and treatment and heating methods (see MICROWAVE

HEATING, BIOLOGICAL EFFECTS OF MICROWAVES).

The main applications of microwaves are related to
these opportunities: radar, communication systems, TV,
and medical diagnostics.

The fundamentals of microwave theory were developed
over 100 years ago (see ELECTROMAGNETIC WAVES). The the-
ory of microwaves is based on Maxwell equations and
their solutions. The solutions for the harmonic electro-
magnetic field, most frequently applied, are well applied
especially in microwaves where the bandwidth is rela-
tively small in comparison with carrier frequency.

The lack of microwave sources and components put the
brake on development of microwave technology in the
early 1900s. Radar, the first major application of micro-
waves, was intensively developed during World War II.
Microwave theory and technology received substantial in-
terest beginning from the 1940s. The principles of micro-
wave technology, active and passive microwave systems,
radars, and radiometers, which were developed by out-

standing scientists N. Marcuvitz, J. S. Schwinger, H. A.
Bethe, E. M. Purcell, C. G. Montgomery, R. H. Dicke and
others in this time are successfully applied in microwave
technology including medical technology up to nowadays.

Microwave imaging is an emerging technology for sev-
eral applications in medicine. Microwaves in medical
imaging has been in the scope of interest of several re-
search groups for decades (1). Most available traditional
medical imaging (x-ray, ultrasound) techniques provide
anatomic rather than functional information. To achieve
new possibilities of improving imaging and deepening our
understanding of the biology of disease, the microwave
imaging as an alternative imaging technique, in medicine
was developed. This technique does not involve the use of
ionizing radiation or mechanic sound waves; it operates in
different regions of the microwave spectrum and exploits
differences in electrical and thermal properties between
normal tissue and anomalies. One of the most important
problems in diagnostic radiology is the biological effect of
the radiation used to get an image. Especially dangerous
would be the radiation effects on processes in oncology.
The energy of quanta at microwave frequencies is lower in
comparison with energy of quanta at traditional medical
imaging (x-rays) frequencies and does not produce ioniza-
tion of the medium. The nonionizing microwave radiation
does not cause changes on an atomic and molecular level
and is much less harmful for biological tissues than ion-
izing radiation.

In spite of the significant advantages, the development
of microwave imaging technology for biomedical applica-
tions has met with significant difficulties related to the
smaller energies, higher wavelengths in comparison with
x-rays, and electrical properties of the biological tissues.
The difficulties include:

* Small depth of penetration in biological tissues that
have high dielectric permittivity and conductivity;

* High attenuation of the electromagnetic waves
within the human tissues with high conductivity;

* Limitation in spatial resolution because of relatively
(in comparison with x-rays) long wavelength; and

* Phase changes and wave properties of the distribu-
tion of electromagnetic field inside and around the
biological object.

The depth of penetration is more and attenuation less
at lower microwave frequencies. However, the spatial res-
olution becomes lower also. The compromise between
depth of penetration, attenuation, and spatial resolution
define a frequency optimum for microwave imaging.

Two different classes of the microwave radar systems
have been developed in radio engineering for monitoring
and screening: passive radar (radiometer) and active ra-
dar. The same two techniques find application in medical
imaging: passive method is realized as thermal sensing
radiometry (microwave thermometry) and active micro-
wave imaging methods are based on contrast in dielectric
properties between normal and injured tissues. Two dif-
ferent principles of the active microwave imaging method
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are applied: tomographic (scattered field) and confocal ra-
dar (back-scattered field) methods.

Microwave radiometry (3–25) is a passive technique for
measuring thermal radiation emitted by an object as an
electromagnetic energy. The energy of thermal radiation
is determined by the temperature of the radiation source.
Therefore, the radiometer measures the radiation temper-
ature of the source and provides information about an ob-
ject. The use of microwave radiometry for early detection
of cancer is possible because growing tumors produce ex-
cess heat. The anomalies in tissue temperature appear
before morphological changes. The main advantage of the
radiometry is that this technology is passive and does not
use exposure of the object by radiation.

Microwave tomography (26–52) obtains information
about an object by transmitting microwave signal and re-
ceiving the response from the object as a microwave signal
disturbed by the object (absorbed, scattered). The tomo-
graphic method is aimed to recovering of the dielectric
properties profile of a biological object from measurements
of the microwave energy transmitted through the object.
In tomographic image reconstruction, a nonlinear inverse
scattering problem is solved to recover an image of the di-
electric properties in the biological object. Microwave
tomography is a technique equivalent to the x-ray tomo-
graphy (CT), except that the nonionizing radiation is used.
The wave character of the microwave field leads to a
highly complicated image reconstruction theory. The lin-
ear image reconstruction methods based on optical ray
theory are applicable to x-ray tomography where the wave
properties of the field can be neglected because of very
small wavelength. The ray approach does not work at mi-
crowave frequencies where the phase changes appear. The
inverse-scattering problem requires computationally in-
tensive image reconstruction algorithms.

Confocal radar techniques (53–59) obtains information
about an object by transmitting microwave signal and
measuring the reflected-scattered signals. The method is
aimed to detect the presence and locations of significant
microwave scatterers. Scattering develops from high con-
trasts in dielectric properties between normal and malig-
nant tissues. High bandwidths and large antenna
apertures are used to improve spatial resolution at micro-
wave frequencies. The more simple goal is only to discrim-
inate the presence of scatterers not the profile of dielectric
properties and therefore the method solves more simple
computational problem.

The microwave imaging is aimed mainly for the detec-
tion of breast tumors, which is an emerging technique to
complement existing x-ray mammography. The potential
advantages of active microwave imaging derive mainly
from the high contrast of electrical parameters between
tumors and normal tissue. However, this high contrast
also increases the difficulty of forming an accurate image
because of increased multiple scattering.

The microwave imaging is a relatively new method in
clinical medical imaging. Only a few companies deliver
these devices for clinical use. This contradictory situation
between a very promising method on one side and limited
practical use on the other side is caused by some technical
reasons and also medical problems.

The microwave technology does not offer the potential
for the high spatial resolution provided by x-rays, but it
provides exceptionally high contrast with respect to phys-
ical or physiological factors of clinical interest, such as
temperature, water content, blood-flow rate, vascularizat-
ion/angiogenesis, and others.

2. MICROWAVE RADIOMETRY

Historically, microwave radiometry was implemented in
radioastronomy and airborne earth surface sensing (2).
However, a microwave radiometer can be also adopted for
the clinical use (3,4). In this case, it measures the natural
emission of electromagnetic energy from the human tis-
sues. Two main clinical applications of the microwave ra-
diometry are early detection of cancer as a passive method
for medical imaging (3) and monitoring of tissue temper-
ature and control of the heating process during hype-
rthermia treatment (see HYPERTHERMIA) (4). Microwave
radiometry is applied most frequently for detection of
breast cancer because the breast is quite homogeneous
and has dimensions comparable with depth of penetration
of microwaves.

Microwave radiometry has some advantages in com-
parison with other medical imaging technologies. First,
microwave radiometric measurement does not pose a
health hazard because it is passive; it measures natural
radiation coming from the tissues. Therefore, this method
for imaging of the tumor seems very promising.

The second advantage of the radiometric method is a
possibility of detection of the physiological, not morpho-
logical changes—temperature anomalies inside tissues.
These changes may predict cancerous processes before
the morphological changes take place, which provides pos-
sibility of the detection of very early stages of cancer or
precancerous state.

The third point that should be mentioned is that the
temperature difference between healthy and cancerous
tissues can provide additional information about tumor
formation and development, which is not available using
other methods of investigation (e.g., mammography or ul-
trasonography). As the data about the tumor obtained by
radiometry (temperature) and mammography (morphol-
ogy) are independent, the two methods of investigation,
being combined, increase the true rates of detection.

Finally, measurement of heat in human tissues using
microwaves rather than the infrared region of the spec-
trum provides the detection at greater depth. Dielectric
properties of the biological tissues at microwave frequen-
cies account for the effect of weaker attenuation of micro-
waves than infrared radiation.

The use of microwave radiometry for an early detection
of breast cancer is possible because growing tumors pro-
duce excess heat. Gautherie and Albert (5) have shown
that metabolic heat production of breast carcinomas is in-
versely proportional to the doubling time of the tumor
volume. A possibility to detect subcutaneous hot spots in
the breast caused by malignant tumors using microwave
radiometry was first reported in 1977 by Alan H. Barret
and Philip C. Mayers of the Massachusetts Institute of

2 MICROWAVE IMAGING



Technology (3). They examined 2000 patients, including
26 with cancer, and reported 70% true-positive and true-
negative rates of detection. This very promising study
evoked interest to the radiometry, because, as compared
with mammography, the method possesses several advan-
tages for medical use.

Since the pioneering work of Barret and Mayers, clin-
ical microwave radiometers have been developed by sev-
eral research groups. At the end of 1977, Kai-Michael
Luedeke and his colleagues at Philips GmbH For-
schungslaboratorium in Hamburg suggested the radiation
balance thermograph (6) in order to eliminate the influ-
ence of the antenna mismatch on the output signal of the
radiometer. Their radiometer incorporated a controlled
noise source, the signal of which was injected into the ra-
diometer antenna to facilitate the measurement of the re-
flection coefficient.

In 1981, Kenneth L. Carr of Microwave Associates and
his colleagues developed the dual-mode microwave radio-
metric system (7) to enhance an early detection of cancer.
Their system combined a passive microwave radiometer
with an active microwave transmitter to provide localized
heating. They suggested that differential heating of the
tumor, and the surrounding tissue highlights the temper-
ature difference between them thus improving the detec-
tion.

In 1981, Yves Leroy and his colleagues of Universite
des Sciences et Techniques de Lille, France, proposed the
correlation radiometer (8), which used a combination of
two or more antennas instead of one sensing probe. They
showed that signals received from the overlapping regions
of the receiving patterns of antennas could be separated
by means of correlation and thus the spatial resolution
could be increased. Leroy et al. also developed the micro-
wave hyperthermia system (4), in which a radiometer was
used to measure the temperature of the heated tissues and
to control the heating process.

Microwave radiometry for cancer detection has been
studied by many other authors (9–13). Aperture synthesis
and multiangle methods were applied for improving the
spatial performances of the radiometer (10,11). A balance
difference method has been developed to provide higher
detectability of the anomalies (12).

A significant development in the area of radiometry is a
nonparametric 1-D temperature restoration method based
on multifrequency radiometry proposed by Svein Jacobsen
and Paul R. Stauffer (13). From a presumption of known
shape of the temperature distribution, the method uses
smooth Chebyshev polynomials as bases functions in the
series expansion. Application of three-frequency-band ra-
diometric scan is sufficient to produce acceptable results in
region of low thermal gradients. More radiometric bands
(5–6) are required to estimate 1-D temperature profile
with increased spatial variability. The method has found a
clinical application to monitor tissue temperature during
microwave hyperthermia.

Several radiometric systems have been developed for
medical use and some of them were clinically tested
(4,12,14–18). In 1989, Kenneth Carr received the Applica-
tion Award of the IEEE Microwave Theory and Tech-

niques Society for the development of the microwave
radiometric system for the detection of cancer (19).

The principle of the radiometric measurement of the
temperature inside biological tissues is based on the the-
ory of thermal radiation (20). According to Plank’s radia-
tion law, a physical object in thermodynamic equilibrium
with physical temperature higher then zero degrees radi-
ates at all frequencies. This radiation is caused by molec-
ular motion; part of the radiation is available at the
microwave region of the spectrum. This portion of radia-
tion energy constitutes microwave noise produced by the
object, its level is determined by temperature and can be
measured by a microwave radiometer.

The spectral density of energy Pi radiated by an arbi-
trary point of the object is determined by physical tem-
perature of the source located at this point Ti and its
radiation coefficient Ai

Pi¼AikTi¼ kTe; ð1Þ

where k is Boltzman’s constant. The radiation coefficient
Ai is equal to the absorption coefficient of electromagnetic
power at this point at the same frequency and depends on
dielectric properties of the tissue. The radiometric method
is sensitive not only to temperature distribution but also
by such an indirect way to anomalies in tissue dielectric
properties. The equivalent, or radiation, temperature Te

represents the spectral density level of the radiation en-
ergy.

The electromagnetic energy emitted from the object is
collected by the input antenna of the microwave radiom-
eter. The effective temperature of the object seen by the
antenna depends on the contribution of different parts of
the volume of the object under investigation. Assume that
in the volume under test V, a subvolume Vi exists with the
effective temperature Tei¼AiTi. In case of ideal matching
between the homogeneous human tissue and the antenna,
the temperature seen by receiving antenna that is con-
tributed by the subvolume Vi is

Tvi¼DiAiTiLðaÞþ ½1� LðaÞ�T0; ð2Þ

where L is the factor of propagation losses, which depends
on a, the field absorption constant in the tissue, and T0 is
the physical temperature of the surrounding tissue. Factor
Di determines the coupling between the point and the ra-
diometer input and has the meaning of the transfer func-
tion from an arbitrary point to the radiometer input.
Parameters Ai¼Ai(e, s) and a¼ a(e, s) are the functions
of the dielectric permittivity e and the conductivity s of the
tissue. The transfer function Di depends on the electrical
parameters of the tissue as well as on the location of the
point relative to the radiometric input and input proper-
ties. The radiometer input transfer function can be calcu-
lated using the principle of reciprocity.

In the case of mismatch between the radiometer input
and the tissue, in addition to the object’s effective temper-
ature, the signal power received by the radiometer de-
pends on the reflection coefficient R on the tissue-input
surface. The equivalent temperature generated by the ob-
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ject on the radiometer input TviR is

TviR¼fDiAiTiLðaÞþ ½1� LðaÞ�T0gð1�RÞ: ð3Þ

The temperature of the object seen by the antenna de-
pends on the contribution of different parts of the volume
of the object under investigation.

Real biological tissues are inhomogeneous, comprising
several layers that have different electromagnetic param-
eters. Multiple reflections and complex attenuation occur
on the path for the energy transfer between the contrib-
uting subvolume Vi and the objects surface. In real condi-
tions, the analytical expression for the equivalent
temperature generated by the object on the radiometric
input appears very complicated.

The problem is related to the generation and propaga-
tion processes of the electromagnetic radiation inside in-
homogeneous biological tissues. This problem can be
solved by the calculation of the signal and background
electromagnetic radiation generation, absorption, and re-
flection in tissues, taking into account the spatial distri-
bution of electrical parameters. To solve this problem,
analytical methods to calculate electromagnetic radiation
propagation and absorption in a homogeneous or an inho-
mogeneous lossy medium have proposed and used, such as
the integral equation method, the plane wave method, the
Fourier integral method, and the Green’s function method.
Analytical methods always include some kind of approx-
imation. Direct numerical finite-difference time domain
(FDTD) method of solving Maxwell’s field equations pro-
vides a more reliable result. Therefore, the FDTD method
is frequently applied for modeling of the system, consisted
of radiometer input and inhomogeneous biological tissues.
The detectability of the temperature anomalies inside in-
homogeneous tissue can be calculated using the FDTD
method (21).

The sensitivity of the microwave radiometer, which is
aimed at screening of tissues for exploration of cancer, de-
pends on two different aspects:

* sensitivity of the receiving system for registration of
electromagnetic energy; and

* detectability of the temperature anomalies inside in-
homogeneous tissue.

Even at very high electromagnetic sensitivity of the
radiometer, it is not possible to detect all temperature
anomalies inside tissues because of other factors, such as
background radiation from tissues, multiple reflections,
and absorption of the signal on different kind of tissues
(skin, fat, and muscle).

The first aspect has been thoroughly investigated for
radio astronomy receivers (2). The well-known radiomet-
ric formula for the estimation of the equivalent output
noise level is expressed as:

DT¼Tn

ffiffiffiffiffiffiffiffi

1

Df t

s

; ð4Þ

where Tn is input noise temperature, Df is bandwidth at

the microwave frequency, and t is the integration time of
the system. This formula determines the detectability of
the input signal by radiometric device. In this case, the
input energy of the radiometer is assumed related to the
signal and the internal noise Tn of the radiometer only. It
is true when radiometric measurements are used in space
investigations where the level of external background ra-
diation is not high.

In the case of a tissue-screening radiometer, the useful
radiation signal is not related to the total level of input
radiation, but only to the variations in this level at differ-
ent tissues points (1–2K.). The level of background radi-
ation emitted by tissues is much higher (about 310K.)
than the useful signal is. For detection of the small signal
from the high background radiation, the high contrast
resolution is required.

Another difference between the astronomic and tissue-
screening radiometer is matching of the radiometer input
and the object under investigation. The latter case is char-
acterized by a significant level of reflection at the tissue-
input surface. The reflection of internal and external noise
because of the input mismatch causes a significant change
of the input radiation level that may be more substantial
than the useful signal level.

The radiometeric method and instrumentation used for
medical application must provide solutions of the devel-
oping problems, including the design of the radiometer
probe, numerical simulation and interpretation of the ra-
diometric measurement, and visualization of the results.
The radiometry applied to the early detection of cancer
faces such problems as follows: first, the mismatching be-
tween the radiometer input antenna (probe) and tissue,
second, the interpretation of the radiometric signal, and
third, the presentation of the results.

The antenna mismatching problem occurs because the
measurement is performed on a dense and inhomogeneous
medium. A microwave antenna coupled to the medium
with a high dielectric constant and high losses produces
substantial reflections. Signal flow over the antenna–tis-
sue interface is presented in Fig. 1 (12). During the mea-
surement procedure, the radiometric probe is moved and
matching conditions are changing. The reflections intro-
duce an error in the measurement results, which depends

�TREC �Tobj

(1-�)Tobj

(1-�)TREC

Tobj

TREC

RADIOMETER

ANTENNA
OBJECT

�

Figure 1. Energy transfer between object under investigation
and the receiving antenna of the radiometer: r-reflection coeffi-
cient at antenna-tissue interface; TREC - effective radiation tem-
perature emitted by the radiometer input; Tobj-effective radiation
temperature emitted by the object (12).
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on the position of the probe and values of the dielectric
properties of the tissues. The mismatching error can be
eliminated or at least significantly reduced by use of a
balance measurement method. A quasi-zero method of the
radiometric measurement, which uses a probe with two
identical antennas assembled adjacent to each other, can
be applied (12). In this case, the level of reflections does
not differ in two input antennas and the differential radi-
ometer, which measures the temperature difference be-
tween the two antennas indicates zero signal because of
reflection power. This measurement method reduces the
error caused by the reflections and simplifies the hard-
ware of the radiometer. The principal scheme of the
4.5GHz Dicke radiometer is presented in Fig. 2 (12).

The radiometer input consists of two identical open-
ended rectangular waveguides. The geometrical size of the
waveguide and dielectric constant for the medium inside
the waveguide were determined by analyses of results of
numerical calculation and experiment (12,21). The mea-
surements for different antenna configurations and sizes
have been carried out on a water phantom. The experi-
mental investigations showed that the most effective
waveguide antenna size is 23� 10mm.The waveguide is
filled with pressed titanium oxide powder that has dielec-
tric constant about 10. The measured transfer losses in
operating band are less than 0.7 dB and level of reflected
power less than � 5.5 dB. The measurement of reflection
has been done in case of direct contact between antennas
and tissue.

The switch transfer losses are 0.6 dB. The filter has
passband 3500–4500MHz. The ferrite isolator and fine
turning of mixer provide isolation between input and local
oscillator more than 120 dB. The microwave amplifier pro-
vides 28 dB gain and noise factor 0.9 dB in operating band.
The sensitivity of the radiometric system for 1 s integra-
tion time is 0.02K. The changes in input matching can
cause the measurement error up to 45K. In the case of the
balance difference method of measurement, two identical
contributions of the reflected noise from two antennas an-
nihilate each other in radiometer.

The problem of correct interpretation of the radiometric
signal develops because the signal does not depend only on
the temperature profile inside the tissues, but also on
their dielectric properties and surrounding tissues. Radio-

metric measurement of the temperature anomalies can be
simulated inside the arbitrary complex structure using
the numerical FTDT method (21,22). In that model, the
error in the radiometric measurement, originated from
the reflections and attenuation of the signal, can be taken
into account.

The model adopted for calculations is shown in Fig. 3
(12). It consists of two dielectric-filled waveguide antennas
that are in contact with multilayered model of the breast.
Under the center of one antenna a tumor exists. Thus, two
structures are considered: one with the presence of the
tumor, and the other without it. It is assumed that tumor’s
temperature is 3K higher than that of healthy tissues.
Calculations were made for different combinations of the
tissues and different dimensions of the tumor. The results
are the differences of temperatures seen by the antennas,
if one of them is positioned over the center of the tumor.
Fig. 4 shows the simulated radiometer output for different
tumor dimensions if the tumor depth is 4mm.

Antenna
A

Antenna
B

MW
receiver

LF elec-
tronics

Termi-
nal

Dicke
switch

SQW
driver

Figure 2. Block diagram of the radiometer: antennas A and B -
waveguide input ports; Dicke switch – 2kHz diode switch; MW
receiver – 4.5GHz heterodyne receiver (filter, ferrite isolator, mi-
crowave amplifier, mixer, local oscillator, and IF amplifier); LF
electronics – square-low detector, amplifier, lock in detector, filter;
SQW driver – 2kHz square wave driver; terminal - A/D converter,
data acquisition and visualization system based on PC (12).

Radiometer
Dicke
switch

PBPA

PA-PB

Normal breast muscle Tumor

Fat: �=4; �=0.1 S/m

Z

Y
X

Skin: 2 mm; �=40; �=2.5 S/m

�=3.2 S/m�=50

Figure 3. Model for FDTD calculation of radiometric tempera-
ture measurement: PA – microwave power proportional to the ef-
fective temperature at first input antenna; PB – microwave power
proportional to the effective temperature at second input antenna;
(PA - PB) – radiometric signal level proportional to the tempera-
ture difference between antennas; e and s – dielectric permeabil-
ity and conductivity of the tissues (12).
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Figure 4. The calculated radiometric signal for different tumor
dimensions. The distance from the skin surface to the tumor (tu-
mor depth) is 4mm and the temperature difference between tu-
mor and normal tissue 3K (12).
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The FDTD numerical simulation of the radiometric
measurement performed on the realistic model of the
breast makes it possible to calculate the value of the ra-
diometric signal, to determine the dependence of the sig-
nal on the depth of the tumor, and to evaluate the
possibilities of the radiometric system. However, the un-
certainties in experimental tissue parameters and config-
uration of the object cause error in simulation as well as in
estimation of the temperature distribution. The numerical
simulation also shows very strong weighting of surface
tissue layers (skin) on the result (21). Therefore, the prob-
lem of interpretation of the results of radiometric mea-
surements for temperature imaging is far from a solution.

Presentation of the results of the radiometric measure-
ment in a convenient form for clinical use is an additional
problem. The results of the radiometric measurement are
the values of the radiometer output collected at different
locations over the surface of the investigated object, which
is a series of 1-D data. The radiometric measurement re-
sults do not contain information about the location of the
measurement, (i.e., the anatomical information). Based on
such measurements only, it is not possible to reconstruct
any spatial temperature distribution or image. In clinical
use, it is desirable to obtain an image of the investigated
area (anatomical information) together with the measured
parameter (physiological information.) In the case of the
microwave radiometric measurement on the breast, the
anatomical information is the image of the breast and the
physiological information is the measured temperature.
The problem of how to combine the results of the radio-
metric measurement as a map of the temperature distri-
bution in the breast with the image of the breast develops.
The additional information is needed to obtain the coor-
dinates of the measurement points and to present the re-
sults of the radiometric measurement bound to their
coordinates.

Several clinical radiometric systems use a schematic
drawing of the breast where the points of the measure-
ment are marked and the corresponding numerical results
are written (7). Another system uses charts where the
temperatures at the symmetrical points on the right and
the left breasts are compared (3). In a system designed by
Bocquet (23), a color map of the temperature distribution
at the corresponding locations on the breast is constructed
after the measurements. The systems mentioned above
require manual introduction of the coordinates of the mea-
surements and do not use the image of the investigated
object.

One of the ways to solve this problem is a video method
to obtain the coordinates of the probe during the measure-
ment and to connect these with the image of the breast
(24). The results of the radiometric measurement are plot-
ted as a color map of the measured temperature distribu-
tion on the image of the breast. A special image processing

software is developed to obtain the coordinates. The
method is based on the use of an image processing sys-
tem to trace the position of the radiometer probe during
the radiometric measurement. The image processing sys-
tem (Fig. 5) contains a color camera connected to a com-
puter via a frame grabber computer board, an analog-to-
digital converter (ADC) computer board connected to the
output of the radiometer, and an image processing soft-
ware. The camera is used to provide video of the radio-
metric measurement area during examination. The
camera’s video frames are digitized by the frame grabber.
The resulting image is an 8-byte color depth, 240 � 180-
pixel bitmap. At the beginning of the measurement, an
image of the breast is acquired. The radiometric measure-
ment is then performed so that the radiometer probe is
scanned over the breast. A colored point marked on the top
of the radiometer probe exists. Simultaneously, the video
frames are analyzed by the image processing software
that determines the coordinates of the colored point on the
image.

The output signal of the radiometer is acquired via the
ADC and color-coded so that the intensity of the color is
proportional to the amplitude of the radiometer output.
The results are plotted on the image of the breast, which
has been acquired at the beginning of the measurement.
The intensity of the color of the points on the resulting
map is proportional to the temperature differences be-
tween the two antennas of the quasi-zero radiometer
probe (Fig. 6).

The video method of presentation of the radiometric
measurement results enables the physiological informa-
tion obtained by the radiometric measurement to bind to
the anatomical data of the breast. The method provides
the coordinates of the points of the radiometric measure-
ment remotely by the use of the image processing software
and enables display of the results of the radiometric mea-
surement as a color-coded map of the measured tempera-
ture differences in real time. The capabilities of the video
system of the presentation of the radiometric measure-
ment results were tested in a clinical environment. The
resulting color-coded map of the temperature differences
is shown in Fig. 7. The method makes the radiometric
measurement more suitable for the clinical use.

3. MICROWAVE TOMOGRAPHY

The relative transparency of biological materials to mi-
crowave supported an idea and encouraged the develop-
ment of a tomographic method for imaging in medicine
(26–28). The microwave tomography is mostly applied for
breast tumor detection as is also the case with the radio-
metric method. The main advantages of the tomography
are better spatial resolution and specificity to distinguish
normal and malignant breast tissues. The disadvantages

Image
recognition
software

User
terminal

Camera

Radiometer

Frame grabber

A/D Figure 5. Block diagram of data acquisition and vi-
sualization system.
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are complex algorithms and difficulties in image recon-
struction. Here it should also be mentioned that tissue
under investigation is exposed by microwaves. It is not
excluded that even low-level microwave radiation causes
some biological effect.

The microwave tomography is an active method for
imaging. The object to be imaged is illuminated by plane
or spherical wave: several microwave transmitters illumi-
nate an object. The object is immersed in a liquid as water,
weak saline solution, or an intralipid solution for mini-
mizing contrast with the body and avoiding strong reflec-

Figure 6. Microwave radiometer with data visual-
ization system: microwave part of the radiometer is
located inside white box; low-frequency electronics
and data acquisition cards are located inside PC
corpus (under the table).

Figure 7. User interface of the radiometric system
and measured temperature distribution.
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tion at body surface. The scattered by the object electro-
magnetic field is recorded by several microwave sensors in
numerous locations. Antennas are scanned over planar or
cylindrical surfaces and waves transmitted through the
object. Received by numerous antennas, electromagnetic
field signals are used to reconstruct the object function as
a spatial distributions of the dielectric permittivity or con-
ductivity. The spatial distribution of the complex electrical
permittivity and shape of the object are obtained from the
analysis of the incident and scattered fields.

The tomographic imaging is based on solution of an in-
verse scattering problem. The recorded data are processed
numerically in order to reconstruct the image that corre-
sponds to the distribution of equivalent field strength in a
defined plane of a section. The forward and inverse scat-
tering methods as well as nonlinear diffraction theory are
applied for image reconstruction. The solution is a very
complicated problem: composition of near-field solution in
inhomogeneous media in case of irregular shape together
with nonlinear image reconstruction methods for wave
field. The relationship between the dimensions of the ob-
ject, discontinuity, and contrast compared with the wave-
length leads to multiple scattering within the object to be
reconstructed, which results in a nonlinear relationship
between the measured scattered fields and object function.
In such a situation, the solution for inverse scattering (es-
pecially for whole-body imaging) may suffer from non-
uniqueness and multiple wrappings of the scattered field
phases (30). However, for smaller and more homogeneous
objects, as the breast is, these problems are minimal.

The difficulties related to the problem of tomographic
image reconstruction has been a main topic of theoretical
and experimental studies in microwave tomography for
many years (1,27,30–35). The methods of image recon-
struction use iterative matching of measured and com-
puted data (29). Calculation of data by numerical
techniques is based on a model of the object with esti-
mated electrical parameters. The principle of reciprocity
allows one to compute the scattered fields received at the
antennas by solving the forward problem. Comparison of
the computed and the measured data is followed by the
nonlinear reconstruction procedures aimed to update the
object properties used in the model. This iterative process
is applied until convergence between the measured and
computed data is obtained. In medical application, 2-D
and 3-D imaging techniques have been developed mainly
for breast imaging (30–35).

The principle of a method of microwave tomography in
medicine is based on contrast in electrical properties be-
tween anomalies and normal tissue. A significant contrast
exists in electrical parameters at microwave frequencies
between the normal and malignant human breast tissues.
For example, according to experimental data for human
breast tissues, the contrast for the relative electrical per-
mittivity between normal (ernE16) and malignant
(ermE57.2) tissues is 3.75 and for the conductivity
(snE0.16S/m and smE1.08S/m) is 6.75 at 800MHz fre-
quency (36). This high contrast produces a large value of
the scattered on a malignant tumor electromagnetic field.
Compared with x-ray mammography, the microwave
tomography can potentially provide a better specificity to

distinguish normal and malignant breast tissues. It was
also demonstrated that ischemia and infarction change
the dielectric properties of myocardial tissue (37). This
finding provides the possibility to use differences in elec-
trical parameters between normal and injured tissues for
detection of myocardial ischemia and infarction.

The tomographic method and instrumentation for med-
ical application must provide solutions of the developing
problems, including the design of the transmitting-receiv-
ing antennas, reference database for normal tissue, solu-
tion of the inverse scattering problem, and interpretation
and visualization of the results. The tomography applied
to the early detection of breast cancer faces such problems
as the mismatching between the antennas and breast tis-
sues, multiple scattering and reflection on a tumor caused
by high contrast, and the difficulties in solving the inverse
scattering problem.

Several experimental prototypes of 2-D and 3-D micro-
wave tomographic systems for different medical purposes
have been developed and investigated and different ap-
proaches to solve the problems listed above applied. These
systems have different construction ideas, number of an-
tennas, operation frequency, and integration-acquisition
time (1,26,38–51).

During the first experiments, computed tomographic
images were generated using microwaves at 10.5GHz fre-
quency instead of x-rays (26). Inversion of a rotate-trans-
late scanner the beam was fixed and an object was moved
between source and detector. The equipment was sus-
pended in a tank of fluid to provide impedance matching
between object, source, and receiver. The experiment
showed spatial resolution of about 2 cm.

A microwave tomographic scanner for biomedical ap-
plications (38) consists of a 64-element circular array with
a useful diameter of 20 cm. Electronically scanning the
transmitting and receiving antennas allows multiview
measurements without mechanical movement. Imaging
parameters are appropriate for medical use: a spatial res-
olution of 7mm and a contrast resolution of 1% for a mea-
surement time of 3 s.

The difficulties in image reconstruction related to mul-
tipath signals caused by diffraction and reflection can be
avoided by the specific coherent chirp-pulse technique
(39,40). Chirp-pulse microwave computed tomography is
a technique for imaging the distribution of temperature
variations inside biological tissues. A chirp-pulse signal
between 1GHz and 2GHz is radiated from the transmit-
ting antenna to the object. The transmitted waves are col-
lected by a receiving antenna, which is placed on the
opposite side of the object, and the beat signal between the
incident wave and the transmitted wave is produced by
the mixer. By spectral analyses of the beat signal, only the
signals transmitted on the straight line between the
transmitting and receiving antennas are discriminated
from multipath signals. The microwave tomogram can
therefore be reconstructed easily using the conventional
algorithms for an x-ray CT image. The imaging of dielec-
tric materials with complicated structures is thus possible.
The experimental results show that the spatial resolution
of this microwave CT is about 10mm. Even if resolution
and contrast are adequate to this purpose, a further im-
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provement of image quality is desirable. A method for es-
timating the corresponding point spread function (41) has
been developed. To this purpose, both the measured and
computed projections of a phantom are used. An iterative
nonlinear deconvolution method is used that assures non-
negative solutions and demonstrates the improvement of
image quality.

An iterative reconstruction algorithm was used to get
microwave tomographic image of the complex permittivity
of lossy dielectric objects immersed in water from exper-
imental multiview near-field data obtained with a
2.45GHz planar microwave camera (42). The method is
based on solution of the nonlinear matrix equation, which
results when applying a moment method to the electric
field integral representation. It appears that the effects of
uncertainties in experimental parameters such as the ex-
terior medium complex permittivity, the imaging system
geometry, and the incident field at the object location have
strong impact on the reconstruction.

Promising results have been reported about application
of the microwave tomography for the purposes other than
the breast cancer detection. The potential application of
active microwave technique to brain imaging is studied by
numerical simulation and experiment using cylindrical
microwave scanner (43).

Sergei Y. Semenov and his research group from Bio-
physical Laboratory, Carolinas Medical Center, demon-
strated interesting possibilities for applications of the
microwave tomography in detection of myocardial anom-
alies (44–47). The spatial resolution for detection of myo-
cardial ischemia and infarction achieved about 7–9mm at
0.9GHz and 6–8mm at 2.4GHz frequency (44). Dielectri-
cal spectroscopy method, applied in studies of dielectrical
properties of canine myocardium during acute ischemia
and hypoxia at the frequency spectrum from 100kHz to
6GHz, showed that hypoxia (10% for 30min) decreases
myocardial resistance, whereas the dielectrical permit-
tivity of the myocardial tissue remains statistically un-
changed (45). Acute ischemia for 2 h causes significant
frequency-dependent changes in both dielectric permit-
tivity and conductivity of myocardial tissue. Myocardial
resistance increases, as the sign and amplitude of changes
in the myocardial dielectric permittivity are frequency-
and time-dependent. These observations open up a new
opportunity for assessing the properties of myocardial tis-
sue noninvasively using imaging methods based on mi-
crowave tomography.

The experimental microwave tomographic system for
3-D whole-scale imaging of biological objects has been de-
veloped by the same team (46). Images of the canine in
central area of the working chamber (120 cm in diameter
135 cm in height, filled with salt solution) were obtained.
The operating frequency was 0.9GHz and measured at-
tenuation of the electromagnetic field was - 120 dB. The
various 2-D and 3-D reconstruction schemes were applied
to obtain images. In spite of carefully constructed equip-
ment, the image of the canine achieved was imperfect. The
boundaries of the thorax and the heart on the thorax
imaging cross sections presented are fuzzy. The further
development of the system was aimed to validate the fea-
sibility of microwave tomography for detection of myocar-

dial infarction based on the differences in dielectric
properties between normal and infarcted tissues (47). Ex-
cised canine hearts with two weeks myocardial infarction
were imaged. In the case of a smaller object under inves-
tigation, the spatial resolution problem is not so critical.
Tomographic imaging experiments were conducted using
a 3-D microwave tomographic system operating at a fre-
quency of 1.0GHz. To obtain the images, 3-D reconstruc-
tion algorithms were used. Images of excised canine
hearts with myocardial infarction were obtained at a fre-
quency of 1GHz, applicable for whole-body imaging. The
quality of the tomographic images provides comparison
with anatomical slices. The comparison confirms that mi-
crowave tomography is capable of detection of myocardial
infarction.

Long-term research by Paul M. Meaney and his col-
leagues from Dartmouth College in microwave imaging for
breast cancer detection has resulted in a clinical system
for microwave breast imaging (48–51), which is an active
microwave tomography system operating in the frequency
domain 300–1000MHz. The 2-D images are obtained by a
set of 16 antennas. Each antenna operates in both the
transmit mode and the receive mode. Monopole antennas
selected can be effectively modeled and produce images of
the highest quality. The data acquisition comprises of 32
channels connected to 32 antennas and provides a dy-
namic range of 130dB and channel-to-channel isolation of
greater than 120 dB. For a breast exam, the woman lies
with the breast pendant through a hole in the examina-
tion table and the breast and array are immersed in a tank
of saline. The antenna array positioning system has been
automated with a computer-controlled linear translation
motor attached to the array. The array is fixed at a diam-
eter of 15.2 cm and does not directly contact the breast. All
electronics are isolated from the coupling liquid. At each
vertical array position, signals are radiated from each an-
tenna and individually received in parallel at the remain-
ing antennas, which is repeated for 12 frequencies over
the band and for seven vertical array positions with a total
acquisition time of 15min for both breasts combined. A
complete set of seven images at a single frequency can be
reconstructed in under 5min using a Compaq AlphaServ-
er ES40 68/833. The image reconstruction procedure
solves the forward problem with a hybrid of the finite el-
ement and boundary element methods (49). One impor-
tant feature of the model is the inclusion of nonactive
antenna compensation. Such an approach provides good
matching between the physics of the data-acquisition and
forward model. The Newton–Raphson iterative method is
used to solve the nonlinear inverse problem (50). Exten-
sive numerical and phantom evaluations have been per-
formed for imaging targets ranging in size and contrast
with the background. The experiments demonstrated the
ability to detect objects 4mm in diameter at 900MHz (51).

Successful clinical application of the system developed
at Dartmouth College has been reported in 2004 (52).
Three electromagnetic breast imaging techniques, near-
infrared spectroscopy, electrical impedance spectroscopy,
and microwave imaging spectroscopy, passed clinical eval-
uation-comparison to serve as potential benchmarks for
future investigation. The breasts of 23 women without
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clinical or mammographic findings of disease were imaged
in the coronal plane with microwave radiation over the
frequency range of 300 to 900MHz. The antennas array
moves vertically over a span of 6 cm and is adjusted in 1-
cm increments through a range of three to seven positions
(depending on breast size) from the top of the immersion
tank. During image acquisition, a single antenna radiates
one of seven microwave frequencies, which is detected by
the nine antennas forming an arc around the opposite side
of the breast. A complete dataset, sufficient for image re-
construction at seven frequencies ranging from 300 to
900MHz in 100-MHz increments, consists of 144 mea-
surements of field amplitude and phase (16 sources times
nine detectors) and can be acquired in approximately 90 s.
Average electromagnetic property values were recon-
structed at each frequency on the basis of computational
models of light diffusion, current flow, and microwave
propagation. Electromagnetic properties were correlated
with subject characteristics and between techniques. Each
technique yielded information on breast tissue features
(conductivity, permittivity, absorption) that had not pre-
viously been measured in the same individuals. In this
study, for microwave spectroscopy, conductivity averages
at 600MHz were 0.28O–1m–1, with a 25% standard devi-
ation relative to the mean, whereas the permittivity av-
erages were 16.277.16 relative to air. Statistically
significant decreases of 34–40% in both conductivity and
permittivity with decreasing breast density were ob-
served. The electrical parameters at microwaves gener-
ally decreased (2–11%) with increasing age and body mass
index (37–46%) but not to statistically significant levels.
These trends suggest a frequency-dependent reduction in
conductivity and permittivity with increasing fat content.

4. CONFOCAL RADAR TECHNIQUES

Difficulties in image reconstruction by microwave tomo-
graph support motivation for development of a more ro-
bust method for detection of the biological anomalies. In
medical diagnostics, the main goal is to detect the anom-
alies and their location. The principles of active radar op-
eration for identification of the presence and location of
strong scatterers can be fruitful for detection of anomalies
in biological tissue.

Hagness et al. proposed a confocal microwave imaging
method for breast cancer detection (53–58). In contrast to
the image recovery goal of tomography, the proposed ul-
tra-wide-band confocal radar approach solves a simpler
computational problem by seeking only to identify the
presence and location of significant scatterers such as ma-
lignant breast tumors. The feasibility of detecting and lo-
calizing small (o1 cm) tumors in three dimensions with
numerical models of different system configurations in-
volving breast phantoms and synthetic cylindrical and
planar antenna arrays has been demonstrated.

High bandwidths and large antenna apertures are used
to improve spatial resolution at microwave frequencies.
The focusing of the microwave field is important to provide
spatial resolution of the method. Without the spatial se-
lectivity obtained by focusing, the tumor signature can be

easily masked by clutter from adjacent breast regions.
Spatial focusing overcomes the challenges of breast het-
erogeneity, thereby permitting millimeter-sized tumors to
be detected. Confocal radar method applies exposure of
the breast with an ultra-wide-band pulse from a number
of physical antenna locations. The relative arrival times
and amplitudes of the back-scattered signal provide infor-
mation that is used to determine the location of scatterer
using simple, robust synthetic focusing techniques. Ma-
lignant tumors have a larger microwave scattering cross
section than normal breast tissue heterogeneity of com-
parable size and can be localized by the method. The ultra-
wide-band of the exposure pulse enhances spatial resolu-
tion. Resolution of 1 cm or less in breast tissue requires
bandwidth of at least 5GHz.

A statistical microwave imaging technique, a set of
generalized likelihood ratio tests (GLRT), has been re-
cently applied to confocal microwave back-scatter data to
determine the presence and location of strong scatterers
such as malignant tumors in the breast (59). The problem
of determining whether a tumor exists at a candidate lo-
cation was solved as a hypothesis testing problem. Hy-
pothesis testing is widely used in radar applications to
make optimal decisions concerning target presence or
classification. A statistical framework, formulating the
tests as likelihood ratios requires some assumptions about
the distribution of the data. A simple Gaussian-distrib-
uted model was used to describe the data. The numerical
and experimental breast phantoms are used to evaluate
the capability of the GLRT to detect tumors from micro-
wave back-scatter. The ultra-wide-band pulses from 1 to
11GHz frequency range with a spectral peak at 6GHz
were preprocessed to remove the early-time artifact. The
feasibility of the GLRT for detection of strong scatterers in
the breast such as malignant tumors using simulated
back-scatter from 2-D MRI-derived breast phantoms and
a 3-D homogeneous numerical breast phantom, and ex-
perimental back-scatter from multilayer physical breast
phantoms have been explored. The problem of clutter,
which occurs in the back-scatter data because of normal
heterogeneity of the breast, was addressed with a statis-
tical model to account for the variability in the structure of
normal breast tissue from patient to patient. It was shown
that the GLRT together with the proposed Gaussian clut-
ter model is adept at detecting and localizing small tumors
in numerical breast phantoms. Several challenging nu-
merical breast phantoms with reduced malignant-to-nor-
mal dielectric contrast were also considered and the GLRT
successfully detects and localizes 2-mm-diameter tumors
in the realistic numerical breast phantoms with dielectric
contrasts as low as 1.43:1. The Gaussian clutter-based
GLRT is a promising tool for confocal radar microwave
breast cancer detection.

5. FUTURE DEVELOPMENT

The limited spatial resolution as well as difficulties in im-
age reconstruction and interpretation of the results do not
allow microwave imaging to be successful in competition
with technologies for traditional medical imaging. How-
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ever, microwave imaging provides higher sensitivity with
respect to physical or physiological factors of clinical in-
terest, such as temperature, water content, blood-flow
rate, and vascularization/angiogenesis. The data achieved
by microwave technology may be possible to relate to bi-
ology of physiological processes especially in brain and
heart, infections, hyperplasia, and cancer.

Microwave radiometry as a viable method for thermal
sensing and prolonged monitoring opens different new op-
portunities. The dynamics of temperature changes in tis-
sues includes information about metabolic processes as
well as first symptoms of different infections. The first ex-
perience in monitoring of deep-brain temperature in in-
fants using microwave radiometry and thermal modeling
has been promising (25).

The potential advantages of active microwave imaging
derive mainly from the high contrast of electrical proper-
ties between normal and malignant human breast tissues.
Active microwave imaging for the detection of breast tu-
mors is an emerging technique to complement existing x-
ray mammography. The dielectric properties of myocar-
dium at microwave spectrum are a sensitive indicator of
its blood content, ischemia, and infarction. The first re-
sults in microwave tomography for detection of myocardial
infarction based on the differences in dielectric properties
between normal and damaged tissues proved the feasibil-
ity of clinical applications (47).

The further development in tomography needs the so-
lution of a very complicated problem: composition of near-
field solution in inhomogeneous media in case of irregular
shape together with nonlinear image reconstruction meth-
ods for wave field including diffraction and reflections. The
ultra-wide-band confocal radar technique as a more sim-
ple method is a promising tool in active microwave imag-
ing. A number of recent theoretical and experimental
studies and potential advantages of the microwave tomo-
graphy have already resulted in interesting clinical appli-
cations for breast imaging (53).

Microwave imaging has the potential to be sensitive
and specific and less expensive than traditional medical
imaging methods.
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1. THE CONCEPT OF MOLECULAR ELECTRONICS

Almost all modern consumable electronics is based on sil-
icon and the Moore prediction of an exponential growth of
the number of transistors per integrated circuit with time
summarizes very well its success. So far, this trend has
been maintained thanks to the continuous improvements
in miniaturization achieved exploiting the enormous pro-
gresses of lithography techniques (1) in a top-down ap-
proach consisting in carving semiconductor substrates in
integrated circuits made of progressively smaller devices.
However, as the feature sizes approach those of atoms and
molecules, this strategy becomes no longer sustainable
due to physical and technological limitations, such as fun-
damental limits (the lithographic resolution is limited by
diffraction) and increasing economic costs. Gaining the
nanometer scale is thus expected to require a radically
new approach (2).

Molecular electronics, whose first proposal dates back
to the 1974 farsighted paper by Aviram and Ratner (3), is
emerging as a promising alternative to silicon-based nano-
electronics for building complex and functional devices
according to advanced and new technological approaches
merging ‘‘bottom-up’’ and ‘‘top-down’’ fabrication pro-
cesses. The final goal is to use single molecules as active
elements in electronic nanodevices, while the major chal-
lenge is the interconnection of the molecules, due to their
small sizes (in the nanometer range). Recent proofs of
concept of individual components demonstrate the huge
potential of the molecular approach whose applications
range from electronics to computing, from molecular mo-
tors to catalysis, from life to medical sciences.

The concept of a molecular electronic device is simple: it
comprises two (or more) metal electrodes and a single
molecule with tailored electronic properties, bridging
them and providing a suitable pathway (usually via delo-
calized molecular orbitals) for carriers to be efficiently
transported from the left electrode to the right (see Fig. 1).

The main reasons/advantages to employ molecular
building blocks (despite the need of a cross-disciplinary

effort, with physicists, chemists, biologists, and engineers
working in close collaboration) lie in their intrinsic small
size and high reproducibility. In fact, in contrast to litho-
graphically fabricated nanostructures, the use of chemi-
cally synthesized nano-objects and nature-engineered
biomolecules allows a reproducible control over both their
sizes and properties (such as electronic levels). Moreover,
their thermodynamically driven self-assembly and self-
recognition properties enable the design and fabrication of
large-scale functional devices/chips directly at the molec-
ular level in a parallel process.

The concept of self-assembly is peculiar of this field. It
involves a process known as convergent synthesis and can
be defined as the self-organization of one or more entities
without any external source of information about the
structure to be formed as the total energy of the system
is minimized to result in a more stable state. This process
inherently implies (1) some mechanism driving movement
of entities such as diffusion, electric fields, etc., (2) the
concept of ‘‘recognition’’ between different elements, or
‘‘bio-linkers,’’ that drives the self-assembly to the state of
lowest energy (4). For example, the sequence-specific mo-
lecular lithography of Keren et al. (5) exploits the infor-
mation encoded in the DNA molecules and their
homologous recombination for the positioning of molecu-
lar objects with nanoscale accuracy.

It is worth noting that many recent achievements in
molecular electronics (as well as nanotechnology in gen-
eral) were made possible by the advent of new, very pow-
erful techniques capable of seeing, processing and
manipulating single molecules (most of them related to
scanning probe microscopes) as well as by the birth of a
supramolecular chemistry (i.e., according to the Lehn def-
inition (6), ‘‘a chemistry beyond the molecule, bearing on
organized entities of higher complexity that result from
the association of two or more chemical species held to-
gether by intermolecular forces’’: two key breakthroughs
that yield many Nobel prizes to their inventors/develop-
ers.

The chemistry central role in this research field is to
provide the molecular building blocks and engineer their
properties (7). In this respect, biology is also starting now
to play a crucial role providing functional systems (such as
DNA and proteins) able of sensing (8), computing (9), pro-
cessing signals, storing information, and producing en-
ergy (10) as well as enabling multifunctional operations
and performing mechanical movements (molecular scale
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NN Figure 1. The concept of molecular-scale electron-
ics: a single molecule merging two metallic elec-
trodes and providing a pathway for charge transfer
[reproduced with permission from G. Maruccio et al.,
Journal of Materials Chemistry, 2004;14:542–554.
Copyright 2004 The Royal Society of Chemistry].
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motors (11)) since they were optimized by billions of years
of evolution for these scopes.

It is thus clear that the advent of a molecular electron-
ics can pave the way to the ultimate miniaturization in
electronics and the fabrication of multifunctional devices.
In this respect, we note that molecular materials are al-
ready largely used in electronics (12), as liquid crystals in
displays and in dye lasers, light-emitting diodes (13) and
plastic transistors (14). The objective of this chapter is not
to give an exhaustive review of this large research area,
but just an overview of molecular-scale electronics (i.e.,
molecular electronic devices based on few or single mole-
cules), analyzing concepts, key results, and perspectives
with special emphasis on three terminal unimolecular de-
vices. In the next section, the different techniques and
strategies for nanofabrication are discussed, while some of
the most significant examples of devices for molecular and
biomolecular electronics are reported in the section fol-
lowing that. Due to the rapid growth in this field, the large
number of papers published and the limited space allo-
cated for this issue, this work cannot be considered as ex-
haustive (for a more detailed review of design and
characterization of unimolecular devices, see Ref. 15). In-
stead, it should be considered as a support for researchers
approaching and/or working in molecular electronics.

2. NANOFABRICATION

A primary challenge in molecular-scale electronics is to
develop reliable methods to interconnect and probe mole-
cules. In this respect, their typical (nanometer) size rep-
resents the main difficulty in interconnection as well as
advantage in miniaturization. The advent of the scanning
tunneling microscope made possible for the first time two-
terminal conductance measurements on few or individual
molecules. However, a major goal is to fabricate nano-
meter spaced electrodes bridged by single molecules in or-
der to demonstrate true electronic devices working at the
nanoscale.

Central to nanofabrication is lithography, a collective
term for several closely related processes, including resist
coating, exposure, development, and pattern transfer. But
as the feature sizes becomes smaller than 100nm (and
comparable to the molecular dimensions), the ‘‘standard’’
optical lithography inevitably fails due to intrinsic phys-
ical limitations (being its resolution limit ultimately de-
termined by the radiation wavelength as described by the
Rayleigh resolution criterion). Thus, the need for devel-
oping post-optical lithographies becomes pressing and
pressing in order to explore and exploit the nanoworld,
together with the necessity to engineer manufacturable
interconnection schemes compatible with the new mate-
rials and processes recently proposed. As a consequence,
in various laboratories different technologies in the top-
down approach are currently under use and processes are
rapidly being developed for patterning below 100-nm
scale, although none of them equals the advantages of
photolithography for low cost and high throughput.

Electron beam lithography (EBL) is emerged as the
most employed and successful technique for fabrication of

molecular nanodevices. Exploiting an electron beam to
expose an electron-sensitive resist, it permits to create ex-
tremely fine patterns on the nanoscale, thanks to the very
small spot size of the electron beam and the much smaller
wavelength of electrons as compared to the UV light em-
ployed in photolithography. EBL versatility allows the
fabrication of a variety of different small devices, combin-
ing EBL with other processes such as (1) lift-off, especially
for planar elements; (2) etching, for example in the fabri-
cation of photonic crystals; (3) electrodeposition/electro-
plating, a general growth technique involving the
deposition of materials from an electrolyte in solution by
the passage of an electrical current and having the at-
tractive features of cost-effectiveness, simplicity of opera-
tion, and the ability to deposit onto substrates with
complex geometries. EBL resolution is usually limited by
the proximity effect, due to the large number of electrons
which experience large angle scattering events leading to
backscattering and causing additional exposure in the re-
sist. Thus, to fabricate very small nanogap, postprocessing
techniques are usually employed. For example, Y.V Ker-
vennic and coworkers (16) fabricated pairs of platinum
electrodes with separation between 20 and 3.5nm by elec-
trodeposition, monitoring the conductance between the
two (EBL-fabricated) electrodes through the electrolyte in
order to accurately control their separation and stopping
the electrodeposition process at predefined conductance
values (Fig. 2).

Nanometer spaced electrodes have been also fabricated
by means of other postprocessing techniques like electro-
migration and mechanically controllable break junctions.
Electromigration consists in the displacement of metallic

(a)

Initial

54 nm

16 nm

3.5 nm

10 nm

I

J K

Figure 2. (a) Initial separation of the EBL-defined electrodes; (I-
K) final electrode separations (16, 10, and 3.5 nm, respectively)
obtained by stopping the electrodeposition process when the mon-
itor current is 30, 90, and 140nA. [Reprinted with permission
from Y.V. Kervennic et al., Appl. Phys. Lett., 2002; 80:321–323.
Copyright 2002 American Institute of Physics.]
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atoms (from the electrodes) due to the scattering of charge
carriers against the crystal lattice and allows to fabricate
nanojunctions from a wire broken by passing a high cur-
rent through it, usually at cryogenic temperature (17). On
the other hand, mechanically controllable break junctions
have been realized by the gentle fracture of an electrode as
a consequence of an induced bending (mechanical defor-
mation) of the supporting substrate (18) and, for example,
have been employed by M. Reed and coworkers to inves-
tigate charge transport through self-assembled molecules
of benzene-1,4-dithiol. Recently, Champagne et al. pro-
posed a strategy to mechanically adjust the electrodes
spacing in a free-standing junction and electrically gate
the bridging molecule in the same device (Fig. 3), in order
to enable a more detailed characterization of the molecu-
lar junction (19).

In all these approaches, the reproducibility of the fab-
ricated gap is not completely ensured and usually SEM
imaging is needed to evaluate the gap size after fabrica-
tion. However, Zandbergen et al. (20) demonstrated an e-
beam sculpting technique (Fig. 4) to reshape metals and
fabricate nanojunctions in a TEM by gradually thinning
down a metallic bridge, thus enabling a ‘‘real-time’’ control

of fabrication since the same apparatus is used to image
and write the pattern. Finally, it is worth noting that,
when dealing with metallic electrodes, issues concerning
structural stability and possible failure mechanisms dur-
ing operation have also to be taken into account, as dem-
onstrated by recent publications (21,22).

Other lithographic techniques for patterning at the
nanoscale include

* Ion beam lithography: a technique closely related to
EBL which exploits light high-energy ions, like pro-
tons, instead of electrons,

* X-ray lithography, using collimated x-rays (0.1–10nm
radiation (23)) to expose a resist in a parallel repli-
cation process,

* interference/holographic lithography, a relatively
simple and maskless technique which exploits the
interference of two or more coherent laser beams to
create an interference pattern of sinusoidal intensity

(a)

(b)
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Figure 3. The mechanically adjustable and electrically gated
nanojunction fabricated by A.R. Champagne et al.: (a) schematics;
(b) SEM image at a 78 tilt angle (inset: an electromigration-bro-
ken nanojunction). [Reproduced with permission from A.R.
Champagne et al., Nano Letters, 2005; 5:305–308. Copyright
2005 American Chemical Society.]
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Figure 4. TEM nanoelectrodes sculpting technique: frames from
a movie illustrating the fabrication of a nanogap. [Reproduced
with permission from H.W. Zandbergen et al., Nano Letters, 2005;
5:549–553. Copyright 2005 American Chemical Society.]
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on the photoresist film and fabricate periodic, quasi-
periodic and spatially coherent patterns,

* shadow mask techniques where nanometric holes
play the role of the resist,

* soft lithography (24), a biocompatible technique in-
cluding different strategies (such as microcontact
printing (mCP), replica molding (REM), microtrans-
fer molding (mTM), micromolding in capillaries (MI-
MIC), and solvent-assisted micromolding (SAMIM)),
which share the basic concept of an elastomeric
stamp or mold to transfer the pattern to the sub-
strate,

* scanning probe lithography, including mechanical
patterning methods such as scratching or nanoinden-
tation, or local heating with a sharp tip as well as
techniques exploiting the intense electric field in the
vicinity of the tip generated by an applied bias to im-
plement, for example, field enhanced oxidation (of
silicon or metals) and electron exposure of resist ma-
terials. A scanning probe microscope can also be em-
ployed to place molecules in specific, well-established
locations (for examples in the gap between two nano-
electrodes) as in the Dip-Pen Nanolithography (DPN)
proposed by the Mirkin’s group (25), where using an
AFM tip chemically reactive molecules are literally
drawn (delivered) from a solvent meniscus at the tip
apex to a surface of interest (linewidth and spatial
resolution are as small as 15nm and 10nm, respec-
tively). This technique along with STM atomic and
molecular manipulation (26,27) opens the way to
place molecules and/or nanostructures at established
positions.

Despite the large number of proposed nanotechnological
methods, however, it is worth noting that, to a large ex-
tent, most of them are appropriate for the fabrication of
only single molecular-devices and are not suitable for
mass production, having severe technological and eco-
nomic limitations. For example, the main disadvantages
of EBL are the cost and the small area patternable in a
reasonably short time. Thus, the economic fabrication of
more complex molecular electronics circuits on a large
scale remains a challenge, although some recent works try
to address this issue like, for example, the mesa nano-
junction approach proposed by R. Kranhe et al. (28) where
nanogaps are fabricated by optical lithography with nano-
meter precision exploiting AlGaAs/GaAs quantum well
structures and a highly selective wet-etching.

3. MOLECULAR AND BIOMOLECULAR ELECTRONICS

The first functional three terminal devices (i.e., transis-
tors, a key milestone for the development of a molecular
electronics) were fabricated employing carbon nanotubes
(CNTs). Carbon nanotubes are fullerene-related struc-
tures, which can be distinguished in two main families:
single-walled nanotubes (SWNTs) and multiwalled nano-
tubes (MWNTs).

SWNTcan be considered as formed by a graphene layer
(i.e., a single layer of graphite) rolled into a cylinder until

joining the ends of the so-called chiral vector Ch¼nâ1þ
mâ2, whose indices (n,m) denote the number of unit vec-
tors (â1 and â2) in the two-dimensional hexagonal lattice of
graphene and characterize the nanotube structure. If m¼
0, the nanotubes are called ‘‘zigzag,’’ ‘‘armchair’’ if n¼m,
‘‘chiral’’ otherwise. On the other hand, multiwall carbon
nanotubes (MWCNT) are like a coaxial assembly of
SWCNTs, whose separation is about the same than be-
tween graphite layers. CNTs have a number of extraordi-
nary properties, both from a mechanical (Young’s modulus
over 1 TPa and estimated tensile strength 200GPa) and
electronic point of view, making them suitable material for
reinforced composites, molecular electronics, and nan-
oelectromechanical systems (NEMS). In particular, de-
pending on the tube indices (n, m), carbon nanotubes
can behave as conductors, semiconductors, or insulators:
armchair (n¼m) tubes are metallic, while other tubes
(chiral and zig zag) are metallic if n�m¼ 3 l where l is an
integer, otherwise they are semiconductors whose gap de-
pends only on their diameter (29). The Dekker group in
Delft demonstrated in 1998 a room-temperature transis-
tor based on a single carbon nanotube (30) having a 0.35
gain and behaving like a BARITT (barrier injection transit
time) diode (a conventional semiconductor device). In such
device, an increase of the gate voltage induced a noncon-
ductive gap around Vds¼0V to appear and enlarge and a
change of conductivity of six orders of magnitude upon a
change of 10V in the gate voltage (Fig. 5). A similar device
with a maximum gain voltage of 0.5 was reported by J.
Appenzeller et al. (31), while the Dekker group also dem-
onstrated a CNT-based single electron transistor working
at room temperature (32) and exhibiting the peculiar di-
amond plot typical of single charging phenomena (dia-
mond regions with dI/dV¼ 0 mean a stable electron
numbers (33)).
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More recently, logic circuits made by CNT-based FET
(34) have been also demonstrated by researchers at the
Delft University of Technology who assembled an inverter,
a NOR gate, a static random access memory (SRAM) cell,
and a ring oscillator (according to a resistor-transistor
logic) by means of an atomic force microscope (Fig. 6). The
FETs employed had a transconductance of 0.3mS, a very
large on/off ratio and a large signal gain (more than 105

and 10, respectively). Logic gate AND, OR, and NOT (in-
verter) are the fundamental logical operations and the
basis for all other complex functions. More in detail, the
inverter (NOT gate) has only one input and its nanotube
implementation by Bachtold et al. consists of a nanotube-
FET and a resistance. If the input logic value is ‘‘0,’’ the
output is ‘‘1,’’ and vice versa. On the other hand, the NOR
gate has two inputs and its output is ‘‘1’’ if both inputs are
‘‘0’’ and ‘‘0’’ otherwise. In their CNT-implementation, logic
‘‘0’’ is 0V and logic ‘‘1’’ is � 1.5V. Vibration-assisted tun-

neling in fullerene-related systems (such as C140) has been
also recently investigated (35).

Carbon nanotubes were the main protagonists of the
change of research focus in molecular electronics from
proofs of concepts to the demonstration of functional de-
vices and a number of works investigated their properties
(36,37) and their numerous applications (38,39). More re-
cently, chemically synthesized semiconducting nanowires
(and nanoparticles) are attracting large interest, both
from a fundamental and an applied point of view, mainly
after the pioneering works of Lieber et al. at the Harvard
University. They are also 1D (or quasi-1D) systems, like
CNTs, but they are expected to facilitate a large scale in-
tegration since in this case it is possible to reproducibly
control their sizes and electronic properties. Moreover, the
possibility of changing their composition enables a further
degree of freedom in material engineering. For example,
using semiconductor nanowires instead of CNTs, the Lie-
ber group (40) demonstrated OR, AND, NOR logic gates.
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As methods exist for the parallel assembly of nanowires,
this approach allow to avoid positioning of CNTs by AFM.
For further reading on this subject see refs 41–45.

Small organic molecules and biomolecules can be also
largely exploited as active elements in molecular devices
enabling functions like conduction, rectification, resonant
tunneling, switching and storage. In this case, the main
advantage lies in their functional end-groups for self-as-
sembly and/or their nature-optimized properties, while
the difficulties concerning the interconnection schemes
are still increased. Here, instead of discussing some pio-
neering works already reviewed elsewhere (15,46), we will
focus on results of more recent studies.

SET operation was reported by Kubatkin and cowork-
ers in a molecular device based on a single p-phenylene-
vinylene oligomer (OPV5) having different accessible
redox states (47). More in detail, a shadow mask was em-
ployed to define two planar gold electrodes (gap 2nm),
while OPV5 molecules were delivered by quench conden-
sation and a single molecule was trapped by annealing the
sample at 70K until a stepwise increase in the conduc-
tance was observed. Such devices exhibited the typical di-
amond pattern due to single electron tunneling in a
system with discrete energy levels (Fig. 7). Eight differ-
ent charged states were probed in this case.

According to the constant interaction (CI) model (33),
diamond regions with dI/dV¼0 correspond to a stable
electron numbers and the total ground state energy for a
quantum dot with N electrons is

UðNÞ¼ ½eðN �NoÞ � CgVg�
2=2Cþ

X

N

En;lðBÞ;

where N¼No for Vg¼ 0 and C¼CsþCdþCg is the total
capacitance between the dot and the source, drain, and
gate. The term CgVg accounts for the Vg-induced charge in

the dot via the gate capacitance Cg, while the sum in the
last term is over the single-particle states En,l(B), which
are the solutions of the corresponding Schrödinger equa-
tion and the only terms depending on the magnetic field
(33). The addition energy of the dot is

EADDðNÞ¼EcþDEðNÞ;

where Ec ¼ e2/C is the electrostatic charging energy to
add an electron to the dot, while DE(N) is the difference in
the single-particle energies for N and N � 1 electrons on
the dot (33). Analyzing the diamond pattern, it is thus
possible to extract the molecular electronic levels, which
in this case were found to be deeply altered in the nano-
junction. The authors ascribed this effect to the image
charges generated in the source and drain electrodes by
the charges on the molecule (47).

Using a 1–2-nm gap made by electromigration com-
bined with a short molecule, instead, Park et al. (17) dem-
onstrated a single-atom transistor exploiting transport
through the Co ion in the molecule they bonded by means
of thiol end groups to two gold electrodes. This device be-
haved like a single-electron transistor due to single elec-
tron charging of the Co ion and the modification of the Co
oxidation state by Vg. They observed no conduction until a
gate-modulated threshold voltage, after which the current
increased in steps with a fine structure visible in the color
plot of the dI/dV. Moreover this device exhibited the sig-
nature of the Kondo effect (Fig. 8), i.e. a peak in the dif-
ferential conductance at Vds¼ 0 splitting under magnetic
field and exhibiting a logarithmic temperature depen-
dence.

A major challenge for the interconnection of molecules
in real devices is the difficulty in creating an ideal Ohmic
and reproducible (i.e., fully controllable) molecule-metal
contact, since any resulting potential barrier at the inter-
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face deeply influence charge transfer and the device per-
formances (31,48). In this respect, the use of functional
end groups (such as thiols) for a direct binding to the elec-
trodes and conjugated molecules to exploit delocalized mo-
lecular orbitals provides useful opportunities of further
improvements. Recently, T. Dadosh et al. (49) at the We-
izmann Institute of Science in Rehovot (Israel) proposed a
very innovative strategy to fabricate single-molecules de-

vices. Their dimer-based contacting scheme, in fact,
makes use of two colloidal gold particles bridged by a dit-
hiolated molecules and enables a precise control of the
number of molecules participating to conduction and of
the molecule-electrode interface (by fixing the electrode
shape and structure). They demonstrated dimers, trimers,
and tetramers synthesis (Fig. 9) and studied transport
through three small molecules, by electrostatically trap-
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As methods exist for the parallel assembly of nanowires,
this approach allow to avoid positioning of CNTs by AFM.
For further reading on this subject see refs 41–45.

Small organic molecules and biomolecules can be also
largely exploited as active elements in molecular devices
enabling functions like conduction, rectification, resonant
tunneling, switching and storage. In this case, the main
advantage lies in their functional end-groups for self-as-
sembly and/or their nature-optimized properties, while
the difficulties concerning the interconnection schemes
are still increased. Here, instead of discussing some pio-
neering works already reviewed elsewhere (15,46), we will
focus on results of more recent studies.

SET operation was reported by Kubatkin and cowork-
ers in a molecular device based on a single p-phenylene-
vinylene oligomer (OPV5) having different accessible
redox states (47). More in detail, a shadow mask was em-
ployed to define two planar gold electrodes (gap 2nm),
while OPV5 molecules were delivered by quench conden-
sation and a single molecule was trapped by annealing the
sample at 70K until a stepwise increase in the conduc-
tance was observed. Such devices exhibited the typical di-
amond pattern due to single electron tunneling in a
system with discrete energy levels (Fig. 7). Eight differ-
ent charged states were probed in this case.

According to the constant interaction (CI) model (33),
diamond regions with dI/dV¼0 correspond to a stable
electron numbers and the total ground state energy for a
quantum dot with N electrons is

UðNÞ¼ ½eðN �NoÞ � CgVg�
2=2Cþ

X

N

En;lðBÞ;

where N¼No for Vg¼ 0 and C¼CsþCdþCg is the total
capacitance between the dot and the source, drain, and
gate. The term CgVg accounts for the Vg-induced charge in

the dot via the gate capacitance Cg, while the sum in the
last term is over the single-particle states En,l(B), which
are the solutions of the corresponding Schrödinger equa-
tion and the only terms depending on the magnetic field
(33). The addition energy of the dot is

EADDðNÞ¼EcþDEðNÞ;

where Ec ¼ e2/C is the electrostatic charging energy to
add an electron to the dot, while DE(N) is the difference in
the single-particle energies for N and N � 1 electrons on
the dot (33). Analyzing the diamond pattern, it is thus
possible to extract the molecular electronic levels, which
in this case were found to be deeply altered in the nano-
junction. The authors ascribed this effect to the image
charges generated in the source and drain electrodes by
the charges on the molecule (47).

Using a 1–2-nm gap made by electromigration com-
bined with a short molecule, instead, Park et al. (17) dem-
onstrated a single-atom transistor exploiting transport
through the Co ion in the molecule they bonded by means
of thiol end groups to two gold electrodes. This device be-
haved like a single-electron transistor due to single elec-
tron charging of the Co ion and the modification of the Co
oxidation state by Vg. They observed no conduction until a
gate-modulated threshold voltage, after which the current
increased in steps with a fine structure visible in the color
plot of the dI/dV. Moreover this device exhibited the sig-
nature of the Kondo effect (Fig. 8), i.e. a peak in the dif-
ferential conductance at Vds¼ 0 splitting under magnetic
field and exhibiting a logarithmic temperature depen-
dence.

A major challenge for the interconnection of molecules
in real devices is the difficulty in creating an ideal Ohmic
and reproducible (i.e., fully controllable) molecule-metal
contact, since any resulting potential barrier at the inter-
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The interest in DNA for molecular electronics, however,
do not stop to its conduction properties but lies also in its
self-assembly ability and a prototype field effect transistor
based on a modified DNA base (the lipophilic deoxygua-
nosine) in a self-assembled layer was demonstrated by G.
Maruccio et al. (51). Such guanosine-based FET, working
in ambient condition, exhibited a voltage threshold for the
conduction modulated by the gate voltage. The electrical
characteristics were explained in terms of resonant tun-
neling, with the threshold voltage defined by the align-
ment between the molecular minibands and the Fermi
level in the electrodes.

Besides DNA, proteins have been also intensively in-
vestigated in the last years for application in molecular
electronics, molecular motors, and biosensors, since their
nature-tailored functions presents clear advantages for a
number of specific applications. For example, S. Yasutomi
and coworkers at the Kyoto University (52) fabricated a
molecular photodiode able of switching photocurrent di-
rection when changing the irradiation wavelength (Fig.
10). They exploited bicomponent SAMs containing two he-
lical peptides with different chromophores (selectively act-
ivable) and antiparallel dipole moments (when
immobilized on gold). As a consequence, since a voltage
range exists where the direction of the photocurrent is
determined by the direction of the dipole moment, they
were able to switch photocurrent from anodic to cathodic
alternating photoirradiation at 351nm and 459nm.

Ida Lee, James W. Lee, and Elias Greenbaum (53), in-
stead, investigated two-dimensional vectorial arrays of
functional Photosystem I reaction centers (prepared on
atomically flat derivatized gold surfaces) by STS. The na-
ture and extent of PSI orientation were controlled by
chemical modification of the surface derivative and
checked by STS. When gold electrodes were treated with
mercaptoacetic acid, 83% of the electron transport vectors
were parallel to the electrode surface and a semiconduc-
tor-like I-V curve with a band gap of �1.8 eV (correspond-
ing to the first excited singlet state of chlorophyll) was
observed (Fig. 11a). On the other hand, using 2-mercapto-
ethanol, 70% were oriented perpendicularly in the ‘‘up’’
position and only 2% were in the ‘‘down’’ position and cur-
rent-rectification (i.e., diode-like behavior) was observed
(Fig. 11b–c). Authors ascribed the asymmetry of the I-V
characteristics to either a difference in electronic energy
(in analogy with a solid-state p-n junction) or a difference
in the tunneling distance for each end.

The redox properties and the functional groups of the
blue copper protein azurin were instead exploited by G.
Maruccio et al. (54) to achieve a hybrid transistor based on
proteins covalently bonded in ordered layers onto Si/SiO2

substrates. Their prototype structure consisted of a silver
gate electrode and an EBL-fabricated nanojunction
bridged by the protein monolayer and was demonstrated
to work at room temperature and ambient pressure ex-
hibiting a pronounced resonance centered at Vg¼ 1.25V in
the transfer characteristic (Fig. 12) with transconduc-
tance changing from positive to negative values. Since
azurin exists in two stable configurations—Cu(I) and
Cu(II)—and its ET capability depends on the equilibrium
between these two oxidation states by means of the re-

versible redox reaction Cu2þ
þ e�$Cu1þ , charge trans-

port was ascribed to hopping from one reduced (Cu(I))
protein to an adjacent oxidized (Cu(II)) protein. As a con-
sequence, to enable conduction, both reduced and oxidized
azurins must be present and their relative proportion de-
termines the ET rate. The authors proposed that the
azurin redox state is regulated by Vg: the higher is Vg,
the greater is the fraction of reduced azurins. Thus, at a
particular value of Vg the fraction of oxidized molecules
will equal that of reduced ones and therefore ET will be
maximal.

This model is consistent with the interpretation of the
redox peak in cyclic voltammetry curves and in electro-
chemical STM experiments performed on azurins chemi-
sorbed on Au(111) substrates (55–57). Devices
implemented with two azurin variants (the first with the
Cu atom replaced by a Zn atom, the second without metal
atom, Apo-Azurin) support the key role of the copper atom
in electron transfer, exhibiting significantly lower current
and no modulation in the same voltage ranges. The same
metalloprotein has been investigated in Oxford by means
of a conductive-probe AFM (58). A similar study was car-
ried on the ferritin protein by Xu et al. (59) and also in this
case the apo form (without the core) resulted in a lower
current (Fig. 13).
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Moreover, a behavior analogous to that of the azurin
transistor was observed by F. Chen and coworkers (60),
which probed the conductance of a thiol-terminated hepta-
aniline oligomer (on a gold substrate) under potential con-
trol in electrolyte (0.05M H2SO4) changing the surface
potential ES with respect to a silver quasi-reference elec-

trode (Fig. 14). This configuration is quite similar to that
used in the protein transistor of G. Maruccio et al. In fact,
here, by repeatedly dipping their STM tip (partially coated
with an insulating layer) into the substrate, the authors
were able to measure the conductance of a single-molecule
junction as a function of ES which has a role similar to the
gate electrode in the above-mentioned protein transistor
(Fig. 14a). Notably, they also observed a maximum in con-
ductance (Fig. 14b). The single-molecule current as a func-
tion of the tip-substrate bias under potential control in
electrolyte (Fig. 14c) also exhibited a resonance (with an
ES dependent position) which the authors ascribed to the
change of the molecular oxidation state as a consequence
of the applied bias which modifies the local surface poten-
tial. Electrochemical and molecular electronic data are
thus connected by these results.

Returning to DNA and its self-assembly properties, it is
worth mentioning the very promising sequence-specific
molecular lithography approach to produce large-scale
functional circuits at the molecular level, exploiting
DNA-molecules self-recognition. Keren et al. (5), in fact,
employed the information encoded in the DNA molecules
as a mask for the sequence-specific positioning of molec-
ular objects by means of a RecA protein acting as the re-
sist. More recently, the same group reported the
fabrication of a carbon nanotube FET, self-assembled us-
ing a DNA scaffold molecule to provide the address for
precise localization of the nanotube as well as the tem-
plate for the extended metallic wires contacting it (Fig. 15,
(61)). Besides proteins, genetically engineered viruses
have also been employed to order nanostructures (62).

Before concluding, a few words concerning microarrays
for the detection of nucleic acids (DNA chips). Such de-
vices are widely used for DNA sequencing, disease screen-
ing, and gene expression analysis since they allow
obtaining information on nucleic acid sequences faster,
simpler, and cheaper than traditional methods (63). Cur-
rently, the readout schemes for such devices are optical
and involve the use of fluorescent dyes, but the exploita-
tion of DNA conductivity (if large enough, after hybrid-
ization, in well-stacked double-stranded DNA as
compared to floppy, insulating single strands of DNA) or
of its self-assembly properties (for the delivery of conduc-
tive elements between pairs of electrodes in large arrays)
could enable in the near future the development of an
electronic read-out which is expected to allow a significant
increase in the number of different probe sites (whose
density would be no more resolution limited) per unit area
and thus a potentially faster and more efficient sequence
analysis.

4. CONCLUSION AND OUTLOOK

In conclusion, molecular electronics is a very promising
route for future electronic devices. However, it should not
be viewed only as a way for the formation of logic devices
and memories with single conducting molecules. But it
can also be defined more broadly as the area of science and
technology that studies electronics and sensors based on
molecular organization at the nanoscale. Joining together
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approaches and concepts coming from different fields, like
physics, chemistry, engineering, biology, and medicine,
new efforts in the development of the future functional
nanodevices can be made, opening new routes towards the
progress of the fundamental and applied nanosciences and
the development of deeply new fields (like molecular spin-
tronics (64,65), molecular Quantum-Dot Cellular Auto-
mata (66), and molecular implementations of qubits
(67)). The ‘‘nano’’ revolution is changing our life, allowing
a rapid and challenging progress in most of today’s ad-
vanced technologies, and indeed most of the prototype of
molecular electronic devices reported in this review article

has the potential to become the building blocks of our fu-
ture consumer electronics.
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MOTOR UNIT

ROGER M. ENOKA

University of Colorado
Boulder, Colorado

Whether an action comprises the accomplishments of an
elite athlete, the activities of daily living by an older adult,
or the capabilities of a patient with a neuromuscular
disorder, all movement involves an interaction between
the nervous system and the muscle. The muscles provide
the forces necessary for the movement, whereas the
nervous system generates the activation signals that
mobilize the required muscles at an intensity that is
appropriate for the intended action. The activation signal
is discharged by nerve cells, known as motor neurons,
located in either the spinal cord or brain stem. In the
muscle, each fiber is activated by a single motor neuron,
but each motor neuron innervates from tens to thousands
of muscle fibers.

The motor unit denotes the basic functional element of
the central nervous system and muscle that produces
movement. It consists of a motor neuron in the ventral
horn of the spinal cord, its axon, and the muscle fibers that
the axon innervates (1). The central nervous system
controls muscle force by varying the activity of the motor
units that comprise the muscle. The force exerted by each
motor unit depends principally on the number of muscle
fibers that are innervated by the motor neuron and the
rate at which the motor neuron discharges action poten-
tials.

1. MOTOR NEURON PROPERTIES

Motor neurons are large cells with diameters that range
from 35 to 70 mm and contain multiple processes that
extend up to 2mm from the cell body. Most of the 8 to 15
processes receive input that is sent to the motor neuron by
other neurons. These processes are known as dendrites.
The input received by the dendrites is used to determine
whether a neuron should be active and the intensity of the
activity. When this occurs, a single process, known as the
axon, transmits the activation signal from the motor
neuron to the muscle fibers. In contrast to the dendrites,
which remain confined to the spinal cord, the axon exits
the spinal cord and is bundled together with other axons
to form a peripheral nerve that can travel long distances
(up to 1m in humans) to a target muscle.

The activation signal discharged by a motor neuron
comprises brief electrical impulses (1 to 2ms in duration)
that correspond to transient changes in the potential
difference across the excitable membrane of the axon.
These impulses are known as action potentials and can
travel along an axon at speeds of up to about 80m/s in
humans. The speed of propagation depends on the dia-
meter of the axon, which varies among the motor neuron
population. Motor neurons can discharge action potentials
at rates up to about 100pulses/s (pps) during some move-
ments.

The group of motor neurons that innervate a single
muscle is referred to as a motor pool or a motor nucleus
(2). Motor pools typically comprise a few hundred motor
neurons, ranging from about 100 for small muscles to
approximately 1000 for large muscles, and they are dis-
tributed across several segments in the spinal cord. The
motor neurons in a motor pool vary widely in their
electrical properties and in the relative amplitudes of
the inputs that they receive from different sources. Most
of the surface area (495%) of a motor neuron is located in
the dendrites, and the thousands of inputs that a motor
neuron can receive occur primarily on the dendrites. Each
input occurs at a junction known as a synapse, where an
incoming action potential can cause the release of a
chemical neurotransmitter that subsequently evokes a
local change in the membrane potential of the dendrite.

The steady-state potential across a membrane is nega-
tive on the inside of the cell relative to the outside. The
change evoked in a dendrite by a neurotransmitter can
cause the membrane potential to become either less
negative (depolarized) or more negative (hyperpolarized).
The direction of the change in the membrane potential
depends on the properties of the membrane-bound recep-
tors to which the neurotransmitter binds. Because a
neuron will discharge an action potential when its mem-
brane potential is depolarized by about 15mV, depolariza-
tion of the membrane corresponds to an excitatory input
and hyperpolarization denotes an inhibitory input. A local
change in the membrane potential of a dendrite is trans-
mitted toward the cell body, where it will sum together
with other depolarizing and hyperpolarizing inputs. When
the net effect of the inputs exceeds threshold at the
proximal end of the axon, an action potential will be
generated and actively transmitted along the axon.

1.1. Motor Neuron Receptors and Channels

The properties of a motor neuron are largely dependent on
its membrane receptors and ion channels (3). These
protein structures are inserted into the lipid bilayer that
forms the membrane of the neuron. There are four key
types of receptors and channels: leak channels, ionotropic
synaptic channels, voltage-gated channels, and metabo-
tropic receptors. Leak channels establish the steady-state
(resting) membrane potential of the neuron by allowing
some ions, but mainly potassium (Kþ ), to flux across the
membrane. The resting membrane potential of a motor
neuron is typically in the range of � 70 to �60mV.
Ionotropic synaptic channels are inactive under resting
conditions, but they are enabled by the binding of a
neurotransmitter. Once activated, ionotropic synaptic
channels provide a pathway for the movement of ions
across the membrane. The ions that pass through these
channels can either depolarize or hyperpolarize the mem-
brane potential. Voltage-gated channels are also inactive
under resting conditions and are activated by depolariza-
tion of the membrane potential. For example, voltage-
sensitive sodium (Naþ ) channels open briefly when the
membrane is depolarized and allow an influx of Naþ into
the neuron, which is responsible for the generation of an
action potential. Metabotropic receptors, which are acti-
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vated by the binding of a neurotransmitter (e.g., serotonin,
norepinephrine), activate intracellular second-messenger
pathways that can influence the behavior of the other
three types of channels.

The distributions of the receptors and ion channels
differ across the motor neuron. The dendrites have many
ionotropic synaptic channels to receive input from other
neurons and may have voltage-sensitive channels to assist
in transmitting the local changes in dendritic membrane
potential to the cell body (soma). The cell body and
proximal end of the axon contain high densities of vol-
tage-gated channels, especially for calcium (Ca2þ ), Kþ ,
and Naþ that are used to generate an action potential
when the input has produced an adequate amount of
depolarization. The motor neuron axon has high densities
of Naþ and Kþ channels at discrete locations along its
length to actively propagate the action potential to the
muscle fibers.

1.2. Motor Neuron Output

The motor neuron will generate an action potential when
the membrane potential at the proximal end of the axon
has been depolarized enough to activate the voltage-
sensitive Naþ channels and cause a massive influx of Na
þ into the neuron. Because the conductance of a neuron is
directly related to its size and the amount of depolariza-
tion needed to reach threshold is the same in all neurons,
Ohm’s law dictates that a given synaptic current will
enable a small neuron to reach threshold for generating
an action potential before threshold is achieved in a large
neuron (4).

The rate at which a motor neuron discharges action
potentials is proportional to the amount of synaptic input
it receives (5). Because the force generated by the acti-
vated muscle fibers varies with discharge rate, the synap-
tic input delivered to the motor neuron is used to control
muscle fiber force. The responsiveness of a motor neuron
to synaptic input is characterized by the minimal current
(threshold) required to discharge action potentials and by
the slope of the relation between the current it receives
and the discharge rate. The slope, which is approximately
linear, represents the gain of the relation and indicates
the extent to which discharge rate increases as greater
amounts of input current are received by the neuron.

Both the threshold and the input–output gain of a
motor neuron can be influenced by the intracellular ac-
tions evoked by metabotropic receptors. The effect on
threshold is achieved by activation of persistent inward
currents (Ca2þ and Naþ ) separate from the ionotropic
synaptic currents, but which depolarizes the membrane
and reduces the difference between the steady-state po-
tential and the activation threshold. The persistent in-
ward currents can depolarize the membrane by up to 20
mV, which can exceed the difference between the steady-
state potential and threshold and thereby enable the
neuron to sustain the discharge of action potentials even
in the absence of synaptic input. In addition to its influ-
ence on threshold, the persistent inward currents can
amplify the ionotropic synaptic inputs and hence control
gain of the input–output relation of the motor neuron.

2. MUSCLE FIBER PROPERTIES

Once a motor neuron discharges an action potential, it
travels along the axon and causes the release of neuro-
transmitter at the nerve-muscle synapse. Compared with
other synapses, the nerve-muscle synapse is relatively
secure and the release of neurotransmitter from the
axon invariably generates an action potential that travels
along the excitable membrane (sarcolemma) of the muscle
fiber. The sarcolemmal action potential causes the release
of Ca2þ from intracellular stores, and this triggers the
interaction of the contractile proteins. The magnitude of
the force produced during a muscle contraction depends
on the number of transient connections, known as cross-
bridges, between two contractile proteins. The number of
crossbridges that are formed is influenced by the rate at
which action potentials arrive, the length and rate of
change in length of the muscle, and the supply of adeno-
sine triphosphate (ATP).

2.1. Crossbridge Number

The maximal force that a muscle can exert at a given
muscle length is proportional to the number of cross-
bridges that are arranged in parallel (6). At the level of
a single muscle fiber, the number of crossbridges in
parallel is estimated from the cross-sectional area of the
fiber. In human muscles, the 95% confidence intervals for
the cross-sectional areas of muscle fibers range from 80 to
8000 mm2, with average areas across many muscles of
about 2500 mm2 (7). The intrinsic force-generating capa-
city of muscle, known as the specific tension, is about 30N/
cm2 when measured in vivo. Both the cross-sectional area
and the specific tension of single muscle fibers can vary
with the level of physical activity. For example, the cross-
sectional area of muscle fibers can be 50% larger in elite
athletes and specific tension can decline by 20% after
several weeks of reduced levels of daily activity.

Because muscle fibers do not span the length from one
tendon to the other in most muscles, the force contributed
by a single muscle fiber to that exerted by a whole muscle
is influenced by the layers of connective tissue that bind
the fibers together. Consequently, it is now recognized that
the force generated by the cycling of crossbridges in a
single fiber is transmitted in both the longitudinal and the
lateral directions. Similar connections exist between mus-
cles, which means that the force applied by a single muscle
to the skeleton can be influenced by the activity of its
synergists.

2.2. Activation Rate

The force that a muscle fiber generates during a contrac-
tion depends on the rate at which it receives action
potentials, which corresponds to the discharge rate of
action potentials by the motor neuron. The action poten-
tial rate influences intracellular concentration of Ca2þ

and, thereby, the summation of force. In the resting state,
the contractile proteins in a muscle fiber are inhibited
from interacting by two regulatory proteins and the
trigger to remove the inhibition (Ca2þ ) is isolated in an
intracellular organelle. Action potentials cause Ca2þ to be
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released from its storage location, and the ensuing attach-
ment of Ca2þ to one of the regulatory proteins enables
crossbridge cycling and the generation of force. After each
action potential, the Ca2þ is returned to the storage
location and the inhibitory actions of the regulatory
proteins are re-established. The amount of Ca2þ released
from the storage location by a single action potential
produces a less-than-maximal availability of crossbridge
binding sites and, hence, a submaximal force. Because the
duration of each action potential is much briefer (B1ms)
than the time it takes to release and return Ca2þ to the
storage location (B30ms), multiple action potentials can
increase the intracellular concentration of Ca2þ to a level
that is necessary to achieve the maximal force.

The force generated by a muscle fiber in response to a
single action potential comprises a response known as the
twitch (Fig. 1a). The twitch is characterized by the mea-
surement of the time it takes to reach peak force (contrac-
tion time), the magnitude of the peak force (Pt), and the
time it takes the force to decay to one half of its peak value
(one-half relaxation time). Contraction times for human
motor units range from 20ms to 120ms, which has
resulted in motor units and muscle fibers being described
as slow twitch (long contraction times) and fast twitch
(short contraction times). Differences in contraction times
among motor units are due to variations in the enzyme
myosin ATPase (involved in the crossbridge cycle), the
rate at which Ca2þ is released and taken up by the
sarcoplasmic reticulum, and the arrangement of the mus-
cle fibers in the muscle.

The half relaxation time of the twitch response is
slightly longer than the contraction time, which means
that the time required to return to the baseline force is
about twice as long as the time to reach peak force.
Accordingly, the duration of the force response (twitch)
to a single action potential is much longer than the
duration of the muscle fiber action potential, and succes-
sive action potentials can evoke consecutive twitches that

are superimposed on one another. The result is a summa-
tion of twitches, a response known as a tetanus (Po), that
produces a force greater than the twitch force (Fig. 1c).
The peak force that can be achieved in a tetanus ranges
from 1.5 to 10 times greater than the twitch force. There is
a sigmoidal relation between the peak tetanic force and
the rate at which the muscle is activated by action
potentials (Fig. 1b).

2.3. Muscle Length

The force that a muscle fiber can generate varies with the
length of the fiber and the rate of change in fiber length.
The basic functional unit of the muscle fiber is the
sarcomere (Fig. 2a) because it comprises an adequate set
of contractile proteins to exhibit crossbridge cycling and
thereby can generate force. Its resting length is about
2.5 mm in humans. There is an optimal sarcomere length
at which crossbridge attachments are maximal and that
number declines at both shorter and longer sarcomere
lengths (8). At the optimal length (2.8 mm in Fig. 2a), the
overlap between the thick and thin filaments maximizes
the availability of binding sites on the thin filaments and
the crossbridges on the thick filament that are primed for
attachment. In a muscle fiber, sarcomeres are arranged in
series to form a myofibril and multiple myofibrils lie in
parallel to form the fiber. The number of sarcomeres in
series ranges from about 10,000 to 200,000 in human
muscle.

Changes in muscle fiber length influence both the
number of crossbridge attachments that can be made as
the thick and thin filaments slide past one another and the
force exerted by each crossbridge attachment. When the
length shortens, both factors contribute to a reduction in
muscle force relative to the force that can be achieved
when the muscle remains at an optimal length (Fig. 2b).
As the speed of the shortening contraction increases, there
is a continuous decline in peak force due to missed cross-
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Figure 1. Force responses of muscle to acti-
vation by action potentials. (a) The force
evoked in muscle by a single action potential
is known as a twitch. The twitch is character-
ized by the measurement of contraction time
(CT), peak force (Pt), and the one-half relaxa-
tion time (HRT). (b) The relation between
activation rate and muscle force is sigmoidal,
as shown for motor unit data from Macefield
et al. (15). (c) The rapid delivery of action
potentials (electromyogram, EMG) causes
twitches to be superimposed and produce a
force response known as a tetanus (Po). When
twitches overlap one another, the tetanic force
increase with the rate of activation. Examples
are shown of tetani elicited by activation rates
of 5, 20, and 80Hz (action potentials per
second).
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bridge attachments (right-hand side of Fig. 2b). Conver-
sely, stretching of an active muscle produces a force that
exceeds the value obtained at the optimal length (left-
hand side of Fig. 2b). This effect during lengthening
contractions is largely due to an increase in the force
produced by each crossbridge.

2.4. Supply of ATP

The crossbridge cycle comprises a sequence of actions
between the proteins actin (thin filament) and myosin
(thick filament). A critical element in this interaction is an
energy-rich molecule known as ATP. The part of the
myosin molecule that attaches to actin includes an ATP-
and an actin-binding site. Next to the ATP-binding site is
the enzyme myosin ATPase, which hydrolyzes ATP to
adenosine diphosphate (ADP) plus Pi and in the process
releases energy that drives the crossbridge cycle. There is
a strong relation between the maximal velocity that a
muscle fiber can shorten and its myosin ATPase activity
(9). Consequently, the assessment of myosin ATPase con-
tent is used as an index of contractile speed.

Multiple substrates can be used to provide the ATP
required for crossbridge function, including creatine phos-
phate (CP), muscle glycogen, and lipids. Although ATP
levels are maintained at a constant level during physical
activity, intense exercise can cause a slight decrease in
ATP that can contribute to muscle fatigue. Because the

free energy available from ATP hydrolysis declines with
increases in both pH and the ratio of ADP and Pi to ATP in
the myofibrils, one metabolic mechanism that can cause
muscle fatigue is an inability of ATP supply to match ATP
needs even when the level of ATP remains relatively
constant.

2.5. Muscle Fiber Types

Based on contractile and energetic properties, muscle
fibers can be classified into distinct types. There are two
main classification schemes. One scheme classifies muscle
fibers on the basis of myosin ATPase activity and identifies
type I, type IIa, and type IIx fibers. Type I fibers have
relatively low levels of myosin ATPase and are described
as slow twitch fibers. Conversely, type II fibers, both IIa
and IIx, have higher levels of myosin ATPase and are
characterized as fast twitch fibers. The two type II fibers
can be identified after preparation in different solutions
that distinguish the types of heavy chains in the myosin
molecules from each fiber. The heavy chain isoforms in the
two fibers that are associated with the type IIx fiber have a
greater maximal shortening velocity than the type IIa
fiber.

The other classification scheme distinguishes fibers on
the basis of their myosin heavy chain (MHC) composition.
The myosin molecule comprises light chains and heavy
chains, where chain refers to a sequence of amino acids. A
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Figure 2. The force capacity of muscle varies
with its length and rate of change in length. (a)
The sarcomere represents the basic functional
unit of muscle. It extends from one Z disk to the
next and comprises contractile proteins that are
arranged into the thick and thin filaments. A
muscle contraction involves the sliding of the
thick and thin filaments relative to one another,
which influences the amount of overlap between
the two filaments and the potential for cross-
bridge attachments. At an optimal length, overlap
is maximal and the force capacity of the sarco-
mere is greatest. The amount of overlap between
the filaments and force capacity of the sarcomere
declines at shorter and longer lengths. Adapted
from Gordon et al. (8). (b) The peak force that a
muscle can produce varies with the rate of change
in muscle length. The data, which were reported
by Edman (16), show the influence of contraction
velocity on peak force generated by muscle fibers.
The graph indicates that the peak force relative to
a zero velocity (isometric) contraction decreases
during shortening contractions (positive velocity)
and increases during lengthening contractions
(negative velocity). Furthermore, peak force de-
clines continuously as the shortening velocity
increases.
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protein can comprise slight variations in its amino acid
sequence, and these are known as isoforms of the protein.
There are several different isoforms of the MHC, which
seem to be related to the maximal shortening velocity of
the fiber. With the use of gel electrophoresis and densito-
metry, three types of muscle fibers have been identified:
MHC-Ia, MHC-IIa, and MHC-IIx. There is a high corre-
spondence among MHC-Ia, MHC-IIa, and MHC-IIx fibers
and I, IIa, and IIx fibers, respectively.

3. MOTOR UNIT FUNCTION

The motor unit population that forms a motor pool is
heterogeneous, due to the systematic variations in the
properties of both the motor neurons and the muscle fibers
that are described in the preceding sections. These sys-
tematic variations in the components of the motor unit
have made it possible to distinguish different types of
motor units and to use this framework to study motor unit
function during voluntary contractions.

3.1. Motor Unit Types

Burke et al. at the National Institutes of Health developed
the classic scheme for distinguishing motor unit types. In
a study on experimental animals, single motor neurons
were activated with brief electric stimuli and the contrac-
tion evoked in the muscle fibers innervated by the motor
neuron was measured (10). They found that two proper-
ties could be used to identify three types of motor units:
profile of a submaximal tetanus and fatigability. As shown
in Fig. 1b, activation of a motor unit at rates of around 10
to 80Hz produces tetani in which the summation of the
twitches is evident. When the interstimulus interval was
delivered at 1.25 � contraction time of the unit, the force
either increased progressively during a 2-s tetanus or it
exhibited a slight decline that appeared in the middle of
the tetanus or began soon after an initial peak force (Fig.
3). The decline in the tetanic force is known as the sag
property. Burke et al. classified motor units that exhibit
sag as type F units, whereas those with no sag were
referred to as type S units. Sag seems to be caused by a
transient reduction in the duration of the contractile state.

The other classification property was fatigability, which
was assessed as the capacity to produce force in response
to repeated activation of the muscle fibers. The fatigue test
involved repeated submaximal tetani that were evoked
once each second for several minutes. Each tetanus was
the response to 13 stimuli at 40Hz for 330ms. The tetanic
force corresponding to each 330-ms train of stimuli is
shown in the right-hand column of Fig. 3 as a vertical
line. Those units whose tetanic force did not decline or
decreased only slightly were described as fatigue resis-
tant. In contrast, motor units that exhibited a marked
decline in the tetanic force were characterized as fatig-
able. The decline in tetanic force was quantified as the
fatigue index, which was calculated as the force after 120 s
relative to the initial force. The fatigue index for the
fatigue resistant units was X0.75, whereas it was o0.25
for the fatigable units. Although fatigue can be caused by a
multitude of physiological impairments, the mechanisms

responsible for the fatigue that distinguishes between the
different types of motor units involve the coupling between
muscle activation and the contractile proteins and the
supply of energy for the activated muscle fibers.

On the basis of the sag and fatigue test, Burke et al.
(10) identified three types of motor units, as follows:

* Type S—very fatigue-resistant units with relatively
slow twitch contraction.

* Type FR—fatigue-resistant units with fast twitch
contraction.

* Type FF—fatigue-sensitive units with relatively fast
twitch contraction.

This classification matches those for muscle fibers: type S
motor units comprise type I muscle fibers, type FR motor
units innervate type IIa fibers, and type FF motor units
contain type IIb (similar to type IIx) muscle fibers. This
scheme has been used extensively to characterize the
properties of different muscles in a variety of species and
the changes that occur in response to a host of natural and
imposed interventions.

In contrast to the utility of the Burke et al. scheme for
studying muscle properties in experimental animals, hu-
man motor units cannot be categorized with this scheme.
For example, a study that used intraneural stimulation of
single motor axons with tungsten microelectrodes found
that sag was not present in human motor units and that
there was no difference between slow and fast contracting
motor units in peak tetanic force or fatigability (11).
Rather, it was possible to distinguish human motor units,
at least in forearm and hand muscles, on the basis of the
stimulus frequency required to evoke half the maximal
force. Due to the technical challenges associated with
intraneural stimulation, however, most studies on hu-
mans distinguish motor units based on the force at which
the motor unit is activated and begins to discharge action
potentials. This force is known as the recruitment thresh-
old, and distinctions are often made between motor units
with low recruitment thresholds and those with high
recruitment thresholds.

3.2. Recruitment and Rate Coding

The function of a motor neuron is to discharge action
potentials and to cause muscle fibers to contract. The force
that a muscle exerts during a contraction depends on the
number of motor units that are activated and the rates at
which they discharge action potentials. These two features
of motor unit activity are known as recruitment and rate
coding, respectively.

Despite the diversity in the properties of the motor
neurons and the muscle fibers, the functional organization
of the motor pool seems to obey some relatively simple
rules. Foremost among these rules is the Size Principle
(12), which states that the order in which motor neurons
are activated during a contraction proceeds from smallest
to largest. The recruitment order of motor units, therefore,
is relatively invariant and is dictated by the physical size
of the motor neuron and the intrinsic properties of the
motor neuron that are closely related to its size (4).
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Although several studies have attempted to identify con-
ditions, such as contraction speed and type, in which
recruitment order might violate the Size Principle, there
have been no consistent demonstrations that it does not
apply to all types of reflex and voluntary contractions.

The entire motor unit pool is rarely recruited during
activities of daily living. Rather, the number of motor
units recruited varies across tasks; nonetheless, the re-
cruitment order remains relatively fixed. Consequently,
type S motor units, which are slowly contracting and
fatigue resistant, are recruited during all contractions,
whereas type FF units, which are fast contracting and
fatigable, are recruited infrequently. Based on recordings
of daily EMG activity, it appears that 80% of the contrac-
tions performed with hand muscles and 50% of those
involving leg muscles during activities of daily activity
involved forces that were less than 10% of maximum,
which likely only required the recruitment of type S and
FR motor units. Thus, the motor units used most fre-
quently are those that are resistant to fatigue. The upper
limit of motor unit recruitment occurs at about 85% of
maximal force for most muscles.

To increase muscle force during a contraction, the
central nervous system increases the amount of synaptic
input that is delivered to the motor neuron pool. This has
two effects: It recruits additional motor units, and it
increases the discharge rates of those units that are
already active. The initial discharge rate of a motor unit
seems to vary with the task being performed. In some
studies, the initial discharge rate is 6–8 pps for all motor

units, whereas other studies find initial rates of 6 pps for
low threshold units and 20pps for high threshold units.
Similarly, peak discharge rates during steady isometric
contractions have been found to both increase and de-
crease with recruitment threshold and range from about
15 to 50 pps (13). Maximal discharge rates, however, can
achieve values up 100 pps during brief rapid contractions,
and these rates can double after several weeks of physical
training (14).

The rate at which a motor unit discharges action
potentials influences both the force that is achieved during
a contraction (Fig. 1b) and the rate of increase in force. For
example, Van Cutsem et al. (14) found that a doubling of
discharge rate was associated with an 80% increase in the
rate of increase in force during rapid, submaximal con-
tractions. Furthermore, when a motor unit is first re-
cruited, the coefficient of variation for discharge rate
(SD/mean � 100) is about 30%, and this value declines
exponentially to 10% as discharge rate increases (13),
which influences the force fluctuations during a steady
contraction.

Accordingly, the changes that occur in muscle perfor-
mance across the lifespan, such as variation in the fatig-
ability, power production, and strength capacity of muscle,
all involve adaptations in motor neurons, muscle fibers, or
both. Furthermore, changes in the ability to control
muscle force must also be realized by adaptations in the
motor unit because it is the final common pathway from
the nervous system to muscle.
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Figure 3. The properties of the three motor unit types as identified by Burke et al. (10). Left
column: the twitch force in response to a single action potential. Middle column: a submaximal
tetanus that comprises the summation of multiple twitches. When the peak force occurs early in
the tetanus and then declines, this corresponds to a sag response. Right column: a fatigue test that
demonstrates the capacity of a motor unit to produce force in response to several minutes of
intermittent activation. The type S motor unit has a slow contracting twitch, an absence of sag, and
an ability to resist fatigue. The type FR motor unit has a fast contracting twitch, a sag response
during the submaximal tetanus, and a relative resistance to fatigue. The type FF unit has a fast
contracting twitch, a sag profile, and an inability to resist fatigue. Adapted from Burke et al. (10).
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MRI SAFETY

TERRY O. WOODS

FDA Center for Devices &
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1. INTRODUCTION

The first MRI scanners were approved by the U.S. Food
and Drug Administration (FDA) in 1984. These first
scanners were whole-body scanners with field strengths
of 0.60T (tesla) or less. The medical community rapidly
adopted this imaging technology because it provides high-
quality diagnostic information with typically very low
risk. Because image quality is directly dependent on the
magnetic field strength (B), there has been a rapid and
ongoing effort to develop systems with ever increasing
magnetic field strengths. Demands for higher image re-
solution, for dynamic real-time imaging, and for decreased
scan times have resulted in the development of systems
with field strengths and temporal and spatial gradients
many times greater than those present in the first com-
mercial systems. In 2002, the first 3T whole-body system
was cleared for market. Currently, 1.5-T systems are by
far the most common; however, the use of 3T scanners is
spreading. Experimental whole-body systems with field
strengths of at least 8T and smaller bore research systems
with fields of more than 11T have been constructed.

In the late 1990s, the first interventional magnetic
resonance (MR) procedures were conducted. These proce-
dures, performed in or near the MR scanner, place de-
mands for MR safety on surgical instruments and support
devices like monitors and anesthesia equipment. Inter-
ventional MR procedures were first applied to the brain,
and the neurological community has led the development
of this area. As the value of interventional MR in neuro-
surgical procedures was demonstrated, applications have
spread to the musculoskeletal system and to the cardio-
vascular system, where the need for high-resolution dy-
namic imaging is a major driving force for the
development of faster systems with higher resolution.
Growing interest in MR imaging and interventional pro-
cedures in an ever increasing range of medical specialties
will result in even greater numbers of patients who will be
exposed to an MR system. Interventional procedures have
also increased in complexity from the first simple needle
biopsies to extensive procedures that require a broad
range of sophisticated medical devices. The expansion in
the number of medical specialties using MR and the
increase in sophistication of the procedures performed
under MR guidance is rapidly increasing the range of
accessory medical devices that will be brought into the MR
environment and that must be demonstrated to be safe in
that environment. This expansion of the technology is
demanding the production of entire surgical suites of MR
safe equipment.

Because the magnetic fields present in MR scanners
are so large, the MR environment produces several unique
safety and compatibility issues for medical devices and

other equipment. The safety issues are due both to the
large magnitude of the magnetic fields and the fact that
the magnetic field is not visible. For instance, the mag-
netic field in a 1.5-T MRI scanner is more than 26,000
times the magnitude of the Earth’s magnetic field. In
addition, unlike all other medical imaging systems, the
magnetic field is always ‘‘ON,’’ even when the machine is
not actively scanning.

The major safety issues affecting devices in MR are
magnetically induced displacement force and torque,
radio-frequency (RF) heating, gradient-induced nerve sti-
mulation, acoustic noise, image artifact, and for electri-
cally active devices, electromagnetic compatibility (EMC)
and electromagnetic interference (EMI). These issues
must be evaluated for medical devices and other equip-
ment that range in complexity from an IV pole to implants
like intracranial aneurysm clips and deep brain stimula-
tors, and to support equipment like anesthesia gas ma-
chines and patient monitors. Unfortunately, adverse
events ranging from deaths caused by magnetically in-
duced torques and forces, to third-degree burns, to useless
images containing voids caused by the presence of mag-
netic materials in or on the body, have occurred in the
past. Also, there have been severe burns caused by contact
with super-cooled fluid released during a quench of the
cryogens (super-cooled liquid helium and nitrogen) from
the MR system (1). (A quench is the rapid release of liquid
cryogens performed when it is necessary to shut down the
magnetic field in a superconducting magnet.) Other MR-
related safety issues will not be discussed in this article,
including those relating to auditory safety issues resulting
from gradient strength changes at auditory frequencies in
the presence of a strong static background magnetic field,
MR contrast agent safety, issues relating to safety of
patient monitoring during MR imaging, and issues relat-
ing to the safety of patient sedation and anesthesia during
MR imaging.

Although serious accidents are not common, they do
continue to happen. Organizations including the FDA,
American College of Radiology (ACR), ASTM Interna-
tional, the Radiological Society of North America
(RSNA), International Society for Magnetic Resonance in
Medicine (ISMRM), International Electrotechnical Com-
mision (IEC), International Committee on Non-Ionizing
Radiation Protection (ICNIRP), the National Electrical
Manufacturers Association (NEMA) MR Technical Com-
mittee, and ECRI (formerly the Emergency Care Research
Institute) are actively working to increase MR safety
through publications, courses, websites, and standards
development activities (2–4). The American College of
Radiology White Paper on MR Safety and its 2004 update
gives MR Safe Practice Guidelines that are intended to be
used as a template for MR facilities to follow in developing
an MR safety program. It includes considerations of site
access, training for MR and non-MR personnel, and
screening for patients and other individuals (5,6). The
ACR also operates an MRI certification program to ensure
the performance and safety of MRI sites in the United
States. A list of websites containing information relating
to MR safety is given in the Reading List.

1
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2. STANDARDS DEVELOPMENT

From the first Premarket Approval applications for MRI
scanners in the early 1980s, the FDA and MR system
manufacturers recognized that MR systems produce spe-
cial safety concerns, and the applications contained sec-
tions that addressed the problem of safety in the MR
environment. As the result of a fatal accident in 1992 (7),
the FDA’s Center for Devices and Radiological Health
(CDRH) convened a group to investigate the accident.
This group eventually became the CDRH MR working
group whose purpose is to serve as a resource for MRI
safety information for CDRH reviewers. In February 1997,
the CDRH Office of Device Evaluation adopted a policy
requiring manufacturers of implanted medical devices to
provide labeling informing the patient and medical per-
sonnel about any potential hazards that MR imaging may
have as a result of the implant. The CDRH first proposed
definitions for MR safe and compatible in ‘‘A Primer on
Medical Device Interactions with Magnetic Resonance
Imaging Systems,’’ which was released for comment in
February 1997 (8). The definitions were published in the
ASTM Standard Test Method for Evaluation of MR Arti-
facts from Passive Implants (ASTM F2119) in 2001 (9).
Because of confusion in the application of the definitions
for MR safe and compatible, the ASTM MR task group
developed a new set of terms with associated icons. The
new terminology was published in ASTM Standard Prac-
tice for Marking Medical Devices and Other Items for
Safety in the Magnetic Resonance Environment (ASTM
F2503-05) in August 2005 (10).

The NEMA standard test measurement method for
acoustic noise, MS-4, was published in 1989 (11). The
standards for measurement of dB/dt (MS-7) and specific
absorption rate (SAR) (MS-8) were published in 1993
(12,13). The first standard that described a test method
for determining MR safety for an implant was the ASTM
International Standard Specification for the Require-
ments and Disclosure of Self-Closing Aneurysm Clips
(F1542-94), published in 1994 (14). However, this stan-
dard was incomplete, because it addressed only the mag-
netically induced displacement force. In 1997, the FDA
requested that the ASTM develop suitable test methods
and guidance to address safety and effectiveness issues for
medical devices in the MR environment. In 1998, the
ASTM Committee F04 on Medical and Surgical Materials
and Devices, Subcommittee 15, Material Test Methods,
formed a task group to develop standards addressing MR
safety and compatibility of implant materials and medical
devices.

The first MR test method developed by ASTM Interna-
tional, F2052-00, Standard Test Method for Measurement
of Magnetically Induced Displacement Force on Passive
Implants in the Magnetic Resonance Environment, was
published in 2000. In 2002, the displacement force test
method was revised to make it appropriate for all medical
devices and was published as F2052-02 (15). Three more
MR standards have been published: ASTM F2119-01 for
evaluating image artifacts, ASTM Standard Test Method
for Measurement of Radio Frequency Induced Heating
Near Passive Implants During Magnetic Resonance Ima-

ging (F2182-02a), and ASTM Standard Test Method for
Measurement of Magnetically Induced Torque on Medical
Devices in the Magnetic Resonance Environment (F2213-
04) (16,17). To publish needed test methods as quickly as
possible, the scope of all MR test methods was initially
limited to passive implant devices. However, the ASTM
group is actively working to revise the test methods to
extend their scopes to cover electrically active implants
and active and passive devices that are not implants.
These documents are the only published standards that
define general test methods to address safety and compat-
ibility of medical devices in the MR environment.

ISO 9713, Neurosurgical implants—Self-closing intra-
cranial aneurysm clips, requires MR testing to determine
magnetically induced forces and torques and image arti-
facts, but it gives no test methods (18). IEC 60601-2-33,
Part 2: Particular Requirements for the Safety of Magnetic
Resonance Equipment for Medical Diagnosis, defines op-
erating limits for MR scanners (19). In particular, it
defines safety limits for dB/dt and for SAR in the head,
whole body, and local tissue. These limits are intended to
minimize peripheral nerve stimulation and define the
allowable amount of RF-induced heating (20).

2.1. Terminology

The definitions published in ASTM F2119 state that a
device is considered MR safe if it presents no hazards to
the patient or other individuals. An MR compatible device
is MR safe and does not significantly affect the diagnostic
information nor have its operations affected by the MR
scanner. For both definitions, the MR conditions in which
the device was tested must be specified because a device
that is found to be safe or compatible under one set of
conditions may not be found to be so under more extreme
MR conditions. This is a particularly important warning
currently because most devices that are claimed to be MR
safe or compatible have been tested in 1.5T scanners. With
the introduction of 3T scanners with more powerful RF
and gradient systems, it is likely that some devices that
were safe or compatible in a 1.5T system will no longer be
safe or compatible in a 3T scanner.

Unfortunately, there has been a great deal of confusion
surrounding the terms ‘‘MR safe’’, and ‘‘MR compatible’’.
Users often incorrectly assume that items labeled ‘‘MR
safe’’ or ‘‘MR compatible’’ are safe or compatible for any
MR environment. The test field conditions are not always
included with the terms ‘‘MR safe’’ and ‘‘MR compatible’’.
However, MR environments for different systems vary
substantially in terms of magnetic field strength, gradi-
ent, and RF conditions. In clinical scanners, static mag-
netic field strengths vary from a fraction of a tesla to 3T.
Spatial gradients vary with the type of scanner. The fields
in open MR scanners are different than those in closed
bore systems. Therefore, an item tested under one set of
conditions may be affected differently by the conditions in
another MR environment. Some devices labeled ‘‘MR safe’’
and ‘‘MR compatible’’ using the historical definitions have
gauss line restrictions or RF pulse sequence limitations
that must be adhered to in order to safely use the device in
the MR environment. As a result, it is impossible to
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definitively certify a device as ‘‘MR safe’’ or ‘‘MR compa-
tible’’ without also specifying the conditions under which
the device was tested.

In an effort to eliminate this confusion, a new set of
terms that define the safety of an object in the MR
environment was published in ASTM F2503-05 (10).
Even though it is generally unwise to change the defini-
tion of a term, representatives from across the MR com-
munity, including the clinical community, MR system
manufacturers, accessory device manufacturers, and gov-
ernment agencies, have concluded that the risk caused by
the misuse of the historical definition is greater than any
risk caused by changing the definition of MR safe to be in
line with the way it is often currently interpreted.

The new terms, ‘‘MR Safe’’, ‘‘MR Unsafe’’, and ‘‘MR
Conditional’’ together with the corresponding icons are
defined as follows:

MR Safe—An item that poses no known hazards in all
MR environments.

NOTE 1—Safe items include nonconducting, nonmag-
netic items such as a plastic Petri dish. An item may
be determined to be MR Safe by providing a scien-
tifically based rationale rather than test data (10).

MR Conditional—An item that has been demonstrated
to pose no known hazards in a specified MR envir-
onment with specified conditions of use. Field con-
ditions that define the specified MR environment
include field strength, spatial gradient, dB/dt (time
rate of change of the magnetic field), RF fields, and
SAR. Additional conditions, including specific con-
figurations of the item, may be required (10).

MR Unsafe—An item that is known to pose hazards in
all MR environments.

NOTE 2—MR Unsafe items include magnetic items
such as a pair of ferromagnetic scissors (10).

In addition to the terms, the standard introduces
corresponding icons, consistent with international stan-
dards for colors and shapes of safety signs. The icons,
shown in Table 1, are intended to be used on items that
may be brought into or near the MR environment as well
as in product labeling. The icons may be reproduced in
color or in black and white; however, the use of color is
encouraged because of the added visibility. The MR safe
icon consists of the letters ‘‘MR’’ in green in a white square
with a green border, or the letters ‘‘MR’’ in white within a
green square. The MR conditional icon consists of the
letters ‘‘MR’’ in black inside a yellow triangle with a black
border. The MR unsafe icon consists of the letters ‘‘MR’’ in
black on a white field inside a red circle with a diagonal
red band.

Under the new definition, an item that is MR Safe
causes no known harm in any MR environment, meaning
that it can be taken into and used in any MR environment.
(Harm is defined as physical injury or damage to the
health of people, or damage to property or the environ-
ment.) An item that is MR Unsafe can cause harm in all
MR environments. The MR Unsafe marking is intended to
warn anyone who sees the marking that the object is

known to potentially result in harm or injury or to produce
situations that could result in harm or injury.

An item that is MR Conditional has been shown to
cause no known harm in a specific MR environment under
the listed conditions. For MR Conditional items, the item
labeling will include results of testing sufficient to char-
acterize the behavior of the item in the MR environment.
In particular, testing for items that may be placed in the
MR environment should address magnetically induced
displacement force and torque and RF heating. Other
possible safety issues include, but are not limited to,
thermal injury, induced currents/voltages, electromag-
netic compatibility, neurostimulation, acoustic noise, in-
teraction among devices, and the safe functioning of the
item and the safe operation of the MR system. Any
parameter that affects the safety of the item should be
listed, and any condition that is known to produce an
unsafe condition must be described. The MR Conditional
marking is meant to emphasize to the user that there are
limits on the testing that has been performed on a given
item and that the marked field conditions should be
compared with those of the user’s MR system to determine
whether the item can safely be brought into the user’s MR
environment (10).

3. STATIC MAGNETIC FIELD EFFECTS ON HUMAN
HEALTH

Little research has been conducted to investigate possible
adverse health effects of static magnetic fields. In April
2004, the World Health Organization (WHO) and the
International Commission on Non-Ionizing Radiation Pro-
tection (ICNIRP), with the support of the United Kingdom
Department of Health and the Health and Safety Execu-

Table 1. Requirements for Colored MR Icons.

Icon Geometric Shape and Appearance Meaning

MR Safe

MR Conditional

MR Unsafe

or

A square

An equilateral triangle with radiused
outer corners

A circle with a diagonal bar

Reprinted, with permission, from ASTM F2503 (10).
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tive, sponsored a Workshop to review the current status of
high magnetic field technologies and examine possible
health implications of high static magnetic field exposure
(21). In 2005, Progress in Biophysics and Molecular
Biology published a special issue containing the papers
presented at the Workshop (22). The papers addressed
exposure of patients, both adults and children, with
special attention to pregnant women and fetuses, health-
care workers, including personnel involved in interven-
tional MRI, and workers in industries that manufacture
high field strength magnets. The Workshop concluded
that MRI has produced large benefits for patients. Re-
search indicates that short-term exposures of up to about
2T should be safe. Both the papers from the WHO Work-
shop and additional research on the effects of magnetic
fields on living tissue and human subjects indicate that
there is currently no knowledge of any mechanism that
would cause adverse health effects as a result of long-term
exposure to high magnetic fields (23–32). However, no
studies of humans or animals would reveal any long-
term health consequences caused by exposure to magnetic
fields of any strength. Therefore, the WHO is developing a
research agenda that will provide data on the effects of
magnetic field exposure on humans, although they em-
phasize that they do not recommend that the use of high
magnetic field technologies be restricted until the re-
search that assures safety has been completed (21).

Based on ongoing experience in the field, and numerous
reviews of the safety literature, the FDA issued in 2003
the Guidance document ‘‘Criteria for Significant Risk
Investigations of Magnetic Resonance Diagnostic De-
vices.’’ This guidance determined no significant risk for
magnetic field exposures up to 8-T of humans more than 1
month old. Other humans (neonates less than 1 month of
age) experience no significant risk for magnetic field
exposures up to 4-T (33).

4. MRI CHARACTERISTICS THAT AFFECT SAFETY

4.1. Static Field Effects

The MRI static field acts on magnetic materials to produce
magnetically induced displacement forces and torques. All
materials are either ferromagnetic, paramagnetic, or dia-
magnetic. ASTM F2052 defines a ferromagnetic material
as a material whose magnetic moments are ordered and
parallel that produce magnetization in one direction: a
paramagnetic material as a material with a relative
permeability that is slightly greater than unity, and that
is practically independent of the magnetizing force, and a
diamagnetic material as a material that has a relative
permeability less than unity. The relative permeability km,
is the ratio of the magnetic field B to the magnetic field
intensity or auxiliary magnetic field H or km¼B/H. Iron,
cobalt, and nickel are the most common ferromagnetic
materials (34). Permanent magnets generally contain one
or more of these elements. Magnetic susceptibilities for
even the most weakly magnetic ferromagnetic materials
are orders of magnitude greater than the magnetic sus-
ceptibilities of paramagnetic and diamagnetic materials
(35). Titanium is one of the most common paramagnetic

materials used in implants. Aluminum and platinum are
also paramagnetic. Most nonmetals and many other me-
tals, for instance, copper, are diamagnetic (34).

Anything made of stainless steel should be carefully
evaluated to determine whether it is safe in the MR
environment. Some stainless steels are ferromagnetic,
whereas others are paramagnetic. Ferromagnetic materi-
als are MR Unsafe, whereas paramagnetic materials may
be safe under specific conditions and so could be marked
as MR Conditional. In particular, martensitic and ferritic
stainless steels, like the 400 series Class 4 martensitic
stainless steel and the Class 6 ferritic stainless steel in
ASTM Standard Specification for Stainless Steel for Sur-
gical Instruments (F899), are ferromagnetic and therefore
are MR Unsafe (36). The cast stainless steels specified in
F745 may also be ferritic (37). Austenitic stainless steels,
including those specified in ASTM standards F138, F139,
F1314, F1350, and F1586, and the Class 3 austenitic
stainless steels in ASTM F899 (36,38–42), are paramag-
netic at room temperature (43) and may be marked ‘‘MR
Conditional’’ for some MR applications (44).

Heat treatment and cold work of austenitic stainless
steels during device manufacturing can produce regions of
ferrite or martensite that will make the device unsafe in
the MR environment (34,45–48). Cold working 316 stain-
less steel, a material commonly used in medical devices,
can increase its susceptibility from 0.003 to 9 (43), trans-
forming it from a paramagnetic material to a ferromag-
netic material that is unsafe in the MR environment.
Laser cutting nitinol, as is done during the production of
some stents, produces highly magnetic nickel-rich regions
in the heat affected zone at the cut surface. If these regions
are not removed during further processing steps after the
cutting, the resulting nitinol device could contain enough
nickel-rich material to increase the image artifact or, in a
worst case, make it unsafe in the MR environment (49).
Because these and other manufacturing processes can
drastically alter the magnetic properties of the material,
it is critical that MR safety testing be performed on
finished devices. Other factors that should be considered
in determining the appropriate number of samples and
frequency of MR safety testing are lot-to-lot variation in
the magnetic properties of the starting materials and the
effects of manufacturing process changes on the magnetic
properties of the finished device.

4.1.1. Torque. The static magnetic field produced by
the imaging magnet produces a torque on an object that
acts to align the long axis of the object with the magnetic
field, just as a compass needle aligns itself with the
Earth’s magnetic field. This effect has been identified as
the cause of death of at least one patient in the MR
environment. A patient with an intracranial aneurysm
clip had entered the MR scan room, but had not entered
the bore of the 1.5-T scanner, and so had not entered the
region of the greatest static field. Klucznik et al. report
that imaging studies and autopsy results suggest that the
magnetically induced torque caused the aneurysm clip to
rotate, tearing an adjacent artery that caused the patient
to hemorrhage and die (7). Testing of the aneurysm clip
after the autopsy showed strong deflection force and
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torque at the bore of the magnet. Although it is difficult to
determine whether the torque alone was responsible for
the patient’s death, it is clear that her death was caused by
the effects of the static magnetic field on the aneurysm
clip. The static field produces both a magnetically induced
torque and a deflection force that is discussed in the next
section.

The magnetically induced torque is a function of the
magnetic field strength, the material properties, and the
geometry of the magnetically active object. It is related to
the geometry, composition, distribution of mass, and mag-
netic properties of the object and the strength of the
magnetic field. The torque may be written as T¼m � B,
where m is the dipole moment and B is the magnetic field
(50). (The dipole moment is a vector used to quantify how
much torque a magnetic dipole will experience in an
external magnetic field. It is a property of the object that
results from the rotation of protons and neutrons about
the nuclei of its constituent atoms.) So, for an object with a
given dipole moment, the maximum magnetic torque
produced on an object will occur when the object is in
the location where the magnetic field strength is greatest,
that is, in the imaging volume in the center of the MR
scanner.

For an MRI scanner with a horizontal magnetic field,
which is the case for most, but not all scanners, the torque
may have components in both the vertical direction and in
the horizontal plane perpendicular to the direction of the
static field (44). It is very important to note that although
the direction of B is always in the same direction for a
given MR scanner, the direction of m varies as the
orientation of the device varies with respect to the scan-
ner. So, as the orientation of an object changes with
respect to the scanner, the magnitude of the torque (and
the magnitudes of the components of the torque in the
vertical and horizontal directions) will change.

A spherically symmetric object has no ‘‘main axis,’’ and
there will be no preferred orientation with the magnetic
field and no torque experienced, even if the object has
substantial (but uniform) magnetic susceptibility. How-
ever, a spherically symmetric object will experience a
magnetically induced displacement force and could pre-
sent a projectile hazard.

Several methods have been used to measure the mag-
netically induced torque. ASTM F2213 gives a standard
method for measuring the magnetically induced torque on
medical devices (17). The method in F2213 uses a torsional
pendulum to measure the magnetically induced torque
(Fig. 1). The device is placed on a holder suspended on a
torsional spring. The device is oriented with one of its
principal axes in the vertical direction. The measurement
fixture is placed in the center of the MR scanner where the
field is a maximum. The torque is determined by measur-
ing the angular deflection of the holder from its equili-
brium position. The magnitude of the torque t¼ kDy,
where k is the spring constant of the torsional spring
and Dy is the deflection angle of the holder from the
equilibrium position. The frame holding the spring and
holder is rotated through 3601, and the torque as a
function of the angle of the implant is determined. The
process is repeated for the other two principal axes of the

device to determine the maximum torque. If the maximum
magnetically induced torque is less than the product of the
longest dimension of the implant and its weight, then the
magnetically induced torque is less than the worst-case
torque on the implant due to gravity. For this condition, it
is assumed that any risk imposed by the application of the
magnetically induced torque is no greater than any risk
imposed by normal daily activity in the Earth’s gravita-
tional field (17).

4.1.2. Displacement Force. A magnetic displacement
force is produced when a magnetic object is exposed to a
spatial gradient in a magnetic field. This force produces
the ‘‘projectile effect’’ familiar to anyone who has held a
magnet near a paper clip or other small magnetic object.
Even though this magnetic field effect is well known to
virtually everyone, serious accidents caused when mag-
netic objects become projectiles in the extremely large
magnetic fields around MR scanners continue to happen.
In part, this is due to the fact that the field strength and
gradient fields in MR scanners are many times greater
than the magnetic fields to which most people are accus-
tomed. For instance, the field strength in a 3-T scanner is
more than 50,000 times the Earth’s magnetic field
strength.

Objects ranging from scissors and IV poles to forklift
tines and ‘‘sandbags’’ containing steel shot have been
pulled into MR scanners, sometimes causing serious in-
juries. A patient lost the vision in one eye when an iron
filing in his eye was displaced by a scanner’s magnetic
field (51). It is not always possible to visually identify
objects that can become projectiles in a magnetic field. A
pillow containing coil springs that were not detected
during pre-scan screening by a hand-held magnet was
attracted into an MR scanner, fortunately without causing
any injuries (52). Later measurements showed that 16% of
the mass of the pillow consisted of metal. Experiments
were performed to determine velocities developed by
objects moving from the creep point (the point furthest
from the magnet at which the object would accelerate
within 30 s of being placed there) into the bore of the 1.5-T
scanner. The 1-kg pillow reached a maximum velocity of
33.7 km/h after undergoing a maximum acceleration of
9.9-g, whereas a 91-g metal glasses case reached a max-
imum velocity of 77.8 km/h (52).

Numerous accidents have occurred when gas cylinders
were pulled into MR scanners. In July 2001, a child
undergoing an MR scan was killed when he was struck
in the head by an oxygen bottle that was pulled into the
scanner (53). This accident occurred the same month an
article was published presenting five projectile cylinder
accidents that had taken place in two institutions, four of
which had occurred in the previous 3 years. The authors
suggested that in spite of MR safety education, projectile
cylinder accidents may be increasing because more pa-
tients are being scanned while they are on life support
systems (54). In spite of increased awareness of the
hazards of gas cylinders in the MR environment, these
accidents continue to occur. In 2004, the report of another
oxygen cylinder projectile accident was published. In this
incident, an ‘‘H’’ –type oxygen cylinder was pulled into
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contact with the scanner, injuring a technologist assis-
tant’s arm. The system had to be quenched so that the
patient could be safely removed from the patient table.
Estimated costs of this accident were more than $121,000
and 34 hours of MR scan time (55).

Large magnetic fields can also affect the operation of
devices. At least one patient with an implanted cardiac
pacemaker died when the MR system interrupted the
functioning of the pacemaker, and an implanted insulin
infusion pump was found to be nonfunctional after being
exposed to an MR scanner (56,57). Work in our laboratory
has shown that the flow rate produced by some portable
oxygen regulators is altered at the entrance to the bore of
a 2-T MR scanner (58). Another investigator reports that
he has documented variation in the rates of flow of oxygen
through the regulator on a portable MR-safe oxygen
delivery unit that was dependent on the orientation of
the regulator/cylinder assembly relative to the static
magnetic field of the MR scanner (59).

The magnetically induced displacement force F is a
function of the magnitude of the magnetic field gradient
and the magnetic moment of the object (which is a func-
tion of the object’s magnetization and volume). Or,
F¼rðm .BÞ, where m is the dipole moment and B is the
magnetic field (50). As the magnetization M is propor-
tional to m, it is also true that F / rðM �BÞ. For diamag-
netic and paramagnetic materials and for ferromagnetic
materials below their magnetic saturation point, the
magnetically induced force is proportional to the product
of the magnetic field strength and the gradient of the
magnetic field strength (jBj jrBj) (60). For ferromagnetic
materials that have reached saturation, the force is pro-
portional to the gradient of the magnetic field strength rB
(60).

As a result, the location of the maximum displacement
force is not at the same location in a given scanner for all
objects. The maximum displacement force is at the loca-
tion of the maximum spatial gradient for saturated ferro-
magnetic materials. For most objects that will be tested
(paramagnetic, diamagnetic, and unsaturated ferromag-
netic materials), the maximum deflection occurs at the
location of the maximum product of the magnitudes of the

spatial gradient and the field strength. Hence, it is
necessary to determine these two locations for each MR
scanner. Magnet system designers often incorporate
shielding, which contains the field within a smaller vo-
lume around the magnet. This shielding can produce
greater gradients in the magnetic field, which will produce
greater displacement forces on magnetic objects. It is
possible for a low field strength shielded magnet to
produce a greater displacement force than an unshielded
high field strength magnet. Shielding can also complicate
the spatial distribution of the field and its gradient. For a
scanner with a horizontal static field Bo along the long
axis of the magnet, the maximum spatial gradient should
occur parallel to the field direction, near or inside the
entrance to the magnet bore, because the field lines run
parallel to the long axis until they reach the portal of the
magnet and then begin to bend around in directions
perpendicular to the long axis.

The magnetically induced deflection force may be mea-
sured using the method described in ASTM F2052 (15).
This type of method was first described by New et al. in
1983 (61). In the method, the test device is suspended by a
fine string at the point in the field that produces the
greatest deflection (Fig. 2). The point of maximum deflec-

Torsional spring

Device holder

Turning knob
Figure 1. Apparatus for measuring magne-
tically induced torque as specified in ASTM
F2213. The turning knob rotates the torsional
spring and device holder. Reprinted, with
permission, from ASTM F2213 (17).

�

Bo

Figure 2. Deflection force test fixture mounted on the patient
table of an MR scanner. Fixture may need to be offset to place test
device in location of maximum deflection. Reprinted, with permis-
sion, from ASTM F2052 (15).
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tion should be verified for each device. Depending on the
material composition of the device, as described above, the
test position will be either the location of maximum
spatial gradient or the location of the maximum product
of the magnitudes of the spatial gradient and the magnetic
field strength.

To perform the test, the angular deflection of the string
from the vertical is measured. The deflection force Fm is
calculated as Fm¼mg tana, where m is the mass of the
device, g is the acceleration due to gravity, and a is the
angle between the string and the vertical direction. If the
device deflects less than 451, the deflection force is less
than the force imposed on the device by gravity (the
device’s weight). If the deflection force is less than the
device’s weight, it is assumed that any risk imposed by the
application of the magnetically induced deflection force is
no greater than any risk imposed by normal daily activity
in the Earth’s gravitational field (15).

4.2. RF Heating

RF heating is heating of the body produced by currents
induced by the RF excitation pulses applied during scan-
ning. The FDA follows the IEC60601-2-33 guidelines for
acceptable levels of RF heating during clinical scanning.
The rate at which RF energy is deposited in tissue is
defined as the SAR, which is measured in units of watts
per kilogram (W/kg). The SAR is a function of the fre-
quency, type, and number of the RF pulses; the duration
and repetition rate of pulses; and the type of transmission
coil. SAR increases approximately as the square of the
frequency. It is also influenced by the conductivity and
specific gravity of tissue, the region of the body to be
examined, and the patient’s mass and the tissue type.
Current FDA guidance limits SAR whole-body exposure to
2.0W/kg for a 6-minute averaging time in the normal
operating mode (mode of operation in which none of the
outputs have a value that may cause physiological stress
to patients) and 4.0W/kg for a 6-minute averaging time in
the first level controlled operating mode (mode of opera-
tion in which one or more outputs reach a value that may
cause physiological stress to patients, which needs to be
controlled by medical supervision).

The potential for RF-induced heating is greatly in-
creased by the presence of metallic implants or other
medical devices, particularly long, thin objects like leads
for neurostimulators or pacemakers (62). Patients have
been burned severely when they were positioned impro-
perly within an MR scanner so that conductive loops were
formed, for instance, when clasping their hands together,
or when lying so that the thighs and knees were not in
contact, but there was a small point of contact between the
patient’s calves. In 2004, after incidents occurred at two
Irish hospitals, the Irish Medicines Board issued a Safety
Notice warning of the potential for problems including
artifact, sparking, and burns associated with the use of
cervical halo traction devices (63). Many burns have been
reported involving leads that were coiled to produce loops
and then were allowed to touch the patient inside the
scanner. Also, many incidents have involved burns asso-
ciated with devices including pulse oximeters, ECG elec-

trodes, and MR accessory array coils. The incidents
include several where patients experienced burns severe
enough to require skin grafts or amputation of portions of
fingers or toes (64–67).

An increasing number of patients have electrically
active implants containing leads. These devices include
cardiac pacemakers, implantable cardioverter defibrilla-
tors (ICDs), and neurostimulators. In the United States,
about 200,000 pacemakers and tens of thousands of ICDs
are implanted each year, and the numbers of implanted
neurostimulators are increasing rapidly. Current pace-
maker and ICD labeling cautions the physician against
the use of MRI, and MRI of pacemaker and ICD patients is
contraindicated by MRI manufacturers because of serious
concerns for tissue damage, induced arrhythmias, and
EMC. In particular, there are concerns about heating,
arrhythmogenesis, and EMC-related proper device func-
tion during and after MRI and long-term and cumulative
effects of heating as a result of multiple MR scans (68).

Although recent studies have indicated that patients
with pacemakers and ICDs can be scanned safely under
carefully controlled conditions (69–71), these and other
electrically active implants can pose life-threatening risks
during an MR scan. Extreme care must be taken if a
decision is made to scan a patient with an electrically
active implant. In 2003, a patient with an implanted
neurostimulator for Parkinson’s disease was scanned
with a body coil, even though the implant labeling indi-
cates that whole-body coils should not be used because of
potential risks caused by heating around the neurostimu-
lator or lead electrodes. The scan produced a thermal
lesion around the intracerebral electrode contacts that
left the patient comatose and with a severe permanent
disability (72).

As with torque testing, several methods have been used
to determine RF heating. ASTM F2182, a test method for
measuring RF-induced heating of passive implants, was
published in 2002 (16). This method is the only published
standard test method for determining RF-induced heating
of medical devices. Work is continuing to expand the
method to be applicable to electrically active devices.

To perform F2182, the implant is placed in a gelled
saline phantom that simulates the electrical and thermal
properties of the body (Fig. 3). The phantom is placed in an
MR scanner and subjected to an RF field with SAR of at
least 1W/kg averaged over the volume of the phantom.
The temperature rise at worst-case locations on or near
the implant is measured during at least a 15-minute scan.
Some experimentation is required to determine the worst-
case locations, both for the device within the phantom and
for the temperature probes on or near the implant (Fig. 4)
(16).

A recent paper by Baker et al. (73) questions the
current practice of using displayed SAR to guide phan-
tom-based MRI safety recommendations regarding heat-
ing of medical devices such as implants because displayed
SAR estimates are typically valid only for humans, may
conservatively overestimate SAR, and may differ across
manufacturers. They reported significantly different SAR
estimates from two different MR systems under similar
scan conditions. The FDA is working with ASTM to design
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and implement an SAR comparison protocol for different
MR systems to better assess the magnitude of the pro-
blem. The results of the study will provide data that can be
used to clarify the range of MR systems and scan se-
quences for which a given measurement made using
F2182 is valid. The results will also help to guide the

ongoing effort to revise F2182 to make it applicable to
active implants. As part of the evaluation of an implant for
RF heating, it may be necessary to directly measure SAR,
or to measure or otherwise calculate the root mean square
of the RF magnetic field as a rough way to bound SAR.

4.3. Image Artifact

In MR images, artifacts may appear as void regions where
no signal is observed or as geometric distortions of the true
image (43). There are three primary mechanisms for
production of an MR imaging artifact by an implant
(74,75). A ferromagnetic material may produce a static
field in addition to the uniform magnetic field produced by
the magnet. This will perturb the relationship between
position and frequency that is essential for accurate image
reconstruction (74). Magnetic objects may produce appre-
ciable distortion if they have a magnetic susceptibility
sufficiently different than that for tissue. The presence of
such objects can lead to macroscopic imperfections of the
magnetic field that lead to nonparallel flux lines (75). The
extent of the artifact depends on the magnetic suscept-
ibility, mass, shape, orientation, and position of the object,
as well as the method used for image processing. Finally,
an implant may exhibit an induced eddy current due to
the incident RF magnetic field. This will alter the RF field
near the implant, thereby creating distortion. The extent
of this artifact depends on the factors listed above as well

as the conductivity of the implant. In addition, electrically
active devices in the MR procedure room can produce RF
noise that may appear as static on the MR image. This RF
noise is a result of excessive electromagnetic emissions
from the active device that interfere with the proper
operation of the MR scanner.

Temperature Probe 1

Temperature Probe 2

Temperature Probe 3

Temperature Probe 4

RF-phantom

Whole Body Coil Assembly

Medical Implantx

z

y

Figure 4. Implant and temperature probe place-
ment for testing of RF heating near an implant
during MR imaging. Reprinted, with permission,
from ASTM F2182-02a (16).

11.50 in.

24.50 in.

17.50 in.

5.25 in.

7.00 in.

Figure 3. Sample rectangular phantom to model the human
trunk and head.
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The image artifact does not generally affect the safety
of a device in the MR environment, although there has
been at least one report of surgery that was performed on
a patient based on an artifact that was present in an MR
image (76). However, to make a decision to perform a scan,
a physician does need information about the size and
location of an image artifact with respect to the location
of the portion of the body that is to be imaged. In addition,
a complete absence of artifact is not always desirable. MR-
guided biopsy procedures require needles that are visible
on the MR image, but that produce small enough artifacts
and distorted regions to allow the visualization of the
tissue and the precise insertion of the needle into the
region that is to be sampled. ASTM F2119 identifies a
protocol for determining image artifact using standar-
dized pulse sequences (9).

4.4. Time Rate of Change of Magnetic Field (dB/dt)

Major concerns with the pulsed gradient fields are biolo-
gical effects including peripheral nerve and cardiac sti-
mulation and the generation of light flashes
(magnetophosphenes) that may result from a slight torque
exerted on the retinal cones. Fortunately, thresholds for
painful nerve stimulation are less than those for cardiac
stimulation, and so the painful nerve stimulation thresh-
old serves as a safety threshold for dB/dt. Current FDA
guidance follows the recommendations in IEC 60601-2-33
and limits the dB/dt to levels that prevent cardiac stimu-
lation in any operating mode and minimize the occurrence
of intolerable peripheral nerve stimulation in the patient
in any operating mode. The limits are 80% of the periph-
eral nerve stimulation threshold in the normal operating
mode and 100% of the peripheral nerve stimulation
threshold for the first level controlled operating mode (19).

4.5. Magnet Quench

A quench occurs when the temperature of the magnet coils
rises above absolute zero, causing the coils to cease to be
superconducting and become resistive, which results in
rapid heating of the coils, boiling off of cryogens, and a
rapid drop in the magnetic field strength. A quench can be
initiated if an MRI system malfunctions, or it can be
activated manually in an emergency. Systems also must
be quenched if they are to be relocated or if major
modifications are to be made to the coils. The principal
hazards of a magnet quench are burns caused by contact
with the escaping super-cooled cryogens, and asphyxia-
tion produced when the escaping helium and nitrogen
displace the oxygen in the scan room. In addition to
reports of severe burns produced during a quench (1),
the FDA has received one report of a death due to
asphyxiation during a magnet quench. A field service
engineer working alone during an MR system installation
was asphyxiated by liquid nitrogen that leaked into the
room during the installation (77).

5. SUMMARY

The rapid adoption and increasing spread of MR imaging
and interventional procedures has produced a new range
of safety requirements on medical devices. The principal
issues affecting MR safety are magnetically induced dis-
placement force and torque, RF-induced heating, image
artifacts, and electromagnetic compatibility. The current
ASTM test methods are the only existing published stan-
dard test methods addressing MR safety and compatibility
of medical devices. However, these test methods are a
work in progress that must be continued to produce a
complete body of test methods that can be used to deter-
mine the safety of any device in the MR environment. The
rapid changes in the MR field, including increasing field
strengths and the expansion of interventional procedures
to encompass more complex surgical procedures, as well as
the tremendous increase in the numbers of people with
electrically active implants, place ever increasing de-
mands on medical devices that must perform safely in
the MR environment. As MR technology and procedures
continue to evolve, the techniques used to evaluate MRI
safety must also continue to evolve, and the MR commu-
nity must continue to be vigilant to assure that medical
devices are and remain safe in the MR environment.
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1. INTRODUCTION

Existing biomedical presentation is mostly based on a
graphical human-computer interaction paradigm that
has not been changed fundamentally for nearly two de-
cades. As the computer power improves exponentially, the
human-computer interface has become a bottleneck for
many applications. Efficient presentation of data in bio-
medicine is even more important, as increasing complex-
ity of biomedical data makes use and analysis of the data
very difficult. Physicians and scientists have to handle
very large, multidimensional, multivariate biomedical da-
tasets, sometimes in quite limited time. In addition, some
medical analyses are made under stress, which may lead
to errors, sometimes with fatal consequences. The Insti-
tute of Medicine report estimated that almost 100,000
people die each year from medical errors in hospitals (1).
Although most of those errors are not a direct consequence
of incorrect biomedical data analysis, the improvement in
this field can have direct effects on the reliability of med-
ical procedures.

Multimodal user interfaces can significantly improve
the presentation of biomedical data. Multimodal presen-
tation ‘‘uses different modalities, like visual presentation,
audio, and tactile feedback, to engage human perceptual,
cognitive, and communication skills in understanding
what is being presented’’ (2). Multimodal user interfaces
are part of ongoing research in the field of human-com-
puter interaction (HCI) aimed at better understanding of
how people interact with each other and with their envi-
ronment. These new interaction techniques, called per-
ceptual user interfaces, combine the understanding of
natural human capabilities (such as communication, mo-
tor, cognitive, and perceptual skills) with computer input/
output (I/O) devices and machine perception and reason-
ing. This approach allows integration of the human mind’s
exploration abilities with the enormous processing power
of computers, to form a powerful knowledge discovery en-
vironment that capitalizes on the best of both worlds (3).
Multimodal user interfaces explore means to improve hu-
man communication with a computer by emphasizing hu-
man communication skills (4). The multidimensional
nature and complexity of biomedical data presents a rich

field where multimodal presentation feats occur naturally
(5).

In the next section, we define some basic terms, fol-
lowed by history and description of basic problems in the
presentation of biomedical data. In subsequent sections,
we introduce presentation modalities and various forms of
multimodal integration, we describe available tools and
platforms for development of multimodal interfaces, and,
finally, we present some examples of multimodal presen-
tations in biomedical applications.

2. DEFINING TERMS

The distinction between some of the terms in the HCI
field, such as multimedia and multimodal interfaces, is
subtle and can be misleading. These and other technical
terms are often used carelessly, without complete under-
standing of what they mean (6). Therefore, in this section,
we describe some of the basic terms important for multi-
modal interfaces.

Media conveys information, and it generally includes
anything that can serve for that purpose: paper, paint,
video, CD-ROM, or computer screen.

Modality has an even more ambiguous meaning. When
talking about multimodal HCI, we refer to the human
sensory modalities of vision, hearing, touch, smell, and
taste. However, computer scientists often use the term
mode as a synonym for state. We can also speak of modes
of interaction or interaction styles. For example, direct
manipulation and natural language are interaction styles
or modalities.

User interface mediates in communications between
humans and computers. Every user interface must in-
clude some physical I/O devices. User interface defines
some form of a communication language that defines the
semantic of the messages to be exchanged between com-
puters and humans. These messages define an interactive
language (i.e., a series of organized dialogue patterns de-
termining how and which messages can be exchanged be-
tween users and systems) (7). The language also defines a
set of symbols, signals, and conventions used in a consis-
tent way for communication.

Multimodal interface is the user interface that engages
multiple human sensory modalities in HCI. The modali-
ties are integral and essential components of the interface
language. Rather than focusing on the media, which is the
main topic of multimedia interfaces, multimodal inter-
faces focus on the advantages and limitations of human
perceptual channels.

Perceptualization is an extension of visualization to in-
clude other perceptual senses and enable human sensory
fusion, in which the information received over one sense is
accompanied by a perception in another sense. Multisen-
sory perception could improve understanding of complex
phenomena by giving other clues or triggering different
associations. For example, an acoustic channel could fa-
cilitate new information channels to visualization without
information overload (5,8).
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3. PRESENTATION OF BIOMEDICAL DATA

Presentation of biomedical data dates back to the first
biomedical measuring devices. In this section, we describe
early biomedical signal detection, computer-based signal
detection and presentation, as well as contemporary types
of biomedical data.

3.1. Early Biomedical Signal Detection and Presentation

The earliest and still widely used ways of detecting bio-
medical information is direct perceptual observation. For
example, in addition to electrocardiograph (ECG) signal
monitoring, an ear placed on the chest enables hearing of
rhythmic beatings of the heart, and fingertips positioned
at an artery make it possible to feel the pulsed blood flow.
It is important to note that this kind of examination is in
its nature multimodal: Physicians combine visual inspec-
tion, hearing, touch, and smell to better examine a pa-
tient.

However, most biomedical signals are not directly per-
ceptible by human sensory organs. Therefore, specialized
devices were developed to amplify biomedical signals and
transform them to a form more suitable for human in-
spection. For example, stethoscopes are used in auscultat-
ion to detect sounds in the chest or other parts of the body,
and microscopes are used for inspecting objects too small
to be seen distinctly by the unaided eye. Growth of elec-
tronic technology in the twentieth century enabled devel-
opment of various electronic sensing devices (9). In 1921,
Herbert Gasser used a primitive three-stage triode ampli-
fier, later coupled to a rudimentary cathode ray oscillo-
scope, to observe the structure and functions of the
individual nerve fibers in the frog’s compound sciatic
nerve. Gasser also used the electron microscope to dis-
close the structure and function of the olfactory nerves. In
1924, Dutch physiologist Willem Eithoven won the Nobel
prize for inventing the galvanometer, used to detect and
display electrical signals produced by the heart muscle
(10). One of the first completely electronic biomedical
sensing and presentation devices was the toposcope, de-
veloped in the 1920s at the Burden Neurological Institute
in Bristol, England.

Biomedical signals have been traditionally presented
as polygraphic traces. This method of representation is a
legacy of paper-based display techniques used with the
first sensing devices. The use of polygraphic display mech-
anisms has also influenced the names of some sensing de-
vices, for example, an electroencephalograph (EEG), an
electromyography (EMG), an electrocardiograph (ECG),
or an electrooculograph (EOG). Beyond polygraphic
traces, early sensing devices used various gauges with a
graduated scale or meter for analog signal display of sig-
nal magnitude. Some stand-alone electronic units also in-
corporated digital displays combining graphical and
numerical presentation. Other devices added sound and
musical tones to indicate the current magnitude of de-
tected physiological signals (11).

3.2. Computer-Based Signal Detection and Presentation

Computer-based biomedical devices made possible the use
of many sophisticated processing and presentation tech-
niques. As the functionality of a computer sensing and
presentation system depend very little on dedicated hard-
ware, functionality and appearance of the instrument may
be completely changed.

Computer-based presentation of biomedical data is
widely used today. As user interfaces are shaped and
changed more easier than conventional instrument’s
user interfaces, it is possible to employ more presentation
effects and to customize the interface for each user.

The first computer programs had character-oriented
terminal user interfaces, which was necessary as earlier
general-purpose computers were not capable of presenting
complex graphics. Graphical user interfaces (GUIs) en-
abled more intuitive HCI (12). Simplicity of interaction
and high intuitiveness of GUI operations made possible
the creation of user-friendly virtual instruments (Fig. 1).
In addition, improvements in presentation capabilities of
personal computers allowed development of various so-
phisticated 2-D and 3-D medical imaging technologies
(13).

GUIs extended presentation in the visualization do-
main. However, contemporary personal computers are ca-
pable of presenting other modalities such as sonification
or haptic rendering in real-time, improving the perceptual
quality of user interfaces (14).

Almost all sensing and presentation of biomedical data
is computerized today. Improvements and new develop-
ments of bio-instrumentation have generated a wide va-
riety of biomedical data formats (15). Starting from the
early ECG, EEG, or EMG, biomedicine today uses many
other data types captured with various devices, such as
ultrasound, computerized tomography, magnetic reso-
nance imaging, or infrared imaging (9,16). In addition,
biomedical data include various biosequence data such as
protein structures, protein-protein interactions, or gene
expression levels.

Until recently, biomedical data have mainly had visual
presentation. It affected the names of some of the biomed-
ical data formats, for example, magnetic source imaging or
magnetic resonance imaging. Although the visual presen-
tation remains the main computer presentation channel,
other presentation alternatives are now feasible. In the
following sections, we will describe each of the computer
presentation modalities and multimodal integration.

4. MULTIMODAL PRESENTATION

Multimodal interfaces are a part of the broader class of
user interfaces called perceptual user interfaces (2). Per-
ceptual interfaces introduce additional communication
modalities to facilitate interaction with users via more
and different sensory channels. Therefore, development of
perceptual and multimodal interfaces is an interdisciplin-
ary field that requires knowledge frommany fields such as
computer sciences, cognitive sciences, and biological sci-
ences.

2 MULTIMODAL PRESENTATION OF BIOMEDICAL DATA



Multimodal interfaces apply features of everyday hu-
man-human interaction, where humans in face-to-face
communication use multiple modalities, such as speech
and gestures, in order to have rich and more effective con-
versational interaction. Multimodal communication is bi-
directional. Many research projects in the HCI field have
focused on computer input, for example, combining speech
with pen-based gestures (4). We are primarily concerned
with multimodal output that uses different modalities,
such as visual display, audio, and tactile feedback, to en-
gage human perceptual, cognitive, and communication
skills in understanding what is being presented (3,17). In
multimodal user interfaces, various modalities are some-
times used independently and sometimes simultaneously
or tightly coupled.

The main benefits of using multimodal user interfaces
are:

* Multimodal communication is a natural feature of
human communication. Users have a strong prefer-
ence to interact multimodally rather than unimodally
(18).

* Using multiple modalities, the user can choose pre-
ferred modalities and can personalize presentation.

* Multimodal communication is more robust and less
error prone (19).

* Multimodal presentation has a higher bandwidth.
Overload on one sense modality causes tiredness and
reduced attention. A balance between various modal-
ities can reduce the cognitive load.

Figure 2 shows the abstract structure of multimodal pre-
sentation. A computer program presents some data using
available presentation modalities. The program has to
make multimodal integration, providing synchronized
rendering of data. Computer presentation modalities use
some presentation devices to modulate physical media
creating signals such as light, sound, force, or scent. On

the other side, humans perceive presented data over var-
ious sensory modalities, which are consciously integrated
and correlated.

In the following sections, we present in more detail
each of the presentation modalities, multimodal integra-
tion mechanisms, as well as some approaches to modeling
of human information processing of interest to multimodal
interfaces.

4.1. Computing Presentation Modalities

We can classify computer presentation modalities into
four groups:

* Visualization, which exploits human vision;
* Audio presentation, which makes use of human
sound perception;

* Haptic rendering, which includes human touch and
kinesthetic senses; and

* Olfactory presentation, which makes possible limited
use of human olfactory sense (smell).

4.1.1. Visualization. In multimodal research, visualiza-
tion primarily explores perceptual effects of the visual pre-
sentation. We present some of the recent visualization
approaches that can be valuable for presentation of bio-
medical data such as color, motion, and three-dimensional
presentation.

4.1.1.1. Color. Color is often used in user interfaces to
code information, to attract user’s attention to some ele-
ments, to warn a user, and to enhance display aesthetics.
Many medical applications were also improved by real or
false coloring. By introducing principles of color theory
and design to interface tools, the design of user interfaces
can be further improved. However, using color effectively
and tastefully is often beyond the abilities of application
programmers because the study of color crosses many dis-

Figure 1. EEG recording with paroxysmal epi-
leptic discharge of 3Hz polyspike spike and wave
complexes.
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ciplines. Careless use of color may lead to bad design. For
example, although the addition of color stimulates and
excites, using too many colors may turn into a cacophony
of colors that distracts the user. In addition, many aspects
of human color vision are not completely understood. For
example, the number of colors the human visual system
can distinguish is still not clearly determined. Hochberg
states 350,000 distinguishable colors exist (20), whereas
Tufte gives a range of 20,000 for the average viewer to
1,000,000 colors for trained subjects doing pair-wise com-
parisons (21).

One of the most difficult issues in using color in visu-
alization is avoiding fake color-induced interpretations of
the data. In human vision, colors appear as interrelated
sensations that cannot be predicted from the response
generated from viewing colors in isolation. For example,
some colors stand out brightly over some background,
whereas other colors recede. In this way, some dataset
may appear to be more important, whether or not that was
the designer’s intent. Color is therefore often claimed to be
the most relative medium (22).

Beyond perception, many other factors, such as culture,
affect the meaning of color presentation. The designer of
any sort of graphical representation needs to be aware of
the ways that colors can influence the meaning. In addi-
tion, because most users are not sophisticated designers,
they should not be required to pick individual colors, but
should be able to choose among color suites suggested for
their perceptual qualities and cultural meaning (23).

However, although it is possible that perception of color
may differ from one user to the other, experimental evi-
dence suggests that the relationships between colors are,
in many respects, universal, and thus relatively free from
individual and cultural influences. Therefore, it is possible
to define a model of color experience based on the types of
interactions among colors. Guidelines for usage of these
kinds of color models can be found in Jacobson and Bender
(24).

Contemporary presentation devices, like monitors, can
produce millions of colors (16,777,216 for a 24-bit palette).
Therefore, there have been many approaches to organize
the range of displayable colors, creating so-called color
models. Various color models have been proposed and
used. In computing, the RGB (red, green, blue), and
HSV (hue, saturation, value) models are the two most
widely used color models. Both color models organize col-

ors into a three-dimensional space, but the RGB color
model is more hardware-oriented, whereas the HSV color
model is based on more intuitive appeal of the artist’s tint,
shade, and tone (25). User interaction with this huge color
space is usually achieved with specialized color picker
user interfaces. These interfaces usually have a visible
screen representation, an input method, and the underly-
ing conceptual organization of the color model. Various
issues, such as visual feedback and design of the color
picker interface, may be important factors in improving
the usability of a color selection interface.

At the end, it is important to note that there has been
much research on the design of user interfaces that can be
efficiently visible by users with color-deficient vision. For
example, unlike normal trichromats, who use three-color
receptors to blend the wavelengths corresponding to red,
green, and blue light, dichromats have only two receptors
functioning. By following some basic guidelines, it is pos-
sible to ensure that user interfaces do not put users with
color-deficient vision at a disadvantage (26).

4.1.1.2. Motion and Animation. Overuse of static graph-
ical representations exceeds the human’s perceptual ca-
pacity to efficiently interpret information. Therefore,
many attempts have been made to apply a dynamic vi-
sual presentation. Motion and animation hold promise as
a perceptually rich and efficient display modality that may
increase perceptual bandwidth of visualization (27). In a
visually crowded environment, the moving objects clearly
stand out. Low-level preattentive vision processes per-
ceive motion very quickly. Several parts of the visual sys-
tem exist that are especially motion sensitive, and
specialized neural circuitry for motion perception exists.
Motion is one of the strongest visual appeals to attention,
especially if the motion is directed toward us. Motion per-
ceptually awakens people and prepares them for possible
action. This orienting response to motion occurs automat-
ically. Furthermore, we perceive objects that are moving
in the same direction as a group, so one can focus on the
grouping formed by things moving in unison. This useful
cognitive ability is thought to be the product of evolution
that enabled us to detect a predator moving behind a cover
of rustling leaves (28).

However, animation effects should be used carefully.
Animation attracts attention, but if it is used too much, it
can shut down other mental processes (14). For example,
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animated banners are very common on Web pages, but
experimental evaluations indicate that animation does
not enhance user memory (29). In addition, generating
realistic visual scenes with animation, especially in vir-
tual environments, is not an easy task as the human vi-
sual system is extremely sensitive to any anomalies in
perceived imagery. The smallest, almost imperceptible
anomaly becomes rather obvious when motion is intro-
duced into a virtual scene (30).

4.1.1.3. Three-Dimensional Presentation. Increased per-
formance of graphical hardware has enabled the develop-
ment of a wide variety of techniques to render spatial
characteristics of computer-generated objects in three-di-
mensional (3-D) space, which is particularly important for
virtual reality (VR) systems. Recognition of spatial rela-
tionships based on simple 3-D depth cues is our preatten-
tive perceptual ability, which allows us to easily
understand spatial relationships among objects without
cognitive load. Some human 3-D cues include motion par-
allax, stereovision, linear perspective (converting lines),
relative size, shadow, familiar size, interposition, relative
height, and horizon (31,32). There are an increasing num-
ber of research projects using 3-D effects in desktop com-
puting. For example, 3-D document management systems
proposed in Robertson et al. (33) showed statistically re-
liable advantages over the Microsoft Internet Explorer
mechanisms for managing documents, which may be im-
portant for physicians who have to work with a great
number of documents. 3-D presentation is also common-
place in medical imaging (13).

However, the use of 3-D presentation is not always jus-
tified, especially if we have the computational costs of it in
mind. Some recent studies showed that some 3-D inter-
faces are not more efficient that traditional 2-D counter-
parts, although users did show a significant preference for
the 3-D interface (34).

4.1.2. Audio Presentation. Natural language and audio
channel are very important modalities of human-to-hu-
man communication. In HCI, audio presentation can be
effectively used for many purposes. Voice and sound guide
the attention and give additional value to the content
through intonation. The sound dimension offers an alter-
native to reading text from the computer screen, which
can be especially important for visually impaired users.
Although the use of audio modes in user interfaces is still
rather limited, with basic sound hardware now available
for most computing systems, extending user interfaces by
using the audio channel is becoming common.

The use of auditory modes is not always straightfor-
ward, as audio presentation has strengths and weak-
nesses that need to be understood. Therefore, in this
section, we first talk about sound, sound rendering, and
the perception of sound. After that, we describe two main
groups of audio presentation: nonspeech audio and speech
audio.

4.1.2.1. Sound, Sound Rendering, and Perception of
Sound. Anderson and Casey identified three types of
sound sources of interest to virtual environments (35):

* Live speech, which is produced by participants in a
virtual environment;

* Foley sounds, which are associated with some events
in the environments, such as collision of objects; and

* Ambient sounds, which are continuously repeated
sounds, such as music, that define an atmosphere of
a place, improving the sense of immersion.

The increasing processor power allows real-time sound
manipulation, but sound rendering is a difficult process as
it is based on complex physical laws of sound propagation
and reflection (36). Several specificities of sound simula-
tions exist that differentiate sound simulations from vi-
sual 3-D simulations (37):

* The wavelengths of audible sound (20Hz–20KHz)
range between 0.02 meters and 17 meters, which
means that small objects have little effect on the
sound diffraction, and consequently, acoustics simu-
lations use 3-D models with less geometric details.
However, they must consider the effects that different
obstacles have on a range of wavelengths.

* Sound propagation delays are perceptible to humans,
and consequently, acoustic models must compute ex-
act time/frequency distribution of the propagation
paths.

* Sound is a coherent wave phenomenon, and interfer-
ence between waves can be significant. Accordingly,
acoustical simulations must consider phase when
summing the cumulative contribution of many prop-
agation paths to a receiver.

* The human ear is sensitive to five orders of magni-
tude difference in sound amplitude, and arrival time
differences make some high-order reflections audible.
Therefore, acoustical simulations usually aim to com-
pute several times more reflections.

In addition to the knowledge of physical laws, efficient use
of sound in user interfaces has to take into account the
properties of the human auditory system and simplify au-
dio presentation without degrading perceptual quality of
sound (38,39). Perception of sound in space or audio local-
ization, which assists listeners in distinguishing separate
sound sources, is one of the most important properties of
human auditory systems. The human ear can locate a
sound source even in the presence of strong conflicting
echoes by rejecting the unwanted sounds (40). The human
ear can also isolate a particular sound source from among
a collection of others all originating from different loca-
tions (41). In order to effectively develop aural displays,
this ability of listeners to track and focus in on a particular
auditory source (i.e., the cocktail party effect) needs to be
better understood. Audio localization is based on many
perceptual cues (42,43), including:

* Time delay between our two ears, also called the in-
teraural time (or phase) difference, which is the
strongest 3-D audio cue. Humans can distinguish in-
teraural time delay cues of only few microseconds
(44).
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* Amplitude difference between our two ears, also
called the interaural intensity (or level) difference.

* Shadowing effect of the head and shoulders as well as
complex filtering function related to the twists and
turns of the pinnae (outer ear). These direction-based
changes in frequency distribution caused by the pin-
nae, along with others caused by head shadowing and
reflections, are now collectively referred as head-re-
lated transfer function (HRTF).

* The echo.
* Attenuation of high frequencies for very distant ob-
jects.

Audio localization is also affected by the presence of other
sounds and the direction from which these sounds origi-
nate. The relative frequency, intensity, and location of
sound sources affect the degree to which one sound masks
another.

However, all modes of data presentation are not per-
ceptually acceptable. Applying sonification, one must be
aware of the following difficulties of acoustic rendering
(45):

* Difficult perception of precise quantities and absolute
values.

* Limited spatial distribution.
* Some sound parameters are not independent (pitch
depends on loudness)

* Interference with other sound sources (like speech).
* Absence of persistence.
* Dependence on individual user perception.

4.1.2.2. Nonspeech Audio. Nonspeech audio is a rich
mode of interaction in many aspects of our lives. We use
nonspeech audio on a daily basis, for example, when cross-
ing the street, answering the phone, diagnosing problems
with our car engine, and applauding in a theater. Non-
speech has also been used in HCI. The audio messages in
contemporary user interfaces generally fall into one of
three categories (46,47):

* alarms and warning systems, such as beeps on a PC;
* status and monitoring indicators; and
* encoded messages and data (e.g., sonification or data
auralization).

According to how audio messages are generated and per-
ceived, Gaver classified nonspeech audio cues in two
groups (48):

* Musical listening, and
* Everyday listening.

In musical listening, the ‘‘message’’ is derived from the
relationships among the acoustical components of the
sound, such as pitch, timing, timber, etc. Sonification is
achieved by mapping data to some of the acoustical com-
ponents:

* Pitch is the subjective perception of frequency and
represents the primary basis for traditional melody.
Logarithmic changes in frequency are perceived as
linear pitch change.

* Rhythm is the relative change in the timing of suc-
cessive sound events.

* Tempo is the relative rate of movement.
* Dynamics is the variation and gradation in the vol-
ume of musical sound.

* Timber is the difference of spectral content and en-
ergy over time of instrument generating sounds that
distinguishes it from other sounds from other instru-
ments of the same pitch and volume. The same tone
played on different instruments will be perceived dif-
ferently.

* Location of the sound.

In everyday listening, however, sound is not perceived in
this analytical way. What one hears are not mere acoustic
attributes of the sound, but the higher-level perceptual
properties of the sound source (46). For example, if one
hears an object fall to the ground, in everyday listening,
one usually pays attention to the type of the object, how
heavy it was, or what material it was made of (paper,
glass, or metal).

Nonspeech sound has been successfully used in various
applications. For example, nonspeech sound was used to
create sound graphs (49) and acoustical textures (50).
Structured nonspeech audio messages called earcons
were used to provide navigational cues in a menu hierar-
chy (51). Sound has also been used to provide serendipi-
tous information, via background auditory cues, that is
tied to people’s physical actions in the workplace (52).

Although sound represents a valuable channel of com-
munication, sound-based systems must be carefully de-
signed and implemented. For example, a study on the
audibility and identification of auditory alarms in the op-
erating room and intensive care unit of a hospital identi-
fied many drawbacks of bad design (53). Medical staff had
identified only 10 to 15 of the 26 alarms found in the op-
erating room, while nurses had identified 9 to 14 of the 23
alarms found in the intensive care unit. This study indi-
cated that too many alarms existed in critical areas, they
were hard to distinguish from each other, and some
alarms were ‘‘masked’’ (inaudible) by the noise of machin-
ery used in normal practice and by other simultaneously
occurring alarms. In addition, incorrect auditory cues can
lead to negative training (37).

4.1.2.3. Speech and Natural Language Interfaces. Speech
is increasingly used in contemporary HCIs as computer-
mediated human-human communication, computer syn-
thesized speech, or speech recognition. In computer-me-
diated communication, speech is stored in computer
memory and later retrieved for playback or further pro-
cessing. For example, a teleconference system records
speech of participants and distributes it to other partici-
pants. This use of speech is quite straightforward because
it is a human, not a machine, for whom the message is
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intended, so there is typically no need for speech recogni-
tion.

Speech synthesis is an important part of ubiquitous
computing. New operating systems, such as Windows XP,
incorporate this technology as their standard component.
Speech synthesis technology takes ASCII or eXtensible
Markup Language (XML) text as input, and outputs
speech as represented in Fig. 3. So-called text-to-speech
(TTS) technology is efficient and rather effective, as it is
usually made by a set of production rules.

Natural language generation goes beyond mere voice
synthesis, adding more complex semantics into HCI, such
as grammar. Applications of natural languages are usu-
ally classified in one of three ways (46): automatic trans-
lation, which enables translation of text from one
language to the other; database query, which allows com-
munication with databases in natural languages; and in-
formation retrieval.

4.1.3. Haptic Rendering. Haptic rendering makes use of
the sense of touch. Haptic feedback has been found to sig-
nificantly improve performance in virtual environments
(54). For example, the problem-solving capability of chem-
ists was significantly improved by including haptic feed-
back into synthetic molecular modeling systems (55).

The ability of humans to detect various mechanical
properties of different objects by tactual exploration is
closely related to both kinesthetic perception and cutane-
ous perception, and haptic displays should be designed to
address both of these perceptual channels. Therefore, the
human haptic sensory system is typically considered as
consisting of two parts (56):

* tactile (or cutaneous) sensing, which refers to con-
sciousness of stimulation to the outer surface of the
body (the smoothness of the skin), and

* kinesthetic sensing (or proprioception), which refers
to awareness of limb position and movement (for ex-
ample, an ability to touch your nose with your eyes
closed), as well as muscle tension (for example, esti-
mation of object weights).

The haptic system is bidirectional as it includes simulta-
neous sensing and manipulation, and many activities,
such as doing surgical operation or reading of Braille
text, require the use of both the sensing aspect and the
manipulation aspect of the human haptic system.

Haptic is a crucial sense for medical staff, as many
medical procedures, especially in surgery, depends on mo-
tor skills of physicians. Many virtual reality medical sim-
ulators exist that incorporate haptic feedback (57). In the

past two decades, force-feedback devices have played an
important role in telesurgery and virtual reality systems
by improving an operator’s task performance and by en-
hancing a user’s sense of telepresence. Haptic interface is
also important for blind and visually impaired users.

4.1.4. Olfactory Presentation. Olfactory presentation
has not been used much in HCI, but is potentially a very
interesting presentation modality. Olfactory receptors
provide a rich source of information to humans. The am-
bient smell of the physical environment can have a great
importance on the creation of a sense of presence in a vir-
tual environment. Without appropriate scents, a user may
have a reduced virtual experience (58). For example, the
user might be in a virtual world with flowers, but received
ambient clues that could reinforce laboratory presence.

Although some commercially available solutions exist,
olfactory hardware is currently limited and not widely
available. However, some research has been done, includ-
ing practical uses of olfactory stimulation in virtual envi-
ronments for training in the medical diagnosis, firefighter
training, handling of hazardous materials, entertainment,
and the presentation of processes such as chemical reac-
tions. Some work has been done in studying the propaga-
tion of and the requirements for odors in the virtual
environment (59).

Olfactory presentation also has a great potential for
medical applications. Medical applications, such as surgi-
cal simulations, need to ‘‘provide the proper olfactory stim-
uli at the appropriate moments during the procedure’’ and
‘‘the training of emergency medical personnel operating in
the field should bring them into contact with the odors
that would make the simulated environment seem more
real and which might provide diagnostic information
about the injuries that simulated casualty is supposed to
have incurred’’ (60).

4.2. Multimodal Integration

Seamless integration of modalities is crucial for wider use
of multimodal user interfaces. The selection of used mo-
dalities, choice of presentation modality for a selected da-
taset, as well as presentation synchronization and
redundancy is not trivial and straightforward. In this sec-
tion, we present some of integration mechanisms as well
as some of the common multimodal profiles.

4.2.1. Integration Mechanisms. Blattner classifies mul-
timodal integration mechanisms into three categories (6):

* Frames. A frame is usually defined as a net of nodes,
which represents objects and relations among them.
Using frames, for example, each mode can have its
own data parser or generator that generates frame
structures that are usually time-stamped for syn-
chronization purposes. Frames were often used with
early multimodal systems.

* Neural networks. Neural networks consist of four
parts: a group of processing units, a method of inter-
connecting the units, a propagation rule, and a learn-
ing method. A neural network is fault-tolerant, error-

<voice required="Gender=Female;Age!=Child">
<volume level="100">

      This text should be spoken 
      by female child 
      at volume level hundred. 
   </volume>
</voice>

Figure 3. XML fragment for Microsoft Speech API TTS engine.
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correcting, and has the ability to learn by example
and find rules. Neural networks are especially popu-
lar tools for neural user interfaces and brain-com-
puter interfaces (61).

* Agents. An agent is an encapsulated computer system
situated in some environment and capable of flexible,
autonomous action in that environment in order to
meet design objectives (62). Agent-oriented ap-
proaches are well-suited for developing complex, dis-
tributed systems (63). Agents can react dynamically
in critical situations, increasing robustness and fault-
tolerance. Agents may also be used to manage the
dialogue between a computer and a user and to model
the user (64).

Bernsen defines a multimodal representation as combina-
tions of two or more unimodal representational modalities
(65). Taxonomy of unimodal presentation modalities is
initially created, classifying modalities according to
whether they are linguistic or nonlinguistic, analog or
nonanalog, arbitrary or nonarbitrary, and static or dy-
namic. He further divides modalities according to the
three presentation media: graphics, sound, and touch.
Multimodal integration is based on mapping rules that
should constitute an optimal solution to the representa-
tion and exchange of information. Bernsen also suggests a
combination of natural language expressions and analog
representations based on their complementary properties.
The natural language expressions are focused but lack
specificity, whereas analog graphical representations are
specific but lack focus, so their combination often has a
superior presentation effect than the use of only one of
these modes (17). For example, most of the figures in this
text contain some pictures (analog graphics) and textual
annotations (natural language expressions).

4.2.2. Common Multimodal Combinations. Successful
multimodal presentation combines complementary pre-
sentation modalities, engaging different human percep-
tual capabilities. In this section, we describe some
common multimodal combinations that tend to create a
more effective multimodal presentation by combining com-
plementary modalities. First, we talk about multimodal
combination of visualization and sonification. Then, we
describe multimodal combinations of visualization and
haptic rendering. After that, we describe multimodal com-
bination of haptic rendering and sonification.

4.2.2.1. Visualization and Sonification. Sound and
graphics naturally complement each other. Visual and au-
ral perceptions have their strengths and weaknesses. For
example, although it is faster to speak than it is to write, it
is faster to read than it is to listen to speech (46). Some
guidelines about the use of audio and visual displays, ac-
cording to the type of the message being presented, may be
found in Buxton (46) and Deatherage (66). According to
these guidelines, it is better to use auditory presentation
if:

* The message is simple.
* The message is short.

* The message will not be referred to later.
* The message deals with events in time.
* The message calls for immediate action.
* The visual system of the person is overloaded.
* The receiving location is too bright or dark so adap-
tation integrity is necessary.

* The user’s job requires continual movement.

On the contrary, it is better to use visual presentation if:

* The message is complex.
* The message is long.
* The message will be referred to later.
* The message deals with a location in space.
* The message does not call for immediate action.
* The auditory system of the person is overburdened.
* The receiving location is too noisy.
* The user’s job allows a static position.

Humans are naturally skilled to perceive visual and sound
clues simultaneously. For example, listening to speech is
often complemented with naturally evolved lip-reading
skills, which allows more efficient understanding of con-
versation in a noisy environment. Experiments also sug-
gest that even simple nonspeech audio cues can improve
unimodal visual environments (67).

4.2.2.2. Visualization and Haptic Feedback. The relation
between haptics and vision is fundamental. Visual feed-
back is a helpful cue in many human motor activities. Ex-
act models of human movement and performance are still
under development. Fitts’ law, a psychological model of
human movement, explores the visual and haptic feed-
back in aimed hand movement tasks (68). Fitts found log-
arithmic dependency between task difficulty and the time
required to complete a movement task. Fitts’ law has
proven one of the most robust and widely adopted mod-
els, and has been applied in diverse settings—from micro-
scope to under water activities.

Visualization and haptic rendering are often used to-
gether in simulators and virtual reality trainers (69). Sur-
gical simulations are probably the most common form of
this multimodal combination in medicine (57).

4.2.2.3. Sonification and Haptic Feedback (Tactical Au-
dio). The use of visualization with haptic rendering, al-
though effective, is not always practically feasible or even
possible. When the visual field is overwhelmed, audio
feedback and synchronized auditory and haptic stimuli
may be extremely useful (70). Tactical audio concerns the
use of audio feedback for facilitating the precise and ac-
curate positioning of an object with respect to another ob-
ject (71). This multimodal combination has valuable
applications in the field of computer-assisted surgery.
Just as musicians use aural feedback to position their
hands, surgeons could position instruments according to a
preplanned trajectory, preplaced tags or cues, or anatom-
ical models (72). In the course of the typical diagnostic
surgical procedure, numerous needle placement errors oc-
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cur, especially with regard to insertion depth, which may
cause, for example, missing the tumor in a biopsy. Al-
though ultrasound and other imaging modalities attempt
to alleviate this problem, the nature and configuration of
the equipment requires the surgeon to take his/her eyes off
the patient. The use of tactile audio feedback enables the
surgeon to affect a precise placement by enhancing his/her
comprehension of the 3-D position of a surgical implement
(72).

4.3. Human Information Processing

Effective multimodal presentation has to consider many
features of human perceptual and cognitive apparatus.
Many features of human perception have already been
exploited to improve or simplify presentation of data. For
example, as the human vision has limited spatial and
temporal resolution, frame rate and level-of-details (LOD)
degradation can be used to reduce computer load, color, or
spatial visual complexity in various tasks without signif-
icantly reducing human performance and perception
(73,74). In audition, effects such as frequency or time
masking were used to simplify rendering and storage of
audio data.

However, it is also important to know how humans
make higher-level cognitive processing. Cognitive sci-
ences, linguistics, psychology, and philosophy examine
multimodality from different viewpoints. For example, Ge-
stalt psychology suggests that the global view differs
greatly from perception of the individual parts. The anal-
ysis of how humans rationally experience the environment
is known as phenomenology. Factors influencing our ex-
perience of the world are memory, attention, emotions,
curiosity, awareness, inner thoughts, and human will.

There have been various approaches to explain how the
mind works. Different structures were proposed to de-
scribe the form of information in brain, such as modules,
levels, and hierarchies (75,76). There were also many
more pragmatic approaches in definition of cognitive ar-
chitectures that introduced various theories of how human
cognition works. Some examples include:

* The Soar (States, Operators, and Reasoning) archi-
tecture (77),

* The ACT-R (Adaptive Control of Thought, Rational)
(78),

* The EPIC (Executive-Process Interactive Control) ar-
chitecture (79),

* The capacity theory (CAPS) architecture (80), and
* Cortical architecture and self-referential control for
brain-like computation (81).

Many problems related to human information processing
must still be resolved to enable better design of user in-
terfaces. For example, spatial memory can be effectively
used in order to improve memorizing of presented data in
2-D and 3-D user interfaces (33). Curiosity can be ex-
ploited to stimulate the user to explore an application and
discover new functionality of software. Providing comput-
ers with the ability to recognize, express, and even ‘‘have’’

emotions creates a qualitatively new field of ‘‘affective
computing’’ (82).

All these issues are even more important in critical ap-
plications such as those used in medical or military set-
tings. For example, the DARPA launched the Augmented
Cognition project (83) with the mission ‘‘to extend, by an
order of magnitude or more, the information management
capacity of the human-computer war fighting integral by
developing and demonstrating quantifiable enhancements
to human cognitive ability in diverse, stressful, opera-
tional environments.’’ This project includes many various
undertakings such us multimodal support for augmented
cognition that aims to augment cognition via multiple
sensory modalities.

5. TOOLS AND PLATFORMS

Many hardware and software solutions are available that
can be used for multimodal presentation. In this section,
we describe presentation hardware, software libraries, as
well as generic platforms that may be used to develop
multimodal solutions.

5.1. Presentation Hardware

Presentation hardware may be viewed as a stimulus
source, modulating physical media in order to excite hu-
man sensors. According to the human sense they attack,
presentation devices fall into four categories: visualization
devices, audio devices, haptic feedback devices, and olfac-
tory presentation devices.

5.1.1. Visualization Devices. Many types of visualiza-
tion devices exist. The very common visualization devices
are raster cathode ray tube (CRT) displays. These displays
were first used with dedicated measurement devices, such
as oscilloscopes. Today, CRT displays are primarily used in
raster scan mode, for example, in computer monitors or
television, visually laying out data on a panel with some
resolution (for example, 800 � 600 or 1024 � 768 pixels).
The size of these devices is usually given as the length of a
diagonal, for example, 14’’, 15’’, 17’’, 19’’, or 21’’. Liquid
crystal displays (LCDs) are increasingly used as CRT dis-
play replacements. As their depth decreases, they are pro-
duced in various sizes and are used with many pervasive
devices such as cellular phones or personal digital assis-
tants.

The virtual reality systems introduced many new vi-
sualization devices, such as the head-mounted displays
(HMDs). An HMD is a helmet with one or two wide-angle
screens placed in front of the eyes. HMDs usually have
stereo speakers placed over the ears to immerse the user
in computer generated virtual scene. HMDs also extended
the user’s field of view to more that 70 degrees per eye
(84). For some medical applications, the isolating helmet
has been replaced with 3-D glasses or helmets that allow
the wearer to peer at real objects by looking down rather
than only at the screens in the helmet. An interesting al-
ternative to HMDs is the Cave Automatic Virtual Envi-
ronment (CAVE). The CAVE system uses stereoscopic
video projectors to display images on three surrounding
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walls and on the floor, and the participants wear glasses
with LCD shutters to view the 3-D images (85). For ex-
ample, CAVE was used for viewing geometric protein
structures (86). Another interesting display technology is
a virtual display. Virtual displays create the illusion of a
large display when it is held close to the eye, even though
the presentation device itself is quite small (87). For ex-
ample, Motorola’s Virtuo-Vue creates an illusion of a vir-
tual 17-inch image that appears to be about 4 feet away,
using a panel with dimensions of 5.9mm � 3.8mm. This
technology can be especially useful in various small de-
vices that cannot contain large displays, such us portable
PCs, smart phones, and pagers.

5.1.2. Sound Presentation Devices. Basic sound hard-
ware is now available for most computer systems. Sound
cards on ordinary PCs are capable of producing high-qual-
ity sound. As sound presentation devices, such as head-
phones and speakers, are very common, we will not
describe them extensively. The first sound systems used
only one speaker. Better quality sound was achieved by
using two speakers: a tweeter for high frequencies and a
woofer for low frequencies. Initial stereo systems used two
speakers (left and right channel) to facilitate sound local-
ization.

Various other approaches, such as audio systems with 4
speakers (Quad system) and 5.1 speakers (Left, Center,
Right, Surround Left, Surround Right, and Subwoofer)
have also been used. However, using only two speakers,
with additional signal processing, it is possible to create
equally realistic sounds in so-called virtual surround
sound systems (88). These systems mimic actual surround
sound by exploiting the way that the auditory system per-
ceives the direction from which a sound is coming. They
can create a very realistic surround sound field from only
two speakers placed in front, to the left and right, of the
listener.

5.1.3. Haptic Feedback Devices. Many force-feedback
devices are currently available in the open market. These
devices include various force-feedback mice, gloves, sty-
luses, as well as various force-feedback gaming peripher-
als such as joysticks, steering wheels, and flight yokes.
Some more sophisticated examples include the Impulse
EngineTM (Immersion Corp., San Jose, CA) and the pop-
ular Phantom (SensAble Technologies Inc., Cambridge,
MA) (56). The Phantom haptic interface is especially pop-
ular in virtual reality surgical simulators. The device has
three or six degrees of freedom and uses actuators to relay
resistance at about 1000Hz. A good and comprehensive
list of off-the-shelf force and feedback devices can be found
in William Buxton’s directory of sources for input technol-
ogies (89).

Beyond these off-the-shelf components, some special-
ized medical haptic feedback devices have been developed.
For example, HT Medical Systems, Inc. developed a vir-
tual sigmoidoscope to train physicians to exercise the flex-
ible probes used to view the colon. Beyond video imaging
synchronized to the position of the probe, the system in-
corporates haptic feedback. The simulation software
warns the physician when injury to the ‘‘patient’’ is about

to occur, and it can also rate the physician’s performance
(57).

5.1.4. Olfactory Presentation Devices. Although olfac-
tory devices are not so widely available, several compa-
nies, such as Ferris Production Inc. from Arizona, and
DigiScent Inc. from California, are active in this market.
DigiScents developed a device called iSmell, a ‘‘personal
scent synthesizer.’’ The iSmell attaches to the serial or
USB port of a computer and uses standard electrical
power. The iSmell emits naturally based vapors into the
user’s personal space. The device is triggered either by
user activation, such as keystroke, or by a timed response.
The device works by using small cartridges with various
scented chemicals, which could be replaced. DigiScents
also developed a ScentWare Developers Kit, which in-
cludes the tools required to create scent-enabled content
and media.

5.2. Software Support

Development of multimodal interfaces requires the use of
many libraries and software toolkits. Here, we present
some of the often-used software platforms for development
of various multimodal presentation effects, focusing on
multiplatform and generic solutions.

Every operating system, such as Windows or Linux,
has an extensive user interface library. For example, Win-
dows operating systems, in addition to the standard I/O
support, provides the DirectX as a set of application pro-
gramming interfaces (APIs) for high-level or low-level de-
velopment of user applications. DirectX has various parts
dedicated to user interactions such as DirectDraw, Direct-
Sound, and Direct3D addressing 2-D and 3-D graphics
and sound as well as many other features.

OpenGL is the environment for developing portable,
interactive 2-D and 3D graphics applications (90). The
OpenGL was introduced in 1992, and it has been the in-
dustry’s most widely used and supported 2-D and 3D
graphics API. The OpenGL incorporates a broad set of
rendering, texture mapping, special effects, and other vi-
sualization functions.

The Virtual Reality Modeling Language (VRML) is a
general-purpose high-level platform for modeling of 3-D
audio-visual scenes (91). The VRML is simple language for
describing 3-D shapes and interactive environment.
VRML is also intended to be a universal interchange for-
mat for integrated 3-D graphics and multimedia. VRML
browsers and authoring tools for the creation of VRML
files are widely available for many different platforms. In
addition to 3-D visualization, the VRML allows creation of
virtual worlds with 3-D audio sources, which improves
immersion and realism of virtual environments. More re-
alistic perception of sound in the VRML is achieved by
implementation of simplified Head-Related Transfer
Function (HRTF). Sonification is supported with standard
VRML Sound and AudioClip nodes. The Web3D Consor-
tium guides the development of the VRML and has vari-
ous working groups that aim to extend the VRML in
various application domains.
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An increasing number of systems use the eXtensible
Markup Language (XML). XML is a subset of the Stan-
dard Generalized Markup Language (SGML), a complex
standard for describing document structure and content.
XML is a meta-language, and it allows customized
markup languages for different document classes. Some
of the XML-based standards of interest to data presenta-
tion include XHTML, Scalable Vector Graphics (SVG),
Synchronized Multimedia Integration Language (SMIL),
and VoiceXML (92,93). Recently, the World Wide Web
Consortium, which led the development of the XML,
launched the Multimodal Interaction Activity to extend
the Web user interface to include multiple modes of inter-
action such as GUI, speech, vision, pen, gestures, or haptic
interfaces.

Java has been a very popular implementation environ-
ment for various presentation solutions. The main reasons
for Java’s rapid acceptance are its architecture and its
platform independence (94). Java supports development of
multimodal presentation interfaces, including libraries
such as Java Media Framework (JMF), Java2D, Java3D,
and Java Sound for work with multimedia, 2-D and 3-D
graphics, and sound. Java is also used as a script language
for Virtual Reality Language (VRML) virtual environ-
ments (91).

6. MULTIMODAL PRESENTATION IN BIOMEDICAL
APPLICATIONS

Multimodal presentation used in biomedical applications
falls into one of four categories:

* Medical diagnosis, where multimodal presentation is
used to enable more efficient exploration of biomed-
ical datasets in order to simplify diagnosing various
illnesses;

* Medical education and training, where multimodal
presentation is used to simulate multimodal nature
of standard medical procedures;

* Surgical procedures, where multimodal interfaces
are user in surgery preparation and planning, as
well as in some surgical operations; and

* Rehabilitation and training, where multimodal in-
terfaces are presented to patients in order to improve
their recovery.

6.1. Medical Diagnostics

Multimodal presentation could be used to improve the in-
sight into complex biomedical phenomena. Santarelli et al.
proposed a system for medical image processing, which
allows interactive real-time multimodal 3-D visualization
(95). The system supports medical specialists in the diag-
nosis of internal organs, such as the heart during the car-
diac cycle, allowing them to compare information on
perfusion/contraction match as a basis for diagnosis of
important cardiovascular diseases. Meyer et al. imple-
mented 3-D registration of multimodal datasets for fusion
of clinical anatomic and functional imaging modalities
(96). Valentino et al. proposed a procedure for combining

and visualizing complementary structural and functional
information from magnetic resonance imaging (MRI) and
positron emission tomography (PET) (97). The techniques
provide a means of presenting vast amounts of multidi-
mensional data in a form that is easily understood, and
the resulting images are essential to an understanding of
the normal and pathologic states of the human brain. Bel-
trame et al. proposed an integrated view of structural and
functional multidimensional images of the same body area
of a patient (98). The integrated view provides physicians
with a better understanding of the structure-to-function
relationships of a given organ.

A combination of visualization and sonification has also
been used to improve diagnostic procedures. Krishnan et
al. proposed a technique for sonification of knee-joint vi-
bration signals (99). They developed a tool that performs
computer-assisted auscultation of knee joints by auditory
display of the vibration signals emitted during active
movement of the leg. Sonification algorithms transform
the instantaneous mean frequency and envelope of the
signals into sound in order to improve the potential diag-
nostic quality of detected signals.

Fast visual review of long medical records, such as a 24-
hour EEG, is an extremely time-consuming and fatiguing
process (100). Sonification can be used to improve seizure
detection (101). Some examples of EEG sonification can be
found in Ref. 102. Several commercial companies already
provide sonification of EEG for biofeedback, such as
Thought Technology, Ltd. (103) and Elixa MindSet (104).

Jovanov et al. designed the environment for more com-
plex multimodal presentation of brain electrical activity
(105,106). The environment, called the multimodal viewer
(mmViewer), consists of the VRML head model and the
Java applets that controls multimodal presentation (Fig.
4). The environment uses various visualization and son-
ification modalities, facilitating efficient perceptualization
of data (5). Visualization is based on animated topographic
maps projected onto the scalp of a 3-D model of the head,
employing several graphical modalities, including 3-D
presentation, animation, and color. As brain topographic
maps used in the environment contain exact values only
on electrode positions, all the other points must be spa-
tially interpolated using score values calculated on elec-
trode positions. Therefore, an additional visualization
problem addressed in this environment is interpolation
of a limited set of electrode values to much the more dense
3-D head model. The electrode setting is usually prede-
fined (like International 10–20 standard), but as a higher
number of electrodes results in more reliable topographic
mapping, some experiments used custom electrode set-
tings to increase spatial resolution over the selected brain
region. Sonification is implemented as modulation of nat-
ural sound patterns to reflect certain features of processed
data and create pleasant acoustic environment. This fea-
ture is particularly important for prolonged system use.
The authors applied sonification to emphasize the tempo-
ral dimension of the selected visualized scores. As the to-
pographic map by itself represents a large amount of
visual information, the authors sonified global parame-
ters of brain electrical activity, such as the global index of
left/right hemisphere symmetry. The index of symmetry
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(IS) is calculated as:

IS¼ ðP1 � P2Þ=ðP1þP2Þ;

where P1 and P2 represent power of symmetrical EEG
channels, like O1 and O2, for example. This parameter is
sonified by changing the position of the sound source in
the VRML world. Therefore, activation of a hemisphere
could be perceived as movement of sound source toward
that hemisphere.

6.2. Medical Education and Training

Traditional methods of medical education relied on a mas-
ter-trainee system of learning, using patients and car-
casses to perform procedures (107). However, the
multimodal possibilities of contemporary computers and
virtual reality technologies allow medical education with-
out putting patients at risk, as complications can be safely
simulated. With novel haptics interface devices, computer-
based training will enable novice physicians to learn pro-
cedures in situations that closely resemble the real condi-
tions (108). New learning environments can also give
objective scores of a student’s ability. Studies showed
that computer-based training simulations are at least as
good as standard training methods (57).

The most highly developed multimodal training envi-
ronments are surgical simulations. The types of simula-
tions range from ‘‘needle-based’’ procedures, such as
standard intravenous insertion, central venous placement
catheter, and chest-tube insertion, to more sophisticated
simulations of full surgical procedures like laparoscopic
cholecystectomy or hysteroscopic resection of interuterine
myoma (109). For example, Basdogan et al. develop a com-
puter-based training system to simulate laparoscopic pro-
cedures in virtual environments for medical training
(110). The system used a computer monitor to display vi-

sual interactions between 3-D virtual models of organs
and instruments, and, with a pair of force-feedback de-
vices, interfaced with laparoscopic instruments to simu-
late haptic interactions. The environment simulates a
surgical procedure that involves inserting a catheter into
the cystic duct using a pair of laparoscopic forceps. With
the proposed system, the user can be trained to grasp and
insert a flexible and freely moving catheter into the de-
formable cystic duct in virtual environments. Burdea et al.
proposed a virtual reality-based training system for the
diagnosis of prostate cancer (111). The simulator consists
of a phantom haptic interface that provides feedback to
the trainee’s index finger, a motion restricting board, and
graphical workstation, which renders the patient’s anat-
omy. The system provides several models of prostates:
normal, enlarged with no tumor, incipient malignancy
(single tumor), and advanced malignancy (tumor cluster).

6.3. Surgical Procedures

Multimodal presentation has been used in various stages
of surgical procedures. Peters et al. proposed the use of
multimodal imaging as an aid to the planning and guid-
ance of neurosurgical procedures (112). They discuss the
integration of anatomical, vascular, and functional data
for presentation to the surgeon during surgery. Wong et al.
designed a neurodiagnostic workstation for epilepsy sur-
gery planning by combining biomedical information, from
multiple noninvasive image modalities, such as functional
PET, MRS, and MEG information, with structural MRI
anatomy (113). Sclabassi et al. proposed a neurophysio-
logical monitoring system that supports remote perfor-
mance through real-time multimodal data processing and
multimedia network communication. The system com-
bines real-time data sources, including all physiological
monitoring functions, with non real-time functions and
online databases (114).

Figure 4. A multimodal viewer (mmViewer),
with the VRML head model (left) and the Java
applet that controls multimodal presentation
(right).
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Another promising application of multimodal inter-
faces, especially haptic feedback, lies in a minimally inva-
sive surgery and telesurgery. Here, a surgeon is not able to
directly observe the surgery, but has to rely on some kind
of a user interface. However, the main problem here is
that these new user interfaces create visual and haptic
distortion when compared with conventional surgery.
Some research has occurred that addressed this problem.
For example, Rosen et al. developed a computerized force-
feedback endoscopic surgical grasper (FREG) in order to
regain the tactile and kinesthetic information that is lost
(115). The system uses standard unmodified grasper
shafts and tips. The FREG can control grasping forces ei-
ther by surgeon teleoperation control or under software
control. The FREG may provide the basis for application
in telesurgery, clinical endoscopic surgery, surgical train-
ing, and research. Bicchi et al. investigated the possibility
of substituting detailed tactile information for softness
discrimination, with information on the rate of spread of
the contact area between the finger and the specimen as
the contact force increases. They also developed a practi-
cal application to a mini-invasive surgery tool (116).

6.4. Rehabilitation and Medical Treatment

Multimodal presentation has been frequently applied in
rehabilitation and medical treatment as biofeedback. Bio-
feedback systems are closed-loop systems that detect bio-
medical changes and present them back to the patient in
real-time. Interfaces in existing biofeedback applications
range from interactive 2-D graphical tasks—in which
muscle signals, for example, are amplified and trans-
formed into control tasks such as lifting a virtual object
or typing—to real-world physical tasks such as manipu-
lating radio-controlled toys (117). The interfaces to phys-
ical rehabilitation biofeedback systems may amplify weak
muscle signals, encouraging patients to persist when a
physical response to therapy occurs that is generally not
visible without magnification (11). For example, Popescu
et al. developed a PC-based orthopedic home rehabilita-
tion system using a personal computer, a Polhemus
tracker, and a multipurpose haptic control interface that
provides resistive forces using the Rutgers Master II
(RMII) glove (118). The system has a library of virtual re-
habilitation routines that allows a patient to monitor its
progress and repeat evaluations over time. Other haptic
interfaces currently under development in the same group
include devices for elbow and knee rehabilitation con-
nected to the same system. Bardorfer et al. proposed an
objective test for evaluating the functional studies of the
upper limbs in patients with neurological diseases (119).
They employed a method that allows assessment of kine-
matic and dynamic motor abilities of upper limbs. They
created a virtual environment using a computer display
for visual information and a phantom haptic interface.
The haptic interface is used as a kinematic measuring de-
vice and for providing tactile feedback to the patient. By
moving the haptic interface control stick, the patient was
able to move the pointer (a ball) through the labyrinth in
three dimensions and to feel the reactive forces of the wall.
It has been applied to healthy subjects and patients with

various forms of neurological diseases, such us Friedreich
Ataxia, Parkinson’s disease, and Multiple Sclerosis.

Health-care providers are increasingly using brain-
wave biofeedback or neurofeedback as part of the treat-
ment of a growing range of psychophysiological disorders
such as attention deficit/hyperactivity disorder (ADHD),
post-traumatic stress disorder, addictions, anxiety, and
depression. In these applications, surface-mounted elec-
trodes detect the brain’s electrical activity, and the result-
ing electroencephalogram (EEG) is presented in real-time
as abstract images and sounds. Using this data in reward/
response-based control tasks generates increased or re-
duced activity in different parts of the EEG spectrum to
help ameliorate these psychophysiological disorders (11).

7. CONCLUSION

The multidimensional nature and complexity of biomedi-
cal data require innovative HCIs. Multimodal presenta-
tion holds the promise of increasing the perceptual
bandwidth of human-computer communications. Informa-
tion overload on one sense causes tiredness and reduced
attention, so the balance between various modalities can
reduce the cognitive load. In addition, multimodal com-
munication is a natural feature of human communication,
and users have a strong preference to interact multimo-
dally rather than unimodally. Using multiple modalities, a
user can choose preferred modalities and customize pre-
sentation. Multimodal communication is also more robust
and less error-prone. However, interrelated factors affect
the multimodal interface development because of the na-
ture of high-level cognitive processing. Recent experimen-
tal evaluations of multimodal interfaces for typical
biomedical data collection tasks have shown that percep-
tual structure of a task must be taken into consideration
when designing a multimodal computer interface (120).

Although many studies have shown that computer-
based multimodal training simulations are at least as
good as standard training methods, it was estimated
that only 1% of medical students in the United States re-
ceive some type of computerized or virtual reality training
(57). However, with the increasing processing and presen-
tation capabilities of ordinary computers, this situation is
changing, and we can also expect wider use of multimodal
presentation techniques in various biomedical applica-
tions.
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1. INTRODUCTION

Nowadays, optical microscopy has evolved into three-
dimensional (3-D) (x-y-z) and four-dimensional (4-D) (x-
y-z-t) analyses allowing researchers to probe even deeper
into the intricate mechanisms of living systems (1). Within
this scenario, two-photon and multiphoton excitation
(TPE, MPE) microscopy are probably the most relevant
advancement in fluorescence optical microscopy since the
introduction of confocal imaging in the 1980s (2–5) (see
also OPTICAL MICROSCOPY, CONFOCAL MICROSCOPY). MPE micro-
scopy has a 3-D intrinsic ability coupled with almost five
other interesting capabilities, namely: (1) MPE greatly
reduces photo-interactions and allows imaging of living
specimens on long time periods; (2) MPE operates in a
high-sensitivity background-free acquisition scheme; (3)
MPE microscopy can image turbid and thick specimens
down to a depth of a few hundred micrometers; (4) MPE
allows simultaneous excitation of different fluorescent
molecules reducing colocalization errors; and (5) MPE
can be used to prime photochemical reactions within a
subfemtoliter volume inside solutions, cells, and tissues.
Besides, MPE fluorescence microscopy is not only revolu-
tionary in its ability to provide the above-mentioned
features, together with other practical advantages, but
also in its elegance and effectiveness of application of
quantum physics. The MPE story, more specifically TPE,
dates back to 1931, and its roots are in the theory
originally developed by Maria Göppert-Mayer (6,7) that
brought, passing through the scanning nonlinear micro-

scope developed by Colin Sheppard in Oxford at the end of
the 1970s (8), to the revolutionary and successful results
on biological samples obtained at the Watt Webb labora-
tories by Winfried Denk and colleagues at the beginning of
the 1990s (9). MPE can be considered a young microsco-
pical technique (10–13). In general, it is more convenient
to consider TPE, for the sake of simplicity.

2. BASIC PRINCIPLES OF TPE OF FLUORESCENT
MOLECULES

TPE offluorescent molecules is a nonlinear process related
to the simultaneous absorption of two photons whose total
energy equals the energy required for conventional, one-
photon, excitation (14). This means that a fluorescent
molecule that absorbs one photon at 340nm, in the ultra-
violet region, exhibiting fluorescence at 420nm in the blue
region, as sketched in Fig. 1 by means of a Perrin–
Jablonsky diagram, can be excited at 680nm in a two-
photon process. All considerations can be easily extended
to the MPE considering an n-photon process.

So far, the TPE process of a fluorescent molecule can
take place only if two low-energy photons can interact
simultaneously with the very same fluorophore. The main
problem lies in the time scale for simultaneity (7), which is
the time scale of molecular energy fluctuations at photon
energy scales, as determined by the Heisenberg uncer-
tainty principle, i.e., 10� 16–10� 15 s. Now, to have an idea
of the rarity of the event, one should consider that under a
bright daylight condition a good one- or two-photon ex-
citable fluorescent molecule absorbs a photon through
one-photon interaction about once a second and a photon
pair by two-photon simultaneous interaction every 10
million of years. This practically means that one needs a
very high density of photons delivered to biological speci-
mens under low perturbation conditions. The typical
photon flux densities are of the order of more than 1024

photons cm� 2s�1, which implies intensities of around
MW-TW cm� 2.

As the collisions of two or more photons with the very
same molecule can be considered as statistically indepen-
dent events, TPE is a process that has a quadratic
dependence on the instantaneous intensity of the excita-
tion beam. We can introduce the TPE molecular cross
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Figure 1. (a) Conventional and (b) TPE pro-
cesses.
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section as the propensity of a fluorescent molecule to
absorb simultaneously two photons having a certain en-
ergy or wavelength. We also consider now the fluorescence
emission as a function of the temporal characteristics of
the TPE light intensity I(t). Calculations can be easily
extended to the multiphoton case.

Now, the fluorescence intensity per molecule If(t) can be
considered proportional to the TPE molecular cross sec-
tion d2(l) and to I(t) as

If ðtÞ / d2 � IðtÞ
2
/ d2 � PðtÞ

2 p
ðNAÞ2

hcl

 !2

; ð1Þ

where P(t) is the laser power and (NA) is the numerical
aperture of the focusing objective lens. The last term of
Equation 1 simply takes care of the distribution in time
and space of the photons by using paraxial approximation
in an ideal optical system.

This leads to the most popular relationship reported
below that is related to the practical situation of a train of
beam pulses focused through a high numerical aperture
objective, with a duration of tp and fp repetition rate. In
this case, the probability na, that a certain fluorophore
simultaneously absorbs two photons during a single pulse,

in the paraxial approximation, is

na /
d2 � P2

ave

tpf 2p
�

NA2

2h% cl

� �2

; ð2Þ

where Pave is the time-averaged power of the beam and l is
the excitation wavelength. Introducing 1GM (Goppert-
Mayer) ¼ 10�58 [m4

� s], for a d2 of approximately 10GM
per photon, focusing through an objective of NA 4l, an
average incident laser power of E1–50mW, operating at a
wavelength ranging from 680 to 1100nm with 80–150-fs
pulsewidth and 80–100-MHz repetition rate, would satu-
rate the fluorescence output as for one-photon excitation.
This suggests that for optimal fluorescence generation,
the desirable repetition time of pulses should be on the
order of a typical excited-state lifetime, which is a few
nanoseconds for commonly used fluorescent molecules.
For this reason, the typical repetition rate is around
100MHz.

It is worth noting that when considering the effective
fluorescence emission, one should consider a further factor
given by the so-called quantum efficiency of the fluores-
cent molecules. In Table 1, we report data related to the
fluorochrome action cross sections that are evaluated by
absorption cross section and quantum efficiency values.
Table 2 indicates, even if in an euristic way, the magnitude
of the MPE cross section starting from single photon
values. Please pay attention to the fact that this is only

Table 1. TPE Optical Wavelengths for Popular Flurophores in Terms of Cross Section (GM)

Extrinsic FLUOROPHORES l (nm) Zd2 d2

Bis-MSB 691/700 6.071.8 6.371.8
Bodipy 920 1774.9 –
Calcium green 740–990 – B80
Calcofluor 780/820 – –
Cascade blue 750–800 2.170.6 B3
Coumarin 307 776, 700–800 1975.5 B20
CY2 780/800 – –
CY3 780 – –
CY5 780/820 – –
DAPI (free) 700/720 0.1670.05 B3.5
Dansyl 700 1 –
Dansyl hydrazine 700 0.7270.2 –
Dil 700 95728 –
Filipin 720 – –
FITC 740–820 – B25–38
Fluorescein (pH B11) 780 – 3879.7
Fura-2 (free) 700 11 –
Fura-2 (high Ca) 700 12 –
Hoechst 780/820 – –
Indo-1 (free) 700 4.571.3 1274
Indo-1 (high Ca) 590/700 1.270.4 2.170.6
Lucifer yellow 840–860 0.9570.3 B2
Nile Red 810 – –
Oregon green bapta 1 800 – –
Rhodamine B 840 – 210755
Rhodamine 123 780–860 – –
Syto 13 810 – –
Texas red 780 – –
Triple probe (dapi, FITC, and rhodamine) 720/740 – –
TRITC (rhodamine) 800–840 – –
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a very approximate way to have an idea of the difficulty of
realizing a multiphoton event. It has been demonstrated
that the fluorophore emission spectrum is independent on
the single- or multiple-excitation modality (15,16).

Now, even if the quantum-mechanical selection rules
for MPE differ from those for one-photon excitation,
several common fluorescent molecules can be used. Un-
fortunately, the knowledge of a one-photon cross section
for a specific fluorescent molecule does not allow any
quantitative prediction of the two-photon trend. The
only ‘‘rule of thumb’’ that can help states that one may
expect to have a TPE cross-section peak at double the
wavelength needed for one-photon excitation, especially in
symmetrical molecules. The very same consideration can
be extended to the MPE case. However, when designing
MPE experiments, one should properly consider lower
order effects: For example, during three-photon excitation,
some TPE phenomena can occur having a higher prob-
ability. Table 3 reports some cross-section data for auto-
fluorescent molecules, visible fluorescent proteins, and
quantum dots. One can see that TPE fluorescence from
NAD(P)H, flavoproteins, tryptophan, and tyrosine in pro-
teins has been obtained. For the amino acids, a three-
photon cross section has been also measured (17). Among
the intrinsically fluorescent molecules, a special mention
is due for the green fluorescent protein (GFP) that is an
important molecular marker. GFP cross sections are
around 6GM (800nm) and 7GM (960) in the case of
wild- and S65T-type, respectively. As a comparison, one
should consider that the cross section for NADH, at the
excitation maximum of 700nm, is approximately 0.02GM.
Also, extraordinary performances have been reported
from quantum dots (18).

3. OPTICAL CONSEQUENCES OF TPE

In terms of optical consequences, the two-photon effect has
the important consequence of limiting the excitation
region to within a sub-femtoliter volume. The 3-D confine-
ment of the TPE volume can be understood based on
optical diffraction theory and referring to the optical
sectioning scheme mentioned in the CONFOCAL MICROSCOPY

article. Using excitation light with wavelength l, the
intensity distribution at the focal region of an objective
with numerical apertureNA¼n sinðaÞ can be described by

means of the intensity 3-D distribution (19):

Iðu; vÞ¼ 2

Z 1

0

J0ðvrÞe
�
i
2ur

2

rdr
�

�

�

�

�

�

�

�

2

; ð3Þ

where J0 is the zeroth-order Bessel function, r is a radial
coordinate in the pupil plane, and u¼ ð8p sin2

ða=2ÞzÞ=l
and v¼ ð2p sinðaÞrÞ=l are dimensionless axial and radial
coordinates, respectively, normalized to the wavelength.
Now, the intensity of fluorescence distribution within the
focal region has a I(u,v) behavior for the one-photon case
and I2(u/2,v/2) for TPE case, as demonstrated above. The
arguments of I2(u/2,v/2) take into proper account the fact
that in the latter case, one uses wavelengths that are
approximately twice the ones used for one-photon excita-
tion. As compared with the one-photon case, the TPE
intensity distribution is axially confined. In fact, consider-
ing the integral over v, keeping u constant, its behavior is
constant along z for one photon and has a half-bell shape
for TPE. The resulting behavior explains the three-dimen-
sional discrimination property in TPE. Figure 2 shows the
probability distribution for the TPE of fluorescent mole-
cules.

Now, the most interesting aspect is that the excitation
power falls off as the square of the distance from the lens
focal point, within the approximation of a conical illumi-
nation geometry. In practice, this means that the quad-
ratic relationship between the excitation power and the
fluorescence intensity brings about the fact that TPE falls
off as the fourth power of distance from the focal point of
the objective. This fact implies that those regions away
from the focal volume of the objective lens, directly related
to the numerical aperture of the objective, therefore, do
not suffer photobleaching or phototoxicity effects and do
not contribute to the signal detected when a TPE scheme
is used. Because they are simply not involved in the
excitation process, a confocal-like effect is obtained with-
out the necessity of a confocal pinhole. It is immediately
evident that also in this case an optical sectioning effect

Table 2. A Simple and Approximate Way for Predicting the
MPE Cross Section Using the Resident Time in the Virtual
State and the Single Photon Cross Section

nPE Approximate Expression Estimated Cross Section

2PE s2¼s s t 10� 49 cm2 (photons/cm2 s)� 1

3PE s3¼s s s t t 10� 82 cm2 (photons/cm2 s)� 2

4PE s4¼s s s s t t t 10�115 cm2 (photons/cm2 s)�3

Approximate values for single photon sD10�16 and resident time in the

virtual state tD10� 17

Table 3. Cross-Section Data of Autofluorescent Molecules,
Visible Fluorescent Proteins, and QDs

Intrinsic Emitters l (nm) d2

GFP wt 800–850 B6
GFP S65T B960 B7
BFP 780/820 –
CFP 780/840 –
YFP 860/900 –
EGFP 940–1000 B250
DsRed-Coral red 960–990 B20–110
Citrine-Coral yellow 950 B70
Phycoerythrin 1064 B300
Flavins B700–730 B0.1–0.8
NADH B690–730 B0.02–0.09
Retinol 700–830 B0.07
Pyridoxine 690–710 B0.008
Folic acid 700–770 B0.007
Lipofuscin 700–850 –
Collagen, elastin 700–740 –
Qdots 700–1000 B2000–47000

MULTIPHOTON MICROSCOPY 3



(see CONFOCALMICROSCOPY) is obtained. In fact, the observed
image O at a plane j, produced by the true fluorescence
distribution I at plane j, distorted by the microscope
through S, plus noise N, holds again the confocal ideal
situation where contributions from adjacent k planes can
be set to zero as in the confocal situation:

Oj¼ IjSjþN: ð4Þ

Equation 4 simply states that TPE microscopy is in-
trinsically 3-D. It is worth noting that the optical section-
ing effect is obtained in a very different way with respect to
the confocal solution. No fluorescence has to be removed
from the detection pathway. In this case, one should be
able to collect as much as fluorescence as possible. In fact,
fluorescence can come only and exclusively from the small
focal volume traced in Fig. 2 that is of the order of a
fraction of a femtoliter. Besides, the use of infrared
wavelengths instead of ultraviolet-visible ones also allows
deeper penetration than in the conventional case. In fact,
Rayleigh scattering produced by small particles is propor-
tional to the inverse fourth power of the wavelength.
Thus, the longer wavelengths used in TPE, or in general
in MPE, will be scattered less than the ultraviolet-visible
wavelengths used for conventional excitation. So far,
deeper targets within a thick sample can be reached. Of
course, for the fluorescence light, on the way back, scatter-
ing can be overcome by acquiring the emitted fluorescence
using a large area detector and collecting not only ballistic
photons.

4. TPE IN PRACTICE

ATPE microscope can be constructed from components or,
using a very efficient compromise, by modifying an exist-
ing confocal laser scanning microscope (21). This last

situation brings an effective mixture of operational flex-
ibility and of good quality to cost ratio. The main elements
to realize a TPE architecture including confocal modality
are the following: high peak-power laser delivering mod-
erate average power (fs or ps pulsed at relatively high
repetition rate) emitting infrared or near-infrared wave-
lengths (650–1100nm), CW laser sources for confocal
modes, a laser beam scanning system or a confocal laser
scanning head, high numerical aperture objectives (41), a
high-throughput microscope pathway, and a high-sensi-
tivity detection system. Figure 3 shows a general scheme
for a TPE microscope also including confocal mode.

In typical TPE microscopes as for confocal ones, images
are built by raster scanning the x-y mirrors of a galvano-
metric-driven mechanical scanner. Typically, high-numer-
ical-aperture objectives, with high infrared transmission,
are used to maximize the TPE efficiency. Although the x-y
scanners provide lateral focal-point scanning, axial scan-
ning can be achieved by means of different positioning
devices, with the most popular being a belt-driven system
using a DC motor and a single objective piezo nano-
positioner. Usually, it is possible to switch between con-
focal and MPE modes retaining x-y-z positioning on the
sample being imaged. Figure 4 shows a confocal and a two-
photon image.

Two popular approaches can be used to perform MPE
microscopy, namely, descanned and non-descanned mode.
The former uses the very same optical pathway and
mechanism employed in confocal laser scanning micro-
scopy. The latter mainly optimizes the optical pathway by
minimizing the number of optical elements encountered
on the way from the sample to detectors and increases the
detector area. Non-descanned is simple and effective: The
scanning mirrors of the confocal base are used to prime
fluorescence point by point within the sample, whereas on
the way back (fluorescence emission), light is collected
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absorption 
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Figure 2. Distribution of TPE probability, adapted
from Pawley’s handbook (20).
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immediately after the lens objective and its intensity is
attributed, without ambiguity, to the actual scanned
point. Figure 5 illustrates these two approaches, also
including the conventional confocal scheme with a pinhole
along with the descanned pathway. TPE non-descanned
mode allows very good performances providing superior
signal-to-noise ratio inside strongly scattering samples.

In the descanned approach, pinholes are removed or set
to their maximum aperture and the emission signal is
captured using an excitation scanning device on the back
pathway. For this reason, it is called de-scanned mode. In
the latter, the confocal architecture has to be modified to
increase the collection efficiency: Pinholes are removed,
and the emitted radiation is collected using dichroic
mirrors on the emission path or external detectors without
passing through the galvanometric scanning mirrors. The
fluorescence emitted is collected by the objective and
transferred to the detection system through a dichroic
mirror along the emission path. Due to the high excitation
intensity, an additional barrier filter is needed to avoid
mixing of the excitation and emission light at the detec-
tion system that is differently placed depending on the
acquisition scheme being used. Photodetectors that can be
used include photomultiplier tubes, avalanche photo-

diodes, and charge-coupled device (CCD) cameras. Photo-
multiplier tubes are the most commonly used. This is due
to their low cost, good sensitivity in the blue–green
spectral region, high dynamic range, large size of the
sensitive area, and single-photon counting mode avail-
ability. They have a quantum efficiency around 20–40% in
the blue–green spectral region that drops down to o1%
moving to the red region. This is a good condition espe-
cially in MPE mode because one wants to reject as much
as possible wavelengths above 680nm that are mainly
used for excitation. Another advantage is that the large
size of the sensitive area of photomultiplier tubes allows
efficient collection of signal in the non-descanned mode
within a dynamic range of the order of 108. Avalanche
photodiodes are excellent in terms of sensitivity exhibiting
quantum efficiency close to 70–80% in the visible spectral
range. Unfortunately they are high cost and the small
active photosensitive area, o1-mm size, could introduce
drawbacks into the detection scheme and requires special
descanning optics. However, once the best quality image
possible has been obtained, then sophisticated mathema-
tical algorithms can be applied to enhance the features of
interest to the biological researcher and to improve the
quality of data to be used for 3-D modeling (see http://
www.powermicroscope.com; http://www.svi.nl) (22).

5. SOME EXAMPLES OF APPLICATIONS AND VARIATIONS
ON THE TPE THEME

Now TPE microscopy is tremendously growing in terms of
applications in many areas of biology, physics, medicine,
and engineering. Its capability of deep imaging makes it
extremely valuable for in vivo imaging. The related tech-
nology is still developing rapidly, and its range of use is
broadening. Several applications are related to calcium
mapping in cells, intact brain, and brain slices (23,24).
Recently, Taki et al. (25) have presented developments in
ratiometric dyes for the detection of zinc ions by means of
2PE that are also promising for biological applications.
Signaling mechanisms at individual synapses can be
monitored in brain slices. Oertner et al. (26) found that
the amount of glutamate released per action potential
changes during short-term facilitation, suggesting a
multi-vescicular release of glutamate.

Beam
control

Laser
scanning

head

Hardware
control

Sample

Z-axis control

Ultrafast
laser source

Laser
source

OD filter

Figure 3. General scheme for a TPE microscope.

Figure 4. Confocal (1P) and two-photon (2P)
fluorescence image of a biological cell.
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2PE calcium imaging of isolated cells can be used to
monitor the activity of distinct neurons in brain tissue in
vivo. Stosiek et al. (27) introduced a versatile approach for
loading membrane-permeant fluorescent indicator dyes in
large populations of cells. Their results demonstrated the
suitability of 2PE imaging for real-time analyses of intact
neuronal circuits with the resolution of individual cells.

Another outstanding application is given by a study of
temporal and spatial dynamics of Ca2þ signaling in
mouse cortical neurons (28). Dynamic processes in the
brain require long-term imaging that a 2PE approach can
uniquely provide while limiting the bleaching of out of
focus planes in the sample. It is possible to study struc-
tural reorganization in the brain on a slow time scale
compared with neural activity. This can be done with
cranial windows similar to that used in cancer research
where the skull is removed over a small area and perma-
nently replaced with a cover glass. TPE imaging is also
possible through the thinned skull of living animals
(29,30). The overall approach is minimally invasive and
allows stable imaging over a period of weeks. Christie et
al. (30) provided the first demonstration of growth and
stability of senile plaques in a mouse model of Alzheimer’s
disease using in vivo multiphoton microscopy. Wang et al.
(31) produced a very impressive work combining the 2PE
method with mapping the activity of a large number of
olfactory neurons in the fly brain by means of a genetically

targeted endogenous calcium probe used in conjunction
with a diverse sensory input to the olfactory receptors.

TPE has been used to capture high-quality images and
to study the function of otherwise inaccessible cell types
and complex cell structures of the juxtaglomerular appa-
ratus (JGA) in living preparations of the kidney (32). This
structure has multiple cell types that exhibit a complex
array of functions, which regulate the process of filtrate
formation and renal hemodynamics. For the first time, it
was possible to report on high-resolution 3-D morphology
of isolated, perfused kidney glomeruli, tubules, and JGA.
Recently, Isogai et al. (33) have used time-lapse multi-
photon microscopy to image living Tg(fli1:EGFP) yl zebra-
fish embryos and to examine how a patterned, functional
network of angiogenic blood vessels is generated in the
early vertebrate trunk. As protein expression patterns are
a primary determinant of tissue function, a method to
access macroscopic distances at subcellular levels of detail
is of great interest.

Moreover, new preparations, fluorescent probes, and
imaging techniques are providing the means to observe
the behavior of cells in the tissue environment of lymphoid
organs. When combined with two-photon laser microscopy,
intravital imaging of surgically exposed lymph nodes
provides a unique view of lymphocyte migration and
antigen presentation as it occurs within the living animal.
Relevant results have been achieved that indicate that
lymphocytes migrate randomly within lymphoid organs,
and that the lymphocyte contact with antigen-presenting
cells may be a stochastic process rather than guided by
chemokine gradients (34). In general, the main advantage
of TPE microscopy in the study of the immunological
response lies in the possibility to perform in vivo observa-
tions as documented in recent experiments on tracking of
pathogenic myelin basic protein-specific CD4(þ ) effector
T cells in early central nervous system lesions of experi-
mental autoimmune encephalomyelitis (35).

Even more interesting is the capability of TPE micro-
scopy to track DNA in living cells. In a recent review (36),
it has been discussed how to perform DNA imaging or
tracking in living cells (with anti-cancer research pur-
poses) by means of two-photon laser scanning microscopy.
Tracking drug delivery in subcellular compartments with
the mapping of sites of critical drug–DNA interactions was
particularly addressed.

Many other applications are on, and it is extremely
difficult to cover all of them. So, the best option is tracking
papers using the powerful resources of the Web search
engines.

As well, there are several ‘‘variations on the theme’’
that this form of nonlinear microscopy favored. We are
continuously experiencing new developments of investiga-
tion techniques launched by TPE microscopy (4,5,36,37),
namely, three-photon excited fluorescence (17,38), second
harmonic generation (8,39,40), third-harmonic generation
(41), fluorescence correlation spectroscopy (42), image
correlation spectroscopy (43), lifetime imaging (44), sin-
gle-molecule detection schemes (45), photodynamic thera-
pies (46), twophoton photo-activation, and photo-
switching of visible fluorescent proteins (47,48). The list
is not complete.
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Figure 5. Simplified optical schemes for descanned and non-
descanned detection. Confocal pinhole is usually kept fully
opened. (Courtesy of Mark Cannel.)
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6. CONCLUSION

MPE, and more precisely TPE microscopy, constitutes a
real progress in science that swarmed over the scientific
community with its intrinsic 3-D resolution, the absence of
background fluorescence, and the attractive possibility of
exciting ultraviolet-excitable fluorescent molecules, thus
increasing sample penetration. In fact, in a TPE scheme,
two 720-nm photons combine to produce the very same
fluorescence conventionally primed at say 360nm, and to
be used in a classic confocal microscope using conventional
excitation of fluorescent molecules. The excitation of the
fluorescent molecules bound to the specific components of
the biological systems being studied mainly takes place
(80%) in an excitation volume of the order of magnitude of
1 fL. This results in an intrinsic 3-D optical sectioning
effect. What is invaluable for cell imaging and in particu-
lar for live-cell imaging is the fact that weak endogenous
one-photon absorption and highly localized spatial con-
finement of the TPE process dramatically reduces photo-
toxicity stress. To summarize MPE unique characteristics
and advantages, we recall the following properties:

1) Spatially confined fluorescence excitation in the
focal plane of the specimen is the key feature of
MPE microscopy. It is one of the advantages over
confocal microscopy, where fluorescence emission
occurs across the entire thickness of the sample
being excited by the scanning laser beam. A strong
implication is that there is no photon signal from
sources out of the geometrical position of the optical
focus within the sample. Therefore, the signal-to-
noise ratio increases, photo-degradation effects de-
crease, and optical sectioning is immediately avail-
able without the need for pinhole or deconvolution
algorithms. Besides, very efficient acquisition
schemes can be implemented like the non-des-
canned one operating at an excellent signal-to-noise
ratio.

2) The use of near-infrared/infrared wavelengths per-
mits examination of thick specimens in depth. This
is due to the fact that, apart from some cases like
pigmented samples and portions of the absorption
spectral window of water, cells and tissues absorb
poorly in the near-infrared/infrared region. Cellular
damage is globally minimized, thus allowing us to
prolong cell viability with long-term 3-D sessions.
Moreover, scattering is reduced and more deep
targets can be reached with less problems than in
the one-photon excitation case. The depth of pene-
tration can be up to 0.5mm. Besides, while in one-
photon excitation, the emission wavelength is com-
paratively close to the excitation one (about 50–
200nm longer); in TPE, the fluorescence emission
occurs at a wavelength substantially shorter and at
a larger spectral distance than in the one-photon
excitation case.

Now, despite the advantages, some practical limitations
and open questions remain to be examined closely. A
severe limitation is given by the high cost of laser sources

and by the maintenance costs afflicted with a limited and
unpredictable duration of laser pump diodes. Once the
technology becomes less expensive and simpler, there will
not be a confocal microscope that is not also a two- or
multiphoton microscope.
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1. INTRODUCTION

Suppose one is interested in modeling the statistical prop-
erties not of a single variable but of an entire set of vari-
ables. To focus on the statistics of every variable
separately without considering the other variables would
lead to incorrect results because interdependencies be-
tween the variables have been ignored. Consider, for ex-
ample, modeling heart rate and respiration separately.
These two physiological control systems are clearly highly
interdependent due to the nervous system, to name just
one of many coupling factors.

Statistically, the interdependence between variables
can be expressed through their probability distributions.
Given two parameters, say m1 and m2, their joint probabil-
ity distribution is denoted by p(m1, m2). If and only if the
two parameters are independent (e.g., there is no hidden
factor affecting their values) will their joint distribution
factorize

pðm1; m2Þ¼pðm1Þpðm2Þ: ð1Þ

If independence is not guaranteed, the only split of the
joint distribution allowed by the laws of probability is one
consisting of a univariate and a conditional distribution,
e.g.,

pðm1; m2Þ¼pðm1Þpðm2jm1Þ: ð2Þ

Thus, while I am allowed to study the statistics of one pa-
rameter in isolation, p(m1), I must consider the parame-
ter’s effect on the statistics of the second, p(m2|m1) for
accurate description of the parameters’ joint statistics.
However, even if the independence assumption is valid,
statistical modeling becomes much simpler if all parame-
ters can be estimated with one single multivariate distri-
bution.

The distribution on the left-hand side of Equation 2 has
a two-parameter argument, i.e., it is a multivariate dis-
tribution. What is evident from Equation 2 is that rather
than studying a set of distributions one can simplify the
task somewhat by investigating only one multivariate dis-
tribution. From this multivariate distribution, all univari-
ate densities can then be extracted.1

2. MULTIVARIATE LINEAR MODELS

Multivariate statistics arise in the most simple modeling
tasks, such as a linear model. When faced with a new sig-
nal and the data generating model is completely unknown,
it is natural to begin the analysis with this simplest of
possible models.

Suppose a set of noisy signal observations of length T is
described by the linear model

dt¼
X

M

k¼ 1

bkgt;kþ et 8t¼ 1; 2; . . . ;T: ð3Þ

The model has a set of M basis functions, gt,k, which are a
function of time but their form is assumed to be known or
fixed, e.g., harmonic functions evaluated at time t. The
basis functions are linearly weighted by their M coeffi-
cients, bk, which are to be estimated. Last, there is also
noise, et, which corrupts the observations and necessitates
the statistical analysis.

To simplify notation from this point on, I stack all pa-
rameters b1,y, bM to form a vector, b. Thus, the joint dis-
tribution is now denoted by p(b). The same stacking can be
done for all data points d1,?,dT to give d and for the noise
samples, e¼vec(e1,?,eT ). For each observation sample, t,
there is a row of M basis functions gt,1,?,gt,M, which can
be stacked into a matrix G to form

G¼

g1;1 . . . g1;M

. .
.

gT;1 � � � gT;M

0

B

B

B

@

1

C

C

C

A

: ð4Þ

In vector notation, the linear model of Equation 3 can
now be written compactly in a multivariate form

d¼Gbþ e: ð5Þ

Having established the model by which the data are
generated, the next step is to state the statistical proper-
ties or assumptions. I will begin by making the common
assumption that the noise samples, e, are identically and
independently drawn from a Gaussian distribution with
zero mean and variance s2

pðetjsÞ¼N ð0; s2Þ 8t¼ 1; � � � ;T: ð6Þ

Thus, e follows a T-variate Gaussian distribution, which
has a zero mean vector and a covariance matrix that has
s2 as its only elements along the diagonal

pðejsÞ¼ ð2ps2Þ
�T

2 exp �
1

2s2
e>e

� �

; ð7Þ

where ? is the transpose operator. By inserting the model

e¼d�Gb ð8Þ

into Equation 7, I obtain the data likelihood, that is prob-

1In fact, p(m2|m1) in Equation [2] is also a multivariate distribu-
tion, but the issue of simplifying modeling multiple distributions
still remains.

1
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ability of the data, d, conditioned on the parameters for
the noise, s, and the model, b,

pðdjb; sÞ ¼ ð2ps2Þ
�T

2exp �
1

2s2
ðd�GbÞ>ðd�GbÞ

� �

: ð9Þ

By assuming the noise to be identically and indepen-
dently distributed yet parameterizing everything using
vector notation, I made use of the mathematical conve-
nience of multivariate densities.

3. MULTIVARIATE MAXIMUM LIKELIHOOD INFERENCE

The task of statistical inference is to learn the values of
the parameters for the noise, s, and the model, b. The
choice will fall on the values that ‘‘best’’ describe the ob-
servations, and the data likelihood provides one very ob-
vious definition of ‘‘best’’: find the values, b̂, ŝ for b and s
that maximize the conditional probability, p(d|b, s), of the
observations. For mathematical convenience and without
any loss of generality, the maximization of the likelihood is
often performed on its logarithm

b̂; ŝ¼ arg max log pðdjb; sÞ: ð10Þ

For the multivariate linear model, the log-likelihood to be
maximized is simply

logðpðdjb; sÞÞ ¼ �
T

2
logð2ps2Þ

�
1

2s2
ðd�GbÞ>ðd�GbÞ:

ð11Þ

Maximization of the multivariate log-likelihood natu-
rally requires matrix differential calculus, which has its
specifically defined operations and are described in some
excellent textbooks and reference manuals (1–3). Rather
than differentiating T terms with respect to the set of sca-
lar values b1, ?,bM and s, in the multivariate case (11)
only one term must be differentiated with respect to the
vector b and the scalar s. Thus, setting

0¼
@

@b
logðpðdjb; sÞÞ

¼
@

@b

1

2s2
ðd�GbÞ>ðd�GbÞ

� �

¼ �
1

2s2
2G>ðd�GbÞ
� �

ð12Þ

and solving for b, one obtains

b¼ ðG>GÞ�1G>d: ð13Þ

Maximization with respect to s follows the standard
differential calculus rules. However, if the model included
a full noise covariance matrix, R,

ðd�GbÞ>R�1ðd�GbÞ

maximization with respect to R gives as the maximum
likelihood solution for R:

R¼ ðd�GbÞðd�GbÞ>:

4. MULTIVARIATE BAYESIAN INFERENCE

Unlike the maximum likelihood approach, Bayesian in-
ference takes a different approach to parameter estima-
tion. Rather than maximizing, say p(D|y), the probability
of the observations given some parameters, y, the Bayes-
ian approach also weights the likelihood by the probability
of the parameter values occurring a priori, p(y). Thus, the
question Bayesian inference answers is: what is the re-
vised or posterior distribution of the parameters given the
newly obtained observations, p(y|D)? Thus, a Bayesian
applies Bayes’ rule

pðyjDÞ¼
pðDjyÞpðyÞ

pðDÞ
: ð14Þ

I will not delve into the pros and cons of the maximum
likelihood and Bayesian approach but refer the interested
reader to the literature (4–6). As will become apparent la-
ter in this exposition, compared to the maximum likeli-
hood method, which primarily requires differential
calculus, Bayesian inference requires mostly integration.

The posterior distribution, left-hand side of Equation
14, is more often than not a multivariate distribution de-
scribing the joint statistics of all the model parameters.
For the earlier linear model example, the posterior will
have b and s as its arguments. Not only are such high-
dimensional distributions impossible to visualize, but it is
very likely that of interest is only a subset of the argu-
ments of the posterior distribution. To obtain these, the
full joint distribution must be marginalised, i.e., inte-
grated with respect to the irrelevant parameters (known
as nuisance parameters in Bayesian terminology). In the
case of the linear model above, a possible choice of mar-
ginal distributions includes the marginal of b:

pðbjdÞ¼

Z

pðb; sjÞds ð15Þ

and the marginal noise distribution

pðsjdÞ¼
Z

pðb; sjdÞdb: ð16Þ

To compute the joint distribution in the integrand of
Equation 15 and 16, we use Bayes’ rule (14), which re-
quires a likelihood function, Equation 9, and a prior dis-
tribution. The two priors that need to be defined for the
linear model are the noise prior, p(s), and the coefficient
prior, p(b). For the noise I will use assume a prior of the
form 1

s. The prior is called Jeffrey’s prior, can be found in all
the relevant literature, and simply encodes a uniform dis-
tribution assumption in the positive real space. For the
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coeffcients, b, I will also assume that they are uniformly
distributed within some range, i.e., there is an equally
valued probability for all values of b, say p(b)¼q. Thus,
the full posterior distribution is given as

pðs;bjdÞ / pðdjs;bÞ
1

s
; ð17Þ

where q and the normalization constant of pðsÞ / 1
s have

been absorbed in the posterior’s normalization constant.
More explicitly, the posterior reads

pðs;bjdÞ / ð2ps2Þ
�T

2exp �
ðd�GbÞ>ðd�GbÞ

2s2

� �

1

s
: ð18Þ

As reasoned earlier, the full posterior distribution (18)
has a high dimensionality, and most modeling tasks re-
quire marginalization of the distribution over subsets of
its dimensions. Before proceeding with the marginalizat-
ion, some term collection within the exponent of the pos-
terior distribution is useful and is detailed in Appendix A.
The modified posterior of Equation 18 then takes the fol-
lowing form:

pðs; bjdÞ / ð2ps2Þ
�T

2

� exp
ðb� b̂Þ>G>Gðb� b̂Þ � d>GGydþd>d

�2s2

" #

1

s
;
ð19Þ

where b̂ was substituted for Gwd and Gw for (G?G)�1G?.
The reason for this form is that a part of the posterior now
has the form of a Gaussian distribution in b with some
additional terms that do not involve b and, thus, can be
absorbed into the normalizing constant.

4.1. The Conditional Coefficient Distribution

Before proceeding with the computation of the marginal
distributions, it is instructive to study the posterior dis-
tribution for the case that the noise standard deviation, s,
is been known, say it has the value ŝ. If it is known, it is
fixed and thus can be socked up in the normalizing con-
stant. Then it become clear to see that the posterior is a
Gaussian distribution in the parameters b. Thus, the ex-
pectation of b is given by

hbi¼
1

R

pðb; ŝ2jdÞdb

Z

bpðb; ŝ2jdÞdb

¼
1

R

pðb; ŝ2jdÞdb

Z

b exp
ðb� b̂Þ>G>Gðb� b̂Þ

�2ŝ2

" #

db

¼ ðG>GÞ�1G>d:

ð20Þ

The second central moment is given by

hbb>ic¼ ŝ2ðG>GÞ�1
ð21Þ

and the noncentral second central moment by

hbb>i¼ hbb>icþhbihbi
>: ð22Þ

4.2. The Marginal Coefficient Distribution

To obtain the marginal distribution of the model coeffi-
cients, b, I need to integrate the posterior distribution (19)
with respect to s:

pðs;bjdÞ /
Z 1

0
ð2ps2Þ

�T
2exp

ðb� b̂Þ>G>Gðb� b̂ÞþS

�2s2

" #

1

s
ds;

where S substitutes for the term d?d�d?GGwd, which is
independent of b. Thus, the actual integration steps are

pðbjd; sÞ /
Z 1

0

ð2ps2Þ
�T

2s�1exp
ðb� b̂Þ>G>Gðb� b̂ÞþS

2s2

" #

ds

/ð2pÞ�
T
2

Z 1

0
s�Tþ2exp

ðb� b̂Þ>S�1G>Gðb� b̂Þþ 1

2s2

" #

ds

/ð2pÞ�
T
2

Z 1

0
x�ð

T�2
2 Þexp ðb� b̂Þ>S�1G>Gðb� b̂Þx

	 
h i

dx;

;

where s2¼ 1
x and ds¼ � 1/2s3dx. Thus, the marginal in

the coefficient is given by

pðbjd; sÞ /
G T

2

� �

ðb� b̂Þ>S�1G>Gðb� b̂Þþ 1
	 
T

2

: ð23Þ

This is a multivariate Student-t distribution with T� 1
degrees of freedom, mean b̂, and a scaling of S(G?G)�1.

4.3. The Marginal Noise Distribution

Apart from the model coefficients, the other important
marginal distribution of the model describes the noise
properties. This requires integrating the posterior distri-
bution (19) with respect to b:

pðs;bjdÞ /
Z /

0
ð2ps2Þ

�T
2exp

ðb� b̂Þ>G>Gðb� b̂ÞþS

�2s2

" #

1

s
db;

ð24Þ

which is a multiple integral in all elements of the vector b.
The integration given the distribution from above is diffi-
cult to perform for all cross terms of b?G?Gb in the in-
tegrand needs to be considered. However, integration will
be simplified if all these cross terms can be eliminated and
this can be achieved by transforming G?G, using an
eigen-decomposition,

G>G¼PKP> ð25Þ

into two matrices, one of which, K, is diagonal with ele-

MULTIVARIATE BIOMEDICAL SIGNAL PROCESSING 3



ments li i¼ 1; . . . ;M. The second matrix is an orthogonal
matrix (for the purposes of this exposition it can be con-
sidered a rotation matrix), which implies that the norm of
P, |P|¼ 1 and that its inverse P�1

¼P?. Substituting the
decomposition (25) for G?G, the first exponent term in the
integrand of (24) can be rewritten to

ðb� b̂Þ>G>Gðb� b̂Þ¼ ða� âÞ>Kða� âÞ

¼
X

M

i

liðai � âiÞ
2;

where a¼Pb and â¼Pb̂. Thus, the exponent in the inte-
grand has been transformed and now involves only inde-
pendent terms of ai. Before proceeding with the integral,
the change of variables needs to be completed by setting
db¼|P|da¼da. Now integration is greatly simplified as
the following steps illustrate:

Z

exp �
1

2s2

X

M

i

liðai � âiÞ
2

" #

da

¼
Y

M

i

Z

exp �
1

2s2
liðai � âiÞ

2

� �

dai

¼
Y

M

i

ffiffiffiffiffiffiffiffiffiffiffi

2ps2

li

s

¼
ð2ps2Þ

M
2

ffiffiffiffiffiffiffiffiffiffi

Pili

p

¼
ð2ps2Þ

M
2

ffiffiffiffiffiffiffiffiffiffiffiffiffiffi

jG>Gj
p :

The last step follows directly from
jG>Gj ¼ jPKPj ¼ jPjjKjjPj ¼ jKj ¼PM

i li.
Finally, we arrive at the full marginal over s which is

given by

pðsjdÞ¼
ð2ps2Þ

�T�M
2

ffiffiffiffiffiffiffiffiffiffiffiffiffiffi

jG>Gj
p exp �

S

2s2

� �

; ð26Þ

where S¼d?d�d?GGwd. This is an inverse chi-square
distribution in s2, scaled by S and having T�M degrees
for freedom

pðsjdÞ / ðd>d� d>GGydÞw�2
T�M : ð27Þ

Using standard formulas for the moments of this dis-
tribution (7), we obtain an estimate of the expected noise
variance

hs2i¼
ðd>d� d>GGydÞ

T �M � 2
ð28Þ

for T�M42.

5. EXAMPLES

The simplicity of linear models means that their applica-
tion is ubiquitous. The same can be said about their mul-
tivariate counterpart. The harmonic model and the
autoregressive models are probably the most popular
types of models. To give the reader a feel for the workings
of the model, I will illustrate the harmonic model’s use and
Bayesian inference on simulated data. As a real-world
signal analysis example, I will apply the AR model to the
analysis of an 8-hour sleep electroencephalogram (EEG)
recording.

5.1. Harmonic Model

Suppose the basis functions g of the linear model (3) are
chosen to be sine and cosine functions

dt¼
X

M

k¼ 1

b2k�1 cosðotÞþ b2k sinðotÞþ et: ð29Þ

To obtain the multivariate form we stack, as described
earlier. Thus, for example, the matrix G, also called the
design matrix, consists of two columns of sine and cosine
functions of a particular fixed frequency o and evaluated
at T time points

G¼

cosðw1Þ sinðw1Þ

..

. ..
.

cosðwTÞ sinðwTÞ

0

B

B

B

@

1

C

C

C

A

: ð30Þ

It should come as no surprise that, due to the orthogo-
nality property of the harmonic functions, the matrix
product G?G is diagonal. More precisely described in (8)
for large sample sizes,

G>G¼
T

2
IM ;

where IM is the M � M identity matrix.
Thus, the expectation of the coefficients, using the ear-

lier Bayesian analysis, is given by

hbi �
2

T
G>d¼

2

T

P

T

t¼ 1

dtcosðotÞ

P

T

t¼ 1

dtsinðotÞ

0

B

B

B

B

@

1

C

C

C

C

A

def
RðoÞ

IðoÞ

 !

: ð31Þ

The last equation is only a substitution for notational
convenience. The second central moment of the model co-
efficients is given by

hbb>ic¼ s2ðG>GÞ�1
ð32Þ

and the (noncentral) second central moment by

hbb>i¼ hbb>icþhbihbi
>; ð33Þ
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which for G given by (30) yields

hbbi> ¼ s2 2

T
þ

2

T

� �2 R2ðoÞ RðoÞIðoÞ

RðoÞIðoÞ I2ðoÞ

 !

: ð34Þ

If we are only interested in the power spectrum, which is
given by the sum of the squared coefficients b,

hb2
i þ b2

j i¼ tracehbb>i¼
4

T
ðs2þCðoÞÞ; ð35Þ

where CðoÞ¼ 1
NðR

2ðoÞþ I2ðoÞÞ is known as the Schuster
periodogram and closely related to the discrete Fourier
transform.

An example simulated single sine wave is shown in Fig.
1. The harmonic, which had unit amplitude and a fre-
quency of 1 Hz, was sampled at 10 Hz for 10 sec. The added
noise consisted of samples drawn from a zero mean and
unit variance Gaussian distribution. The marginal Stu-
dent-t distribution of the coefficient is depicted below the
time series trace in Fig. 1. It peaks at roughly 0.83, where
the loss in magnitude, bo1, is due to noise. Although a
Student-t, the distribution has an almost Gaussian shape,
which is a known characteristic of Student-t distribution
in cases of large sample sizes.

The numerator in Bayes’ rule (14) can be used as an
indicator for model fit (see (9) for instructive explanation).
Roughly, the larger its value, the higher the probability of
the observations and thus model fit. To evaluate the nu-
merator, sometimes referred to as evidence, requires inte-
grating out all model parameters, and an illustration of
this is given in (10). What will affect the value of the ev-
idence, in the harmonic model, is the frequency of the sine
function: the basis function frequency matching the true
signal frequency gives the highest model fit compared to
any other basis function frequency. An example of this is
shown in Fig. 2, together with a discrete Fourier trans-

form using conventional FFTof the sine wave. Contrasting
both spectra it is clear that the conventional Fourier model
has multiple spurious spikes, which result from modeling
the noise in the signal. By construction, the Fourier trans-
form is deterministic and thus considers noise, too, to be
information worth modeling.

5.2. Autoregressive Model for Sleep EEG

As a real-world example of modeling using multivariate
linear models, consider inference on electroencephalo-
graphic recordings taken from a subject during 8 hours
of sleep. An example section is shown in Fig. 3. One of the
features of sleep EEG is that it changes its properties de-
pending on the sleep’s depth. For instance, deep sleep cor-
relates with slow wave forms in the EEG, while REM sleep
is peppered with fast signal dynamics. It is therefore of
interest to relate the EEG to sleep stage and thus obtain a
full sleep profile of a patient, which can then be used for
further diagnostic purposes.

As this time series cannot be assumed stationary for its
full duration, I have segmented the EEG recording into 5-
sec-long segments, within each I fit a 6th-order Bayesian
autoregressive model. The AR model’s ‘‘basis functions’’, g
(they are not usually named as such), of the linear model
(3) are a set of past observations

dt¼
X

M

k¼ 1

bkdt�kþ et: ð36Þ

In its multivariate form, the design matrix G consists
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Figure 1. Simulated noisy sine wave (top) and its corresponding marginal coefficient distribution.
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merely of stacked past observations:

G¼

dM � � � dM

..

. . .
. ..

.

dT�1 � � � dT�M

0

B

B

B

@

1

C

C

C

A

ð37Þ

and d¼ ½dMþ 1; . . . ;dT �
>.

The expected values of AR coefficients for each segment
is shown in Fig. 4. The patterns in the coefficient value
plot show a correlation with the underneath plotted
hypnogram. The hypnogram is the sleep stage as classi-
fied by a human observer. How strong the correlation is
can be seen after clustering all expected coefficient values
and comparing the cluster allocation of each to the hypno-
gram, Fig. 5. The overall pattern has been captured, but

estimated cluster labels correspond to multiple manual
classification labels.

6. EXTENSIONS

6.1. Extensions to Multivariate Models

The model in the preceding sections has, for illustrative
purposes, focused on modeling a simple time series using
multivariate description. Thus, discrete time was the di-
mension of the multivariate model. More typical is the use
of multivariate models for simultaneous modeling multi-
ple observation vectors or signals, such as multichannel
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Figure 2. Left: evidence P(d) of the
sine wave time series for different ba-
sis function frequencies; right: peri-
odogram.
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Figure 3. Thirty-second section of an EEG recording during sleep.
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EEG recordings. Such a linear model could take the form

dt¼
X

M

k¼ 1

bkGk;tþ et 8t¼ 1; 2; . . . ;T: ð38Þ

Thus, the number of channels corresponds to the di-
mension of the multivariate model, leaving time to be
treated separately. By suitably stacking multiple channels
and time, a new multivariate model can be constructed
that is identical to the model (5)—the structure of the de-
sign matrix would naturally be dependent on the model
and the stacking. If one is to keep the form of the model,
then modeling requires inference with matrix-variate den-
sities (11). This can be desirable in order to retain the
structure of the matrix (12). For example, one may want to
model evoked potentials from several EEG recording sites
in their entire length. Thus, the commonalities between
sites are modeled by one set of parameters, while the time
course is modeled by another set of parameters, and both
sets have different prior assumptions.

The next step up in complexity is to assume that each
observation is governed by its own model (and set of pa-
rameters) but that parameters of the models are subject to
joint control by a latent model. These kinds of models,
known as coupled latent space models, are far less com-
mon, but have been used to model relationships, for in-
stance, between heart rate and respiration (13,14).

6.2. Approximate Bayesian Inference

The Bayesian framework provides a set of a very powerful
and very popular mechanisms (15). From a biomedical
point of view its chief advantage is that it leads to distri-
butions for all parameters. The implication is that error-
bars can be drawn to indicate the degree of uncertainty in
the model. Armed with this information a clinician can
make substantially more balanced decisions.

Unfortunately, multivariate integrals (univariate inte-
grals, too, for that matter) are not always analytic so that
explicit solutions cannot be found. In fact, analyticity is
guaranteed only in a limited class of models known as
conjugate models (16). When the integral is no longer an-
alytic, the only alternative is to use numerical integration
methods, among them the Markov Chain Monte Carlo
(MCMC) samplers, such as Gibbs and Metropolis Hastings
(17). The principle of these samplers is to replace the in-
tegral, e.g., in

FðxÞ¼

Z

f ðxÞpðxÞdx

by a sum

FðxÞ � 1N
X

N

i¼ 1

f ðxi; Þ

in which the evaluation points xi are chosen with proba-
bility p(x) to ensure the correctness of the approximation
in the large sample limit, N-N.

Often, the full joint distribution is too highly dimen-
sional and marginalization is computationally costly. For
such circumstances and when there are loops in the
graphical representation of the model’s distribution, see
Fig. 6, approximate methods are used. One such method is
the variational method (18,19), which seeks to approxi-
mate the full joint distribution by a set of smaller distri-
butions, e.g., Q(A)Q(B)Q(C)Q(D)2P(A, B, C, D) of Fig. 6.
The approximate set of distributions are adapted such
that the set minimizes the Kullback–Leibler divergence

KLðQjjPÞ¼

Z

QðAÞQðBÞQðCÞQðCÞ

� log
QðAÞQðBÞQðCÞQðDÞ

PðA; B; C; DÞ
dA dB dC dD

between them. This gives substantially faster algorithms
at the cost of optimality that MCMC samplers possess. For
the details of the method I refer the reader to (18) for a
good tutorial introduction.

7. CONCLUSION

The purpose of this tutorial is to provide the reader with
an initial feel for the mathematical operations typically
encountered in multivariate statistics. The linear model
allows all inference to be analytic and, thus, is a more in-
structive. However, nonlinear models, which require nu-
merical tools, still share a large part of the mathematical
manipulations seen for the linear case. The statistical par-
adigms of maximum likelihood and Bayesian inference
each require a different type of calculus, multivariate dif-
ferential and integral calculus, respectively. Because the
latter is usually less well described in the literature, it
received more emphasis in this text. The apparently added
complexity of Bayesian methods is easily offset if one con-
siders that additional statements about error bars of the
model parameters, crucial for medical applications, are
part and parcel of the approach.

A

D

B C

Figure 6. Graphical representation of the joint probability P(A,
B, C, D)¼P(A)P(B|A)P(C|A)P(D|C, B).
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8. A EXPANDING A LINEAR MODEL WITH
UNINFORMATIVE PRIOR

8.1. Completing Squares

In this section we describe a way to derive the posterior
functional form of the exponent by means of completing
the squares.

We are given the term in the exponent

ðd�GbÞ>ðd�GbÞ¼d>d� d>Gb� b>G>dþb>G>Gb

¼d>d� 2d>Gbþb>G>Gb;

where we could manage to sum the cross-terms because
they are scalars (i.e. scalar?¼ scalar). Introducing C¼
G(G?G)� 1, we now expand the to obtain a square term

¼b>ðG>Gb�G>GC>dÞ � d>CG>Gbþd>d

¼b>ðG>Gb�G>GC>dÞ � d>CðG>Gb

�G>GC>dÞ � d>CG>GC>dþd>d

¼ ðb� d>CÞ>G>Gðb� d>CÞ � d>CG>GC>dþd>d;

which allows us to write the full posterior (18) as

pðs;bjdÞ / ð2ps2Þ
�T

2

� exp
ðb� b̂Þ>G>Gðb� b̂Þ � d>GðG>GÞ�1G>dþd>d

�2s2

" #

1

s
;

where we have substituted b̂ for (G?G)� 1G?d.

9. EXPANDING THE MODEL MATRIX (PSEUDOINVERSE)

The completion of squares, as just shown, is quite cum-
bersome and not very obvious. It is easier to express the
inverse of the model matrix in terms of the inverse of the
matrix product of model matrices. In the term in the ex-
ponent we can extract the model matrix G as follows:

ðd�GbÞ>ðd�GbÞ¼ ðG�1d� bÞ>G>GðG�1d� bÞ:

However, the model matrix G is a rectangular matrix,
and thus the inverse is not unique. We can, however, ex-
press G� 1 in terms of G?G:

G¼URV>

) G>G¼ðVRU>ÞðURV>Þ

¼ ðVR2V>Þ;

where R is a diagonal matrix and Vand U are orthonormal
matrices (20) (i.e., V� 1

¼V?
)V?V¼ I, the identity ma-

trix). Also,

G�1G¼ I¼ ðG>GÞ�1
ðG>GÞ

) G�1
¼ ðG>GÞ�1

ðVRU>ÞðURV>ÞðVR�1U>Þ

¼ ðG>GÞ�1
ðVRU>Þ

¼ ðG>GÞ�1G>:

Thus, we arrive again at

ðd�GbÞ>ðd�GbÞ¼ ðb� b̂Þ>G>Gðb� b̂Þ;

where b¼ ðG>GÞ�1G>d.

BIBLIOGRAPHY

1. S. R. Searle, Matrix Algebra Useful for Statistics. New York:
John Wiley & Sons, 1982.

2. J. R. Magnus and H. Neudecker, Matrix Differential Calculus
with Applications in Statistics and Econometrics. New York:
John Wiley & Sons, 1988.

3. H. Lütkepohl, Handbook of Matrices. New York: John Wiley,
1996.

4. J. M. Bernardo and A. F. M. Smith, Bayesian Theory. New
York: John Wiley and Sons, 1994.

5. G. E. P. Box and G. C. Tiao, Bayesian Inference in Statistical

Analysis. New York: John Wiley and Sons, 1992.

6. A. Stuart and J. K. Ord, Distribution Theory, volume 1 of
Kendall’s Advanced Theory of Statistics. Edward Arnold,
1994.

7. N. L. Johnson, S. Kotz, and N. Balakrishnan, Continuous

Univariate Distributions, volume 1 & 2. New York: John
Wiley & Sons, 1995.

8. G. L. Bretthorst, Bayesian Spectrum Analysis and Parameter

Estimation. New-York: Springer-Verlag, 1989.

9. D. J. C. MacKay, Information Theory, Inference and Learning

Algorithms. Cambridge : Cambridge University Press, 2003.

10. J. J. K. O’Ruanaidth and W. J. Fitzgerald, Numerical Bayes-
ian Methods Applied to Signal Processing, Berlin: Springer,
1996.

11. A. K. Gupta and D. K. Nagar, Matrix Variate Distributions,
Number 104 in Monographs and Surveys in Pure and Applied
Mathematics. Chapman & Hall/CRC, 2000.

12. I. Rezek, S. J. Roberts, and P. Sykacek, Ensemble coupled
hidden markov models for joint characterisation of dynamic
signals. In: C. M. Bishop and B. J. Frey, eds., Proceedings of

the Ninth International Workshop on Artificial Intelligence
and Statistics, Key West, FL, Jan 3–6, 2003.

13. I. Rezek, M. Gibbs, and S. J. Roberts, Maximum a-posteriori

estimation of coupled hidden markov models. Journal of VLSI

Signal Processing Systems 2002; 32:55–66.

14. I. Rezek, P. Sykacek, and S. J. Roberts, Learning interaction
dynamics with coupled hidden markov models. IEE Proceed-

ings—Science, Measurement and Technology 2002;
147(6):345–350, http://www.robots.ox.ac.uk/Birezek.

15. D. Husmeier, R. Dybowski, and S. Roberts, eds., Probabilistic
Modeling in Bioinformatics and Medical Informatics. Ad-
vanced Information and Knowledge Processing. New York:
Springer-Verlag, 2004.

MULTIVARIATE BIOMEDICAL SIGNAL PROCESSING 9



16. A. Gelman, J. B. Carlin, H. S. Stern, and D. B. Rubin, Bayes-

ian Data Analysis. Chapman & Hall/CRC, 2000.

17. W. R. Gilks, S. Richardson, and D. J. Spiegelhalter, Markov

Chain Monte Carlo in Practice. Chapman Hall, 1996.

18. M. I. Jordan, Z. Ghahramani, T. S. Jaakkola, and L. K. Saul,
An introduction to variational methods for graphical models.

In: M. I. Jordan, ed., Learning in Graphical Models. Kluwer
Academic Press, 1997.

19. T. S. Jaakkola and M. I. Jordan, Bayesian parameter estima-
tion through variational methods. Statistics and Computing,
1997.

20. G. H. Golub and C. F. van Loan, Matrix Computation. Bali-
more, MD: John Honkins University Press, 3rd ed. 1983.

10 MULTIVARIATE BIOMEDICAL SIGNAL PROCESSING



MUSCLE FIBER CONDUCTION VELOCITY
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The National Rehabilitation
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Dublin, Ireland

1. BASIC SKELETAL MUSCLE PHYSIOLOGY

What is muscle fiber conduction velocity? Muscle fiber
conduction velocity (CV) is the speed with which an action
potential propagates along a muscle fiber. In order to fully
understand this answer, the reader must first understand
the context. A basic familiarity with the structure and
electrical properties of skeletal muscle fibers, muscle fiber
action potentials, and mechanisms of muscle fatigue will
aid in the appreciation and comprehension of subsequent
discussions in this article. A synopsis of physiological de-
tails that are deemed to be relevant to CV estimation are
provided below.

1.1. Skeletal Muscle: The Muscle Fiber and Motor Unit

Skeletal muscle is comprised of elongated, cylindrical cells
known as muscle fibers, which are attached via tendons to
the bones of our skeletons, and it is through their con-
traction that we can form movement. Muscle fibers are
activated by nerves known as motoneurons. Each moto-
neuron and the collection of muscle fibers it innervates is
termed a motor unit (MU). The MU forms the smallest
functional part of a muscle.

The region of contact between the axon of the moto-
neuron and the muscle fiber is known as the neuromus-
cular junction, or synapse. It is here that excitation
spreads, by way of a neurotransmitter, from the axon to
the muscle fiber. Each ‘‘twig’’ of the motoneuron axon lies
in a groove on the surface of the muscle fiber known as the
motor end-plate. When sufficient quantities of the neuro-
transmitter, acetylcholine (ACh), are received by the re-
ceptors on the muscle fiber membrane, ACh-gated
channels in the region of the end-plate are activated,
opening up to allow large quantities of Naþ to flow to
the interior of the muscle fiber. This influx of positive
charge results in a local depolarization of the fiber mem-
brane in the region of the end-plate, generating the first
phase of a muscle fiber action potential, a vital component
of the contraction process.

1.2. The Muscle Fiber Membrane Potential

The potential across the muscle fiber membrane is related
to the ionic concentrations in the electrolytic fluid both
inside (i) and outside (o) the muscle fiber and the perme-
ability (P) of the membrane to each ion. The most impor-
tant ions for muscle and nerve fiber membranes are
sodium (Naþ ), potassium (Kþ ), and chlorine (Cl� ). The
resting membrane potential can be approximated using

the Goldman–Hodgkin–Katz equation:

Vm¼
RT

F
ln

PK ½K
þ �oþPNa½Naþ �oþPCl½Cl

��i

PK ½K þ �iþPNa½Naþ �iþPCl½Cl��o
; ð1Þ

where Vm is the resting membrane potential, R is the gas
constant (8.314 J/(K-mol)), T is temperature in degrees
Kelvin, [Kþ ] is the ionic concentration of potassium (and
likewise for Cl� and Naþ ), and F is Faraday’s constant
(9.648� 104C/mol). While the muscle is at rest, there is
continual movement of ions across the membrane by both
passive (functioning purely on the kinetic energy of the
ions) and active (Naþ -Kþ pump) processes. As the cell
membrane is impermeable to negative ions, the inside be-
comes more negative than the outside, resulting in a rest-
ing membrane potential of approximately � 90mV; this is
referred to as the polarized state.

1.3. The Action Potential

The process of nerve-muscle communication was alluded
to above whereby the arrival of a nerve impulse at the
axonal terminals causes the release of ACh, and its uptake
by receptors on the muscle fiber membrane results in a
depolarization of the membrane in the region of the end-
plate. This depolarization should be viewed not as an iso-
lated event, but as the initiation of a potential chain re-
action. When a sufficiently large end-plate depolarization
occurs, i.e., greater than the excitation threshold of the
fiber, the depolarization spreads to adjacent portions of
the fiber membrane with more and more Naþ flowing into
the interior of the fiber. A few 100 ms after opening, the Na
þ channels begin to close and the Kþ channels open more
than usual, resulting in a rapid diffusion of Kþ ions to the
exterior, hence re-establishing the normal negative rest-
ing membrane potential. This phase is known as repolar-
ization. This set of localized rapid changes in membrane
potential is known as an action potential (AP). An AP can
simply be thought of as a rapid change in the voltage or
potential gradient across the membrane, which results in
action. In the case of muscle fibers, this action is a mus-
cular contraction. An AP will continue to propagate until
the entire fiber membrane has become depolarized. The
speed with which an action potential travels along a mus-
cle fiber, its conduction velocity, forms the basis of this ar-
ticle.

1.4. Muscle Fiber Types

Muscle fibers may be classified on the basis of their ana-
tomical appearance, physiological behavior, biochemical
properties, and/or histochemical features. A clear-cut cor-
relation does not always exist, however, between the dif-
ferent methods of classification, and considerable normal
variation can occur within a given fiber type depending on
sex, age, muscular activity, and nutritional status of the
individual. Nonetheless, a basic two-fiber system can be
considered adequate for the diagnosis of most common
diseases (1). Muscle fibers may be classified as type I or
type II on the basis of their metabolic properties, e.g., ox-
idative enzymes, or their myofibrillar adenosine trip-

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



hosphatase activity. The metabolic properties of a muscle
fiber can be related to its role in a muscular contraction,
order of recruitment, and fatigue endurance. Motor unit
fatigue and recruitment properties provide a means of
distinguishing between type I and type II MUs. CV esti-
mates are a convenient means of monitoring muscle fa-
tigue and thereby aiding MU classification. As discussed
below, CV may be estimated at a global or local level, pro-
viding insight into the fatigue behavior of the muscle as a
whole or of individual MUs.

1.5. Mechanisms of Muscle Fatigue

Neuromuscular fatigue may be defined as a loss in force
generating capacity. It encompasses a class of acute effects
that impair motor performance. Muscle fatigue is an on-
going process of alteration commencing from the start of
the contraction. Neuromuscular fatigue may be viewed
not so much as a deficiency, but as an inherent protection
mechanism (2,3). Whatever the definition, fatigue is a
complex phenomenon with multiple causes, both central
and peripheral, which are likely to be task- and situation-
dependent, i.e., proportional to the duration and level of
the contraction, contraction history, muscle composition,
etc. Central fatigue refers to a reduction in central com-
mand, i.e., a reduction in neural drive. In contrast, pe-
ripheral fatigue includes anything from AP blockage at
the axonal terminals and failed neuromuscular transmis-
sion, to factors within the muscle fiber itself down to failed
excitation-contraction coupling. The interested reader
should consult Fitts (4) for a comprehensive review of cel-
lular mechanisms of muscle fatigue, while Gandevia (5)
provides detailed insight into central factors.

Changes in membrane properties, which manifest as
changes in the AP such as a reduction in the speed of
propagation and the AP amplitude, or an altered wave-
form or AP shape, are largely thought to be products,
rather than causes of fatigue, following rather than antic-
ipating changes in force output. Nonetheless, monitoring
such electrophysiological changes provides a means of
studying the progression of neuromuscular fatigue. The
most reliable and convenient means of monitoring muscle
fatigue is through CV estimation.

2. CONDUCTION VELOCITY ESTIMATION

Muscle fiber CV was reportedly first investigated on the
human forearm with surface electrodes by Hermann in
1878 (6). A variety of techniques for CV estimation have
since developed. Typical MU or single-fiber CV values ob-
tained from the larger human limb muscles are of the or-
der of 2–6m/s. A key requirement to address the question
of conduction velocity estimation is an understanding of
the electromyogram (EMG). A brief introduction to EMG
is provided below. The techniques for CV estimation can
initially be divided on the basis of the method of signal
acquisition, with further variations existing for each of
intramuscular and surface recordings.

2.1. Intramuscular and Surface EMG

The mechanisms and significance of ionic exchanges that
occur along the membrane of an activated muscle fiber
have been briefly discussed in the first section. The prop-
agation of the induced transmembrane current loops
causes changes in the surrounding (extracellular) poten-
tial field. These potential changes can be recorded when
an electrode is inserted into the muscle (intramuscular
recording) or placed on the skin surface above the active
muscle (surface recording). Whether recorded intramus-
cularly or at the skin surface, the recording of the electri-
cal activity of muscle is known as the electromyogram
(EMG)—derived from ‘electro’ meaning electrical, ‘myo’
meaning muscle, and ‘gram’ meaning record. Electromyo-
graphy is the principal source of information about the
status of the neuromuscular system in humans.

When a single muscle fiber is activated, the resultant
waveform is known as a single-fiber action potential. A
motor unit action potential (MUAP) is the waveform that
results from the temporal and spatial summation of the
action potentials from its member muscle fibers. The EMG
comprises the summed contribution of a number of
MUAPs (or single-fiber APs, in the case of single-fiber
EMG). The number of muscle fibers or MUs contributing
to the EMG signal depends on the size of the electrode
pickup area and on the number of muscle fibers or MUs
active in that area.

The proximity of intramuscular electrodes to the active
electrical sources enables the activity of single muscle fi-
bers and/or MUs to be recorded. Surface electrodes, on the
other hand, being further from the active sources, tend to
have larger pickup areas. The noninvasive nature of sur-
face electrodes enables pain-free contractions of varying
durations and force levels to be recorded. This opens up
the possibility of recording the voluntary electrical activ-
ity from both type I and II MUs and monitoring recruit-
ment patterns and fatigue behavior. In recent years high-
density surface electrode arrays have gained considerable
popularity (Fig. 1). Such surface electrode arrays provide
spatio-temporal information (Fig. 2) not readily accessible
from intramuscular EMG recordings, which can be used to
extract knowledge regarding propagation patterns, CV,
and details of the underlying muscle structure, such as the
locations of tendon and end-plate regions in addition to
muscle fiber orientation.

2.2. CV Estimation from Intramuscular EMG

If intramuscular electrodes are used, the selectivity may
be such that the signal recorded is a single-fiber AP. In
such instances, when two recording electrodes are used,
the propagation time is determined by estimating the de-
lay between well-defined points on the AP, such as the
peak or the point of zero-crossing (7,6). In cases of stim-
ulated contractions, the propagation time is defined as the
interval between the stimulus and the recorded AP. In
1966 Stålberg (6) used specially designed multielectrode
probes to estimate CV of both stimulated and voluntary
contractions of the human biceps brachii and electrically
stimulated contractions of curarized tibialis anterior mus-
cle of rabbits. He concluded that it is ‘‘impossible to cal-
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culate the exact propagation velocity over a longer dis-
tance by means of the latency between stimulus and ac-
tion potential and the distance between the stimulating
and recording needles,’’ due to the risk of unintentional
nerve stimulation. However, Troni et al. (8) reassessed
this problem and in 1983 published a protocol for muscle
fiber CV estimation that forms the basis of current intra-
muscular CVestimation (9–12). The technique is based on
distally stimulating the muscle fibers with a low-ampli-
tude pulse from an intramuscular electrode and recording
the resultant potential more proximally. It is important
that the end-plate region be located prior to stimulation to
ensure that both the recording and stimulating electrodes
are positioned at the distal periphery of this region. The
stimulation results in a polyphasic potential, the peaks of
which correspond to individual muscle fiber APs. Hence
their respective CV values may be determined. The stim-
ulating and recording electrodes are repositioned a num-
ber of times within the same muscle, ultimately providing
a distribution of muscle fiber CVs.

Zwarts (12) and van der Hoeven et al. (13) estimated
CV both intramuscularly and at the skin surface. The
mean CV from surface EMG was higher then that from
intramuscular EMG. The possible explanations offered re-
late to the fact that CV estimates from intramuscular
EMG were made following muscle stimulation at a rate

significantly lower than the natural firing rate, which
might be expected to occur during voluntary contractions
(surface EMG measurements). The possible influences of
end-effects, poor electrode placement, or a bias toward the
larger amplitude, type II MUs with faster motor unit con-
duction velocities (MUCVs), are also proposed as explana-
tions for the higher mean CV values obtained from surface
EMG. In addition, a consequence of this intramuscular
method of CVestimation may be that it is possible to stim-
ulate both denervated and innervated fibers, resulting in
CV estimates being obtained from atrophied fibers, which
could bring down the mean value.

Though CV estimates from intramuscular EMG have
been shown to be of diagnostic value, surface EMG signals
are more commonly used for CV estimation. For this rea-
son greater emphasis is placed in subsequent sections of
this article on CVestimation from surface EMG. The prin-
cipal application to date of CV estimates from surface
EMG has been monitoring muscle fatigue; however, recent
developments point to potential diagnostic value.

2.3. Indirect CV Estimation from Surface EMG

Conduction velocity is known to decrease with muscle fa-
tigue. If the velocity with which an AP passes the record-
ing electrodes decreases, then it will be ‘‘visible’’ to the
electrodes for an increased length of time. The resultant
recorded waveform will be of increased duration, and its
frequency content will shift to lower frequencies. A change
in muscle fiber CV could therefore be expected to be mir-
rored by an equal relative shift in the surface EMG power
spectrum. If it is assumed that all other factors remain
constant, then by a first approximation, a change in CV
would result in an even compression of the power spec-
trum. The relative CV change could then be inferred from
the spectral shift of any frequency component (Fig. 3).

Typically, the mean or median frequencies of the EMG
power spectrum are chosen. If the Fourier transform of an
EMG signal x(t) is X(f) and the power spectral density, P(f)
¼|X(f)|2, then the mean and median frequencies of the
power spectral density may be defined as follows, where
Fmax is the maximum frequency in the spectrum:

fmean¼

R Fmax

0 f � Pðf Þdf
R Fmax

0 Pðf Þdf
; ð2Þ

Z fmedian

0
Pðf Þdf ¼

Z Fmax

fmedian

Pðf Þdf ¼
1

2

Z Fmax

0
Pðf Þdf : ð3Þ

4.5 cm

6.0 cm

Figure 1. Schematic illustration of high-density surface EMG
electrode grid - surface electrodes (solid circles) placed on the bi-
ceps brachii muscle. The small rectangle illustrates a possible
subset of electrodes (column) used for analysis. Reprinted from
Drost G., et al., Brain, 124(2): 352–360, r 2001, Oxford Univer-
sity Press.

IZ

Figure 2. Example of spatial information
from high-density surface EMG. Recorded
from the biceps brachi at 25% maximum vol-
untary contraction, using a bipolar linear elec-
trode array (inter-electrode distance, 10 mm)
positioned in the fiber direction. The position
of the innervation zone (IZ) is visible from the
‘phase reversal’. Also note the different
MUAPs and their propagation from the time
delay between the consecutive channels.
Adapted with permission Farina et al, [35],
r 2002, IFMBE.
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Experimental results reveal that a linear relationship
between changes in CVand shifts in the power spectrum is
an oversimplified view and that the observed shift in spec-
tral measures (median or mean frequency) often exceeds
the changes in CV (14–18). It is widely accepted that MU
firing rates decrease during fatigue. This reduction in fir-
ing rate has been proposed as a possible explanation for
the additional spectral decrease relative to the decrease in
CV. Though a theoretically viable explanation, simulation
studies have shown that changes in mean firing rates do
not have a significant effect on the mean and median fre-
quencies (19,20). It should be noted, however, that the de-
gree to which firing statistics affect the EMG spectrum
may be influenced by issues relating to data acquisition
(choice of high-pass cut-off frequency, properties of the re-
cording electrodes, and the conduction volume), in addi-
tion to properties of the firing statistics. For example, if all
active MUs have similar mean firing rates, and there is
little variation in interpulse intervals, then a firing rate

peak may be noted in the power spectrum. Therefore,
changes in this peak could affect spectral measures. How-
ever, if the variability in MU firings increases, the spectral
component due to firing rates will broaden, thereby weak-
ening the influence of firing rates on the overall EMG
spectrum. An increased uniformity in MU firing may be
likened to MU sychronization. The degree of MU synchro-
nization is thought to increase during fatigue; it, too, has
been proposed as an explanation for the additional fre-
quency shift (21). Other potential factors that influence
the power spectrum, and hence could contribute to the
additional fatigue-induced shift, are changes to the fun-
damental MUAP shape, low-pass filtering effects of the
skin-electrode contact and volume conduction character-
istics, and different rates of change of MUCV values
(19,22). Lowery et al. (17) propose an alternative ap-
proach, the spectral distribution technique, to estimate
CV from the EMG spectrum. The spectral distribution
technique is applied to the amplitude spectrum (the mag-
nitude as opposed to the squared magnitude of the Fourier
transform of the surface EMG signal) and has been shown
to be a more accurate spectral representation of CV
(Fig. 4).

Lindstrom et al. (23) introduced an alternative and
more direct method of CV estimation from the EMG spec-
trum—spectral-dip analysis. This method is based on the
following expression for the bipolar electrode filter func-
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Figure 3. Illustration of normalized power density functions for
0.5 s epochs of surface EMG recorded early (a) and late (b) during
a sustained isometric contraction of the tibialis anterior. Note the
shift in power to lower frequencies with fatigue, the median fre-
quency shifted from 97.7 Hz (a) to 72.3 Hz (b). [(a) is the power

spectral density for the distal EMG shown in Fig. 5(a).]
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Figure 4. Illustration of the relative changes in CV and spectral
measures. Group mean data (S.E.M, n ¼ 8) for conduction veloc-
ity (o), spectral distribution function parameter (K) and median
frequencies of the amplitude (&) and power (’) spectra, during
sustained maximal voluntary isometric contractions of biceps
brachii. All parameters, have been normalized to their initial
value recorded at t ¼ 0. * indicates a statistically significant dif-
ference between the relative change in a parameter and the rel-
ative change in conduction velocity. Reprinted with permission
from Lowery et al., [17], r 2000, IEEE.
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tion,

FbipolarðjoÞ ¼2jSin
od
CV

� �

; ð4Þ

where o denotes angular velocity and d is half the inter-
electrode distance. The differentially coupled bipolar elec-
trode introduces so-called dips into the spectrum at those
frequencies where the sine function is equal to zero,

o¼
npCV

d
: ð5Þ

n is an integer, f is frequency (Hz). Given the electrode
dimensions, CV can be determined from

CV ¼
2dfdip
n

: ð6Þ

The estimated error in CV determined from the dip fre-
quency is about 5 % (23). However, the spectral dips may
be difficult to detect in bipolar surface EMG recordings,
particularly if the electrodes are not accurately aligned
with the fiber direction, or if there is a substantial layer of
intervening tissue between the muscle and recording elec-
trodes. Despite the many factors in addition to CV, which
potentially affect the surface EMG spectrum, spectral
measures continue to be used as an indirect means of in-
ferring information regarding relative changes in CV.

2.4. Direct CV Estimation from Surface EMG

Direct CV estimation is used here to refer to the range of
techniques designed to estimate the time delay between
two spatially displaced signals and from the quotient of
distance (d) over time (t) to arrive at a direct estimate of
CV.

CV ¼
d

t
: ð7Þ

A common time-domain technique of delay estimation is
cross-correlation, which provides estimates of the similar-
ity of the two EMG signals at a series of time steps. As the
signals are essentially similar in form, but are displaced in
time, the position of the peak of the cross-correlation func-
tion is the time delay between the two signals. For two
EMG signals, X and Y, the cross-correlation can be calcu-
lated from

r1;2ðtÞ¼

PN;Nþ t
i¼ 0;j¼ iþ t ðXi � XÞ:ðYj � YÞ

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

PN
i¼ 0 ðXi � XÞ2:

PNþ t
j¼ iþ t ðYj � YÞ2

q ; ð8Þ

where the correlation coefficient r1,2 is a normalized value
ranging from � 1 to 1. Two surface EMG signals recorded
from the tibialis anterior during a sustained isometric
contraction at 30% maximum voluntary contraction are
shown in Fig. 5 together with their cross-correlation func-
tion.

A high cross-correlation coefficient (typically greater
then 0.8) is a necessary, but not sufficient requirement for
accurate CV estimation. For example, signals containing
nonpropagating components may give rise to high cross-
correlation coefficients. However, the CV is likely to be
significantly overestimated due to the near-zero time lag
between the nonpropagating components of the signals.
The maximum of the cross-correlation function may be
susceptible to noise. A solution has been proposed
whereby the time lag is estimated from the peak of a non-
linear interpolation function fitted to the cross-correlation
function by regression, e.g., a parabola (24), as opposed to
the cross-correlation peak alone. However, a potential
problem with this approach is specifying and fitting the
nonlinear interpolation function. An alternative to cross-
correlation computation is to estimate the delay that min-
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Figure 5. (a) Proximal (solid) and distal (dashed) surface EMG
signals recorded from the tibialis anterior, using bipolar elec-
trodes. (b) The corresponding cross-correlation (CC) function for
the two EMG signals shown in (a). Conduction velocity may be
estimated from the time lag of the maximum CC coefficient, which
in this case is 4.3 ms, giving a CV 2.79 m/s (inter-signal distance
of 12 mm).
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imizes the least-square error between both signals in the
frequency or time domain (25).

If the time delay is estimated by frequency-domain
techniques, and provided the Nyquist criterion is satis-
fied, the precision of the estimate is not limited by the
sampling frequency. In order to circumvent restrictions in
time-delay resolution as a result of the sampling fre-
quency, McGill & Dorfman (26) introduced a new ap-
proach whereby the waveforms are treated as
continuous functions represented by the coefficients of
their expansions in a suitable basis (complex exponen-
tials) rather then as sets of discrete samples. A frequency-
domain method for the alignment of sampled waveforms
was therefore developed, based on the minimization of the
mean squared error between the Fourier transforms of the
two signals. In an alternative frequency domain approach,
the phase-shift method, a constant time delay is assumed
for all frequencies between the two spatially displaced
signals. The phase difference between the associated Fou-
rier transforms is therefore taken to be proportional to the
frequency. The proportionality factor can be determined
by a weighted linear regression based on the power den-
sity function of both signals: an initial alignment proce-
dure may be used to avoid the 2p phase jumps, which can
complicate calculations.

Lynn (27) introduced a zero-crossing technique
whereby a zero crossing in one EMG waveform initiates
a counter, which is inhibited by the next zero crossing in
the second (delayed) waveform. The average time delay
and hence CV could then be estimated from a histogram of
counter values. As with the zero-crossing method, point-
to-point delay estimation approaches are based on the de-
tection of specific local features of the signal. Though such
approaches can prove beneficial for highly selective and
clean signals, they may lack robustness and suffer from an
unacceptable sensitivity to noise. Interpolation algorithms
have been applied in such cases to reduce this sensitivity
to noise (28,29). Under ideal conditions, that is, in the ab-
sence of shape or scale changes of the propagating signals,
and with additive white Gaussian noise, the maximum-
likelihood method may be considered to be the optimum
approach for CV estimation (30,31). However Farina et al.
(30) report that a modified beamforming approach, which
exploits the directional focus of the surface EMG data de-
tected with multi-channel linear electrode arrays, is less
sensitive to fiber inclination than the maximum-likelihood
estimator (particularly when used in conjunction with
proper signal selection). The propagation delay was esti-
mated in the frequency domain by finding the value that
maximizes the energy of the average of all aligned signals
(30,32,33).

2.5. Estimation of MUCV Distributions from Surface EMG

Within the realm of surface EMG, the standard approach
to direct CV estimation, as discussed above, is to deter-
mine the time taken for a signal (typically 0.5 to 2 s in
duration) to travel between two spatially displaced record-
ing points, resulting in a single CV value. The surface
EMG generated from a voluntarily contracting muscle po-
tentially comprises the combined electrical activity of a

number of different MUs with different fiber types, vary-
ing sizes and relative locations, different fatigue and re-
cruitment patterns, and different MUCVs and firing
statistics. Therefore, a single, ‘‘global’’ CV estimate, ob-
tained from surface EMG, may be of limited value. By
contrast, the distributions of muscle fiber conduction ve-
locities, obtained from intramuscular EMG analysis, have
proved to be of important diagnostic value. Researchers in
the field of surface EMG have therefore been motivated to
develop alternative, more informative means of estimat-
ing MUCV from surface EMG.

A number of approaches have been taken in response to
this challenge. Farina et al. (32) sought to decompose the
surface EMG into its constituent MUAPs, determining the
associated MUCV value in each case. In a further study
(34), intramuscular recordings were used to enable spike
triggered averaging of the surface EMG potentials prior to
MUCVestimation. The simultaneous use of intramuscular
and surface EMG for MUCV estimation was used by
Nishizono as early as 1979 (35). Schneider et al. (29)
used a high-resolution surface EMG electrode array to ob-
tain individual MUAPs and subsequently determined
their MUCV values. Others have approached the problem
by way of deconvolution analysis, where the distal surface
EMG signal is viewed as a convolution of the proximal
surface EMG signal with an impulse response filter, which
represents the delays due to propagation (36–38). If trans-
fer between consecutive electrode sets can be considered
as a pure delay for each MU, then the absolute value of the
impulse response can be considered proportional to the
MUCV distribution. Though such an approach has a the-
oretical grounding, it may not yet be appropriate for anal-
ysis of experimental EMG; due to the assumptions on
which the method is based, many of which are not realistic
for experimental surface EMG (39). However, the appli-
cation of the transfer function or impulse response to
short-term windows of data may be more promising.

An alternative and increasingly common approach to
CV estimation from surface EMG is to estimate velocities
of individual peaks in the surface EMG signal (39–43).
Typically, one of the surface EMG signals is analyzed and
peaks above a certain amplitude threshold identified. The
second signal is then scanned to find the time-displaced
versions of the peaks identified in the first signal. The
time for each peak to propagate between the two recording
points is determined, enabling CVs to be estimated for
each peak (Fig. 6).

The peaks in the EMG signal are assumed to represent
individual MUAP waveforms. The associated ‘‘peak veloc-
ities’’ are then used as a means of estimating the MUCV
distribution from surface EMG. However, caution is re-
quired. The resultant distributions of peak velocities (Fig.
7) contain the velocities of all peaks in the surface EMG
signal, as opposed to all MUAPs. A peak in the surface
EMG signal is not guaranteed to represent an individual
MUAP due to MUAP interference. These distributions are
also biased toward the CV values of MUs with higher fir-
ing rates. The following issues must be dealt with when
estimating MUCV distributions from surface EMG sig-
nals: (1) distribution bias due to multiple MU firings; (2)
spurious contributions due to MUAP interference (such a

6 MUSCLE FIBER CONDUCTION VELOCITY



phenomenon becomes more prevalent where more MUs
are active); (3) time-induced changes in the MUCV distri-
bution due to the effects of fatigue on already active MUs,
in addition to changes in the MU population due changes
in MU recruitment.

To address these issues, Beck et al. (43) clustered the
amplitude and velocity estimates from individual peaks,

enabling the activity of individual MUs to be extracted,
while simultaneously reducing the bias due to firing rates
and rejecting spurious peaks resulting from MUAP inter-
ference. This technique was applied to simulated (43) and
experimental (44) data. The representative MU values
(cluster centers) were tracked across time, providing the
ability to monitor changes in CV and amplitude for indi-
vidual MUs in addition to supplying information regard-
ing MU recruitment patterns (Fig. 8). Such an approach
supports the possibility of using high-density surface
EMG recordings to obtain information about both type I
and type II MUs during sustained moderate-level isomet-
ric contractions, with possible diagnostic as well as re-
search applications.

An advantage of many of the approaches mentioned
above, relative to the traditional ‘‘global’’ CV estimate, is
that they succeed in providing a more representative view
of the underlying MUCV distributions. Numerous meth-
ods are available for time delay and hence CV estimation;
the above review is therefore not exhaustive; see Farina &
Merletti (45) for a technical review of CV estimation tech-
niques. Regardless of the technique chosen for CV estima-
tion, the user should be aware of the inherent limitations.
It is often beneficial to objectively assess the performance
of the chosen approach using simulated data prior to its
application on experimental data.

2.6. The Recording Electrodes, the Volume Conductor, and
CV Estimation

When surface EMG is being recorded for CV estimation, it
is vital that the electrodes are correctly positioned (46)
and that good electrode-skin contact is maintained
throughout the recording session.

The most suitable muscles for surface EMG recordings
are superficially located with long, straight, and parallel
muscle fibers. The biceps brachii, brachioradialis, vastus
medialus, and lateralis and the distal part of the tibialis
anterior are particularly suited to CV estimation from
surface EMG. The surface recording electrodes should be
placed on the distal third of the muscle between the end-
plate and the tendons (46). If the electrodes are too close to
the end-plate or to the muscle fiber terminations, overes-
timation of CV is likely to occur due to end effects. Care
should also be taken to ensure that the electrodes are
placed on the same side of the end-plate zone. The end-
plate zone may be located by electrical stimulation, pal-
pation of anatomic landmarks (47), or the use of bipolar
surface EMG from a surface electrode array. Electrodes
should be aligned parallel to the underlying muscle fibers.
Correct alignment can be verified by ensuring that
MUAPs from consecutive recording points are similar in
amplitude and waveform and have consistent time delays
between consecutive channels. As discussed below, the
choice of electrode configuration may also affect the CV
estimate.

The electrode configuration or montage describes the
number of electrodes used to derive the EMG signal and
their relative separation distances and weighting factors.
The simplest electrode configuration is the monopolar
electrode. Here the EMG is recorded at a single point
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Time (ms)

Figure 6. Peak velocity estimation. Simulated EMG, proximal
(solid) and distal (dashed-dotted), using normal double differen-
tial electrodes (inter-electrode distance, 6 mm and inter-signal
distance, 12 mm, as reported in Beck et al. (2005a)). Individual
peaks with amplitudes greater than a threshold level (horizontal
solid lines) are identified (stars) in the more proximal signal. The
CV may be calculated for each peak. (inset) Zoom in of one of the
identified peak pairs, the arrow represents the direction of prop-
agation. The time delay between these peaks is estimated pro-
viding an estimate of the associated peak velocity.
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Figure 7. Histogram of peak velocities from 2 s of surface EMG
data (0.25 s of which are shown in Fig. 5(a)).
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with respect to a reference, or ground electrode placed at a
remote, electrically isolated location. Of itself, a monopo-
lar surface EMG recording is of limited value for CV es-
timation, as it is sensitive to all the electrical activity in
the surrounding environment as well as signal noise. Spa-
tial filters may be applied to improve electrode selectivity.
Superficial MUs generate high and spatially steep poten-
tial gradients in the recording area and therefore domi-
nate the signal relative to the deeper, more distant MUs
that have correspondingly flatter potential gradients
(48,49). This difference in the spatial gradients of the po-
tential fields enables the signal to be focused by separat-
ing out unwanted signal components.

The simplest form of spatial filtering is achieved by ob-
taining the difference between two monopolar signals. The
resultant bipolar signal, which is more selective and has a
superior signal–to-noise ratio, is historically the most com-
monly used configuration for CV estimation from surface
EMG recordings. With the advent of surface EMG elec-
trode arrays and two-dimensional grids, higher-order spa-
tial filters are becoming increasingly popular. Double
differential signals are derived by the spatial differentia-
tion of two bipolar signals (Fig. 9). This configuration is
advised for the successful reduction of end effects (50,51)

and leads to good spatial selectivity along the axial direc-
tion of the electrodes. A slightly more complex configura-
tion, requiring a two-dimensional grid and five monopolar
electrodes, known as the normal double differential con-
figuration (49), enables finer signal resolution and spatial
selectivity in all directions (48). The signal is focused
around a center point by combining its spatial derivative
relative to each of the four surrounding electrodes.
Weighting factors are applied to each electrode according
to the Laplace equation and approximated in a first-order
approach of the Taylor series, i.e., � 4 on the central elec-
trode and þ 1 on the four surrounding electrodes (Fig. 9).
Higher-order Laplacian and binomial filters have also
been applied to high-density surface EMG recordings (49).

The impedance of muscle tissue is highly anisotropic,
i.e., directionally dependent, due to the nonhomogeneous
anatomical structure of a muscle. One- and two-dimen-
sional spatial filters have been shown to be sensitive to
inclination angle or electrode orientation relative to the
underlying muscle fibers; the depth of the electrical source
(MU or muscle fiber); the direction of propagation; end ef-
fects; and, among other factors, cross-talk (49,51–54). The
characteristics of a particular spatial filter may strongly
affect the resultant CV estimates.
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Figure 8. (a) Global CV and (b) individual
MUCVs estimated during a sustained fatiguing
contraction of the tibialis anterior. Note the char-
acteristic decrease in mean CV with fatigue, a
subsequent increase, presumably due to MU re-
cruitment, and final decrease. Adapted from Beck
et al., Muscle & Nerve, [44], r 2005, Wiley.
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A consequence of the properties of the volume conduc-
tor between the active electrical source and the recording
electrodes is the variation in rates with which the ampli-
tudes of different signal components decrease with in-
creasing source to electrode distance. The main,
propagating component of an MUAP decays at a faster
rate than the nonpropagating component (51,52). The
slower rate of decay of the nonpropagating components
leads to an associated increase in the relative contribution
of these components with increasing electrode-source dis-
tance. As mentioned previously, the presence of such non-
propagating components can have a detrimental effect on
CV estimation and cause artificially high estimates.

The pickup region of an electrode is dependent on the
specific properties of the active muscle and its surround-
ing volume conductor in addition to the electrode param-
eters. For a bipolar electrode pair, the pickup region is
related to the interelectrode distance. If the electrical
properties of the tissue between the active muscle fibers
and the recording electrodes are assumed to be homoge-
neous, then the pickup region of a bipolar electrode pair is
roughly equivalent to its interelectrode distance (55).
However, the muscle, fat, and skin layers separating the
electrodes from the active fibers are not electrically homo-
geneous, and under these conditions, the relationship be-
tween the interelectrode distance and the electrode pickup
is less clear (56). Nonetheless the choice of interelectrode
distance has been shown to affect the resultant CV esti-
mates, in part relating to the contributions of different AP
components and different source-electrode distances. An-
other electrode parameter, which has been shown to affect
CV estimation, is the intersignal distance, i.e., the dis-
tance between the two EMG signals used for CV estima-
tion (57).

Random variations have been reported for CV esti-
mates obtained from neighboring locations above an ac-
tive muscle. Such spatial variation in CV estimates is
postulated to be due to localized inhomogeneities in the
skin (28,29,58). CV estimates obtained using small inter-
signal distances are particularly sensitive to this phenom-
enon. Averaging techniques have been suggested to

overcome this spatial variability and to ensure higher re-
liability of the resulting CV estimates (29,34). As a result
of these observations it is recommended that small inter-
electrode distances are used to provide signal selectivity,
while larger intersignal distances are used to reduce the
effects of local inhomogeneities, hence resulting in more
reliable CV estimates (57). A further consequence of the
electrode configuration is its influence on the AP wave-
form. For example, the point at which the AP passes the
center of the electrode configuration is expected to be seen
as a peak in an MUAP recorded with normal double dif-
ferential electrodes (29), whereas it is the point of zero-
crossing for a bipolar recording. These factors should be
taken into account when selecting a surface electrode con-
figuration for CV estimation.

3. SIGNIFICANCE OF CONDUCTION VELOCITY
ESTIMATES

Having established an understanding of the physiological
aspects of action potential generation and propagation,
acquired a basic knowledge of the EMG, and discussed
methods of CVestimation, a vital question still requires an
answer: why are muscle fiber conduction velocity esti-
mates of value? The statement that CV ‘‘is one of the major
determinants of the surface EMG and it is disturbed in
most neurological disorders of motor neuron, axon and
muscle’’ (59) could be seen to provide a sufficient answer.
The physiological and pathological relevance of CV esti-
mates are discussed below.

3.1. CV & Characteristics of the Surrounding Electrolytic
Fluids

The Goldman–Hodgkin–Katz equation 1 relates the mem-
brane potential to the ionic concentrations on either side
of the membrane. It is therefore not surprising that the
membrane excitability and hence the CV of a propagating
AP are also influenced by the ionic gradients and concen-
trations in the surrounding intra- and extracellular fluids.
During sustained, high-force contractions, the intramus-
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cular pressure exceeds the arterial blood pressure,
thereby occluding blood flow. Kþ , Hþ , and lactic acid
are not washed out, but accumulate in the extracellular
space. The build up of these byproducts is thought to affect
the excitability of the membrane and hence CV. The Naþ -
Kþ pump plays a key role in the maintenance of mem-
brane excitability through its regulation of ionic ex-
changes at the membrane. However, under conditions of
sustained contraction and repetitive firing, the action of
the pump is insufficient to balance the increased Naþ /Kþ

flux despite increased pumping activity. The altered ionic
gradients cause a sarcolemmal depolarization, and hence
a reduction in the excitability of the membrane, a slowing
in the rate of change of the Naþ and Kþ conductances,
and ultimately a reduced CV.

Juel (60) investigated the factors responsible for the
time-dependent reduction in CV by studying the changes
induced in isolated soleus and extensor digitorum longus
muscles of the mouse due to repeated stimulation. They
concluded that the action potential CV is dependent on
both the Kþ gradient and the internal pH. The increased
extracellular Kþ concentration is associated with a broad-
ening of the AP and a reduction in membrane excitability,
whereas the reduced pH results in minor AP shape
changes but does not affect the membrane excitability.
The relative influence of each factor is dependent on the
intensity and duration of the activity and the type of mus-
cle fibers involved. The fibers of the extensor digitorum
longus (98% type II) were found to be more sensitive to
both the internal pH level and the external Kþ concen-
tration than those of the soleus (76% type I); a finding that
is consistent with the metabolic properties of the type II
fibers. Masuda et al. (61) measured CV during both static
and dynamic fatiguing contractions of the vastus lateralis
in 19 healthy subjects. They concluded that the contrast
between a fatigue-induced reduction in CV during static
contractions (no wash-out of byproducts) and the absence
of a significant reduction during the dynamic contractions
(wash-out of byproducts) was suggestive of the depen-
dence of CV on the metabolic state of the muscle. Such a
conclusion agrees with the findings reported following
muscular contractions with induced-ischemia (62,63). CV
is therefore sensitive to the properties the surrounding
electrolytic fluids—a sensitivity related to the fiber type
composition of the muscle (64).

Patients suffering from a metabolic disease known as
myophosphorylase deficiency, or McArdle’s disease, are
not capable of producing lactate acid. They may therefore
provide insight into the role of lactate in fatigue and the
reduction of CV. The general consensus that a build-up of
intramuscular lactate is responsible for reductions in CV
would seem to be supported by studies of McArdle’s dis-
ease patients. Linssen et al. report altered CV behavior in
McArdle’s patients during intermittent, ischemic contrac-
tions of the biceps brachii, at various force levels, relative
to controls (16,65). In the initial stages of the contraction,
no significant changes in CV were detected in patients,
while a reduction in CV was noted in controls. However,
during the loss of force phase, the reduction in CV was
similar for patients and controls. The lack of lactate is
proposed as an explanation for this difference. It is also

postulated that additional mechanisms, other than lactic
acid accumulation, are responsible for the CV decrease
during the loss of force phase (65). A separate study of
McArdle’s disease patients revealed a strong shift in the
median frequency of the power spectrum of surface EMG
signals recorded during maximum voluntary isometric
contraction of the quadriceps (66). In the absence of lac-
tic acid, it was concluded that potassium was the key fac-
tor causing the spectral shift (and by inference, the
reduction in CV). A continual loss of force might be ex-
pected to occur during a maximum voluntary contraction,
and hence this result may not be different from the de-
layed CV decrease reported by Linssen et al. for 40, 60,
and 80% maximum voluntary contractions. The different
findings from these studies could also be explained in part
by different exercise protocols and the variation in muscle
fiber composition of the biceps brachii and quadriceps fe-
moris.

3.2. CV as a Fatigue Index

Due to the noninvasive nature of surface EMG electrodes,
surface EMG signals may be recorded during sustained,
fatiguing contractions. The changes in ionic concentra-
tions, discussed above, which occur during sustained con-
tractions, illustrate the usefulness of CV as an index of
fatigue. Direct or indirect CVestimates are used in fatigue
studies. Typically, the CV estimate decreases from the
start to the end of a contraction, indicating the level of
muscle fatigue. However, it is important to be aware of the
significance of the protocol design. Motor unit recruitment
can cause an increase in the mean CV due to the activity of
larger MUs with faster CVs. At lower contraction levels
(o30% maximum voluntary contraction), an increase in
CV may be noted over time (67), probably due to recruit-
ment of faster MUs. At higher force levels, when all MUs
are recruited, a reduction in CV will be noted during sus-
tained contraction. The extent and rate of this reduction
will be related to the contraction type in addition to the
fiber-type composition of the muscle. Conduction velocity
estimates obtained from high-density surface EMG during
sustained, moderate level contractions of the tibialis an-
terior have revealed a decrease followed by a subsequent
increase and further decrease (41,44). These results are
interpreted as a reflection of the fatigue of type I MUs
followed by the subsequent recruitment and fatigue of
type II MUs. An example of this behavior can be seen in
(Fig. 8). During a sustained high-level contraction, normal
blood flow will become restricted as the intramuscular
pressure increases, resulting in a rapid accumulation of
byproducts. This phenomenon can also be induced (even at
lower force levels) by applying an ischemic cuff to the limb
during contraction. The changes in CV obtained under
such conditions will differ to those observed during dy-
namic or intermittent contractions, where blood flow is
facilitated, enabling the wash-out of byproducts (63).

3.3. CV and Properties of the Muscle Fiber

From an in vitro study of CV along the isolated muscle fi-
bers of frogs, Håkansson (68) concluded that the specific
electrical properties of the membrane differ according to
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fiber size. CV was found to be linearly related to fiber cir-
cumference—the CV-circumference relationship was ex-
amined as opposed to CV-diameter due to the typically
elliptical cross-section of muscle fibers. However, propa-
gation in nerve and muscle fibers has often been studied in
terms of cable analysis leading to expressions for CV,
which are dependent on diameter (69). In 1955 Buchthal
et al. (7) found an unexpectedly narrow range in muscle
fiber CV from the biceps brachii, in which he knew there to
be a three-fold range in fiber diameter. This conflicted
with a clear diameter-dependency of CV values, which he
obtained in an earlier in vitro study. The explanation of-
fered for the altered CV-diameter relation lies in the in-
fluence of the external resistance of the surrounding
extracellular fluid, (Re) which had previously been as-
sumed to be negligible. The assumption of negligible Re is
generally acceptable for in vitro studies where the muscle
preparation is immersed in a large volume of Ringer’s so-
lution. However, the extracellular space is much more
confined, and hence the value of Re increased, in in vivo
situations. The relation of CV to fiber diameter was rep-
resented as shown (7),

CV ¼ k

ffiffiffiffiffiffiffiffiffiffiffiffiffi

D

1þ Re

Ri

s

; ð9Þ

where D is the fiber diameter, Re external longitudinal
resistance/cm, Ri internal longitudinal resistance/cm, and
k a factor independent of D.

Conduction velocity estimates have been found to be
lower in children than in adults; a result assumed to be
linked to the smaller muscle fiber sizes in children. Age-
related increases in CV have been reported (70) and linked
to the concurrent age-related muscle fiber hypertrophy, a
result that corroborates the findings of others (8,71). The
muscle fiber CV of atrophic fibers has been shown to be
significantly reduced relative to normal values (6,72),
while the combination of muscle fiber atrophy and hyper-
trophy, which occurs as a result of denervation, is reported
to be associated with an increased range in CV estimates
(73). In addition, Hofer et al. (74) recently reported a re-
duced CV and increased refractory period of denervated
muscle fibers. Though the results of such studies lend
support to the dependence of CVon fiber diameter, it must
be pointed out that changes seen in CV values under con-
ditions of atrophy or hypertrophy could additionally be
influenced by changes in the integrity of the fiber mem-
brane. However, the findings of Rau et al. (48) again il-
lustrate the probable influence of fiber diameter on CV—
variations in CV values were obtained from the biceps
brachii due to changes in the inclination angle at the el-
bow. Smaller angles had faster CV values, presumed to be
due to the shorter and thicker muscle fibers. A further
example of the potential influence of fiber diameter on CV
is the suggestion that raised CV estimates obtained fol-
lowing sustained maximal isometric contractions might in
part be explained by fiber swelling (11).

Many believe muscle fiber CV to be influenced by fiber
type as distinct from fiber diameter. A simplified view
would merge the two issues of type and diameter into one

on the basis that fiber diameter is related to fiber type,
with the type II fibers being larger. In reality however, a
clear-cut type-diameter distinction does not always exist.
Sadoyama et al. (75) studied a group of athletes and found
the mean CV of sprinters to be significantly greater than
that of distance runners, despite the similarity of the
mean fiber diameters. However, the sprinters had a higher
percentage of type II fibers, leading the authors to con-
clude that fiber type, and not diameter, influenced the CV
value. In an in vitro study (60), the mean CV of isolated
extensor digitorum longus muscle fibers was found to be
greater than that of the soleus (3.870.8m/s vs. 2.970.4m/
s), though the mean diameter was less (35 mm vs. 39 mm),
further revealing the sensitivity of CV to muscle fiber type
as distinct from fiber diameter.

In general type II fibers are innervated by larger moto-
neurons, belong to larger MUs, have larger diameters and
hence higher CV values—though variations and overlaps
may exist. A positive relationship is often reported be-
tween CV and force level resulting in CV being considered
a valid ‘‘size-principle’’ (76) parameter (77).

3.4. Additional Physiological Factors Affecting CV

The resting membrane potential of the squid giant axon
has been shown to be temperature-sensitive (69). A tem-
perature dependence has also been reported for CV esti-
mates from human skeletal muscle, with CV increasing on
average by approximately 0.13m/s per degree centigrade
(11,78). Though this effect may be slight in relation to
temperature changes during exercise at normal body tem-
peratures (61), it is prudent to control for temperature
changes during CV estimation, particularly for diagnostic
applications where robust and reliable CV estimates are
required. As the CV is related to the excitability of the fi-
ber membrane, the activation history can also have an ef-
fect. This phenomenon has been labeled the ‘‘velocity
recovery function,’’ (6) where the CV is related to the
time since the previous action potential and hence the
MU firing rate (79,80). As addressed in the section on CV
estimation and surface electrode configurations, physio-
logical properties of the conduction path may also influ-
ence the resultant CV estimate.

3.5. Pathological Factors Affecting CV

Action potential conduction velocity along the membrane
of a muscle fiber reflects processes intimately involved
with muscle function. Any significant deviation of this
value from normal conduction speeds could imply patho-
logic processes in the sarcolemma. A number of studies
have estimated CV values in both healthy and diseased
muscle to determine how different pathologies affect CV
values and to assess the worth of CV estimation as a di-
agnostic tool. Many of these studies (9,10,13,81–83) deter-
mine muscle fiber CV values based on the method
introduced by Troni (8). However, CV estimates derived
from surface EMG have also been shown to be of diagnos-
tic value.

Using surface-detected propagation patterns and CV
values, Hilfiker and Meyer (84) were able to successfully
distinguish all patients studied (facio-scapulo-humeral
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and limb girdle-type progressive muscular dystrophy, and
Duchenne muscular dystrophy) from controls. Such infor-
mation also proved useful in the study of Ramaekers et al.
(71) where the pattern and distribution of MUAPs and
MUCVs were used to distinguish between healthy chil-
dren and children with neuromuscular diseases (Duch-
enne muscular dystrophy and spinal muscular atrophy).
In addition, CV estimates proved to be a valuable param-
eter in an automatic diagnostic evaluation procedure ap-
plied to a range of neuromuscular diseases, using high-
density surface EMG (85).

Familial hypokalemic periodic paralysis is a myopathy
characterized by membrane disturbances where the excit-
ability of the membrane is reduced due to abnormally low
Kþ concentrations. It remains difficult to diagnose by con-
ventional needle EMG examination. CVestimates, derived
from both surface and needle EMG, were found to be re-
liable in detecting the disease-associated membrane defect
of such patients (13). Abnormal CVestimates from surface
EMG have also been noted during fatiguing contractions
in patients with McArdle’s disease and those with type I
fiber dominance (65,86,16). CVestimates have proved ben-
eficial for the detection and diagnosis of amyotrophic lat-
eral sclerosis and neurogenic lesions (73). In a surface
EMG study of patients with myotonic syndromes (myoto-
nia congenital (n¼ 3), myotonic dystrophy (n¼ 8), controls
(n¼ 3)), Zwarts & van Weerden (87) report abnormal CV
values and CV behavior during repeated contractions. A
number of authors have independently reported signifi-
cantly lowered CV values in Duchenne muscular dystro-
phy patients relative to controls (88,9,10,71,83,84,89).
Gruener et al. (88) performed an in vitro study on human
intercostal muscles to determine the reason for this re-
duction in CV. Though a reduced Naþ current was a dis-
tinct possibility, the authors conclude that the fiber
splitting and sarcolemmal lesions associated with Duch-
enne muscular dystrophy are responsible for the reduced
CV.

Muscle fiber CV estimation may be most beneficial as
an adjunct as opposed to stand-alone tool in electrodiag-
nosis. By combining both routine needle EMG analysis
and muscle fiber CV results, Naumann & Reiners (10)
were able to diagnose 46 of 54 patients with a range of
myopathies as opposed to 40 using standard needle EMG
alone. Similarly, muscle fiber CV estimates were found to
improve the utility of electrodiagnosis for patients with
suspected inflammatory myopathy (90).

4. FUTURE DEVELOPMENTS

The assessment of muscle fatigue by way of CVestimation
has a long-standing position in kinesiology, rehabilitation,
and scientific research. A more recent and promising ap-
plication of CV estimation is the analysis of pathological
fatigue processes and the detection of neuromuscular dis-
orders. The advent of high-density surface electrode ar-
rays, which provide EMG signals with high spatial
resolution, enables CV estimates for individual MUs to
be determined during fatiguing contractions. The nonin-
vasive nature of such recordings results in the possibility

of estimating CV during contractions of differing duration
and intensity, thereby potentially providing insights into
fatigue and recruitment behavior of both type I and type II
MUs. The diagnostic value of CV estimation has been il-
lustrated for neurogenic and myotonic disorders. How-
ever, the success of CVas a diagnostic tool is dependent on
the experimental protocol, the recording technique, and
the accuracy of the method of CV estimation. The user
must be aware of the many factors that can affect CV es-
timation and, where possible, control for them. These in-
clude electrode configuration; electrode placement relative
to the end-plate and tendon junction; electrode alignment
relative to the underlying muscle fibers; the presence of
inhomogeneities in the skin; muscle temperature; contrac-
tion type; and force level. The importance of appropriate
data acquisition and processing techniques should not be
underestimated. The potential of CV estimation as a di-
agnostic tool has only been partly revealed. This valuable
indication of muscle fiber excitability may become an in-
tegrated aspect of future routine clinical analysis.
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1. INTRODUCTION

Acute and chronic pain originating from deep somatic
structures represent a major part of complaints in pa-
tients seeking health services. In a large survey, it was
found that approximately 50% of the respondents had ex-
perienced pain or unpleasantness originating from mu-
sculoskeletal structures within two weeks before the
interview (1). Moreover, musculoskeletal pain complaints
were the main reason for 10% of all visits to a clinical
practice in the United States (2). Thus, it is generally ac-
cepted that pain from deep tissues constitutes a special
diagnostic and therapeutic challenge, and insights into
the peripheral and central neurobiological mechanisms
are necessary to improve diagnosis and management
strategies.

The neurobiological mechanisms involved in muscle
pain are often difficult to resolve from clinical studies be-
cause of high variability between patients, which may be
caused by different pain intensities and duration of their
pain condition. Human experimental pain models applied
to healthy volunteers are a potential strategy to investi-
gate aspects of the mechanisms involved in muscle pain.
Experimental muscle pain research involves two separate
topics: (1) standardized activation of the nociceptive sys-
tem and (2) quantitative assessment of the evoked sensory
and motor responses. One important advantage with ex-
perimental muscle pain studies is that the cause-effect re-
lationship is known. In this situation, healthy volunteers
transiently become patients with a well-defined muscle
pain where the sensory manifestations and sensory-motor
interaction can be assessed. Moreover, experimental tech-
niques may be used in clinical studies to quantify the sen-
sitivity of the nociceptive system in pain patients and in
pharmacological studies.

2. CHARACTERISTICS OF MUSCLE PAIN

Sensory manifestations of muscle pain are seen as a
cramp-like, diffuse aching pain in the muscle, pain re-
ferred to distant somatic structures, and modifications in
the superficial and deep sensitivity in the painful areas.
These manifestations are different from cutaneous pain,
which normally is superficial and localized around the in-
jury with a burning and sharp quality. The sensation of
acute muscle pain is the result of activation of group III1

and group IV muscle receptors (nociceptors) responding to
strong (noxious2) mechanical or chemical stimulation
(3,4). The nociceptors can be sensitized by release of sub-
stances from neural and muscular tissues, which may
eventually lead to hyperalgesia3 and central sensitization
of dorsal horn neurones4 manifested as prolonged neuro-
nal discharges, increased responses to defined noxious
stimuli, pain response to non-noxious stimuli, and expan-
sion of the receptive field5 (4). In humans, limited infor-
mation is available on the peripheral neuronal correlate of
muscle nociceptor activation, and only few microneuro-
graphic studies have been published, main reasons being
difficulties in recording and direct activation of the muscle
nociceptors. Other quantitative techniques are therefore
needed, and quantitative sensory testing may help to as-
sess muscle pain, muscle hyperalgesia, and referred pain.

3. QUANTITATIVE ASSESSMENT OF MUSCLE PAIN

The assessment methods of muscle pain are based on psy-
chophysical, electrophysiological, and imaging techniques.
Only psychophysical methods will be described here. Psy-
chophysical determinations can be divided into response-
dependent and stimulus-dependent methods. The re-
sponse-dependent methods are constructed by a series of
fixed stimulus intensities and a score to each stimulus.
The score can be a visual analog scale, verbal descriptor
scale, magnitude estimation, or cross-modality match. Vi-
sual analog scales (VAS), verbal descriptor scales, McGill
Pain Questionnaire, and similar scales and questionnaires
may be very helpful for the assessment of perceived in-
tensity and quality (5). One important advantage of the
VAS compared with ordinal scales (e.g., numerical scales
0–10) is that the VAS have ratio scale properties (6) (i.e.,
for two different stimuli intensities, where one of them is
perceived as twice the amount of the other, the high VAS
score should be twice the low VAS score).

The stimulus-dependent methods are based on adjust-
ment of the stimulus intensity until a predefined response,
typically a threshold (e.g., detection, pain, or tolerance), is
reached. Therefore, the uses of scales are avoided. In gen-
eral, two methods to adjust the stimulus intensity exist. In
the ‘‘methods of limits,’’ the stimulus intensity is gradually
increased until the threshold is reached, and then de-
creased again until the stimulus intensity is just below the
threshold. The threshold is defined as the mean of the two
limits. Ascending and descending trials can be repeated to
improve reliability. In the ‘‘method of constant stimuli,’’
the stimulus intensity is incremented in fixed steps and
presented for the subject several times in contrast to the
gradual increase as in the ‘‘methods of limits.’’ The thresh-

1Small-diameter myelinated (group III) or unmyelinated (group
IV) muscle afferent nerve fibers. Group IV corresponds to cuta-
neous C-fibers and group III to Ad-fibers. Conduction velocities for
cat muscle afferent fibers are below 2.5 m/s for group IVand 2.5 to
30 m/s for group III fibers (3).

2Potential or actual damaging stimulation of tissue.
3An increased sensory response to a stimulus that is normally
painful. Different from allodynia describing pain caused by a
stimulus, which does not normally evoke pain.
4Increased sensitivity of the spinal cord neurones processing sen-
sory information.
5The stimulation area leading to excitation or inhibition of a sen-
sory neurone.
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old is defined as the stimulus intensity that is just above
the threshold in 50% of the stimuli.

Stimulus-response functions are more informative
than a threshold determination as supra-threshold re-
sponse characteristics can be derived from the data. For
example, the differentiation between low- and high-inten-
sity stimuli is clearly evaluated by stimulus-response
functions. Nevertheless, the stimulus-response function
can often be established with stimulus intensities around
the pain threshold, and therefore both assessment meth-
ods are needed. Assessments of the sensory aspects in-
volve both the evaluations of the muscle pain (local pain)
and of the somatic structures related to the referred pain
area (i.e., the ongoing pain intensity and the sensitivity
must be described for both areas).

Verbal assessments of the experienced muscle pain in-
tensity and other subjective characteristics of the muscle
pain are obviously needed in any clinical and experimen-
tal muscle pain studies. The pain intensity is usually
scored in a continuous mode on an electronic VAS to char-
acterize the time profile of experimental muscle pain. Ex-
perimental muscle pain studies have found that the most
frequently used word descriptors to characterize muscle
pain are ‘‘drilling,’’ ‘‘aching,’’ ‘‘boring,’’ and ‘‘taut.’’ The in-
tensity of muscle pain is easily measured using VAS. How-
ever, this ascept is only a 1-D aspect of the experienced
pain, and additional VAS could be applied to monitor (For
instance, unpleasantness and soreness).

4. EXPERIMENTAL MUSCLE PAIN

A number of procedures can induce muscle pain, and they
can be divided into endogenous and exogenous techniques
(7). The endogenous techniques are methods that induce
muscle pain by natural stimuli, for example, by ischaemia
or by exercise. The exogenous techniques are external in-
terventions (e.g., electrical stimulation of muscle afferents
or injection of pain-producing substances). In general, the
endogenous experimental techniques induce a widespread
deep pain in muscles and other somatic structures, which
may be used in studies that require a tissue-unspecific
deep pain assessment.

4.1. Ischaemia

Lewis (8) proposed induction of muscle pain by ischemia.
A tourniquet is applied, and after a period of voluntary
muscle contractions, a very unpleasant tonic pain sensa-
tion develops. The level of force, the number of contrac-
tions, and the duration are important determinants for
the evoked pain. The involved mechanisms of deep pain
after ischemic contractions are not fully understood. Ac-
cumulation of various substances (i.e., potassium, adeno-
sine, lactate) has been suggested to excite muscle
nociceptors or sensitize nociceptors to respond to muscle
contractions that are normally not-painful (9). This
method induces a widespread pain in the entire occluded
limb (skin, periosteum, muscle, etc.).

4.2. Exercise

Exercise-induced muscle pain by concentric6 muscle work
is normally short-lasting and a result of impaired blood
flow during work. It may therefore resemble the condition
of ischemic muscle pain. As an example, muscle pain was
induced during cycle ergometry of various loads (10). Ec-
centric7 muscle work may cause delayed onset of muscle
soreness with peak soreness after 24–48h. Delayed onset
muscle soreness has been widely used to explore patho-
physiological components of the musculoskeletal system.
A model of deep-tissue hyperalgesia in wrist extensors
with characteristics similar to tennis elbow pain has re-
cently been described (11). The mechanism underlying de-
layed onset muscle soreness is probably related to
ultrastructural damage resulting in the release of pain-
related substances (12), which may produce an inflamma-
tory reaction, as anti-inflammatory drugs (nonsteroidal
anti-inflammatory drugs, NSAID) appear to have an effect
on this type of jaw muscle soreness (13). Howell et al. (14)
were, however, unable to demonstrate an NSAID effect on
delayed soreness in limb muscles. Another feature of de-
layed onset of muscle soreness is the fact that no pain ex-
ists at rest, but pain is evoked by muscle function and
during palpation, which is in contrast to spontaneous pain
induced by the exogenous experimental techniques.

4.3. Electrical

In human studies, intramuscular (i.m.) electrical stimu-
lation (Fig. 1a) can be used to assess the sensitivity of
muscles, to study basic aspects of deep pain, and to inves-
tigate electrophysiological properties of muscle afferents
by microneurography. Intramuscular electrical stimula-
tion is a tissue-specific (although receptor-unspecific) and
reliable model to study sensory manifestations of muscle
pain such as referred pain and temporal summation8, but
is confounded by concurrent activated muscle twitches.
Electrical stimulation offers a unique possibility to com-
pare both muscle and cutaneous tissues with the same
stimulus modality. For example, a systemically adminis-
trated anaesthetic drug (remifentanil) caused a higher in-
crease in the pain threshold to intramuscular electrical
stimulation compared with the relative increase in pain
thresholds induced by cutaneous stimulation (15), which
indicates that remifentanil inhibits muscle pain more ef-
fectively than cutaneous pain. Electrical stimulation has
also been extensively used to explore mechanisms of re-
ferred pain.

4.4. Mechanical

Mechanical painful stimulation can be achieved with pres-
sure algometers (Fig. 1b). The most widely used technique
is manual pressure algometry. It is important to recognize
that pressure stimulates both the skin and muscle. Ana-
esthetizing the skin can, however, reduce the skin pain

6A contraction is defined as concentric if the muscle shortens.
7A contraction is defined as eccentric if the muscle lengthens.
8The phenomenon that a single nociceptive stimulus by repetition
exaggerates the perceptions of pain in humans.
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contribution during pressure stimulation (16). Pressure
algometry is actually recommended as one of the diagnos-
tic procedures for evaluation of patients with tension-type
headache, but so far not for examination of other musculo-
skeletal pain conditions. Methodological concerns like
short-term and long-term reproducibility, influence of
pressure rates and muscle contraction levels, and exam-
iner expectancy have all been addressed carefully [for ref-
erences, see Graven-Nielsen et al. (16)].

An alternative to pressure algometry, and to the inher-
ent variability related to manual application, is computer-
controlled pressure algometry where the rate and peak
pressure can be predefined and automatically controlled
(Fig. 2). This method allows estimation of the stimulus-
response function between pressure and pain intensities
(16). The facilitated pain response to sequential stimuli of
equal strength is defined as temporal summation. The fa-
cilitated degree of temporal summation indicates an en-
hanced central integrative mechanism (central
sensitization). Repeated tapping on muscle by a pressure
probe has recently been used to assess the efficacy of tem-

poral summation (17). Pressure algometry assesses a rel-
atively small volume of tissue. Instead, a larger volume
can be assessed by computer-controlled cuff-algometry
technique. In short, the pain intensity related to inflation
of a tourniquet applied around an extremity can be used to
establish stimulus-response curves assessing the deep-tis-
sue sensitivity. After intramuscular injections of anaes-
thetics (lidocaine), the stimulus-response curve between
the tourniquet pressure and pain intensity was right-
shifted indicating the ability to assess the sensitivity of
muscles (18). A left-shifted stimulus-response curve be-
tween the tourniquet pressure and pain intensity illus-
trates deep-tissue hyperalgesia.

4.5. Chemical

Intramuscular injections of pain-producing substances
(i.e., glutamate, capsaicin, hypertonic saline) have been
used to induce human muscle pain [see Graven-Nielsen et
al. (19)]. The experimental method that has been used ex-
tensively is i.m. injection of hypertonic saline as the qual-

(a) (b)

Figure 1. The muscle pain sensitivity can be as-
sessed by electrical, chemical, and mechanical
stimulation of muscle nociceptors. (a) Needle elec-
trodes inserted into the tibialis anterior muscle.
The tip of the electrodes is uninsulated and the
muscle nociceptors can be excited by constant
current stimulation at stepwise increasing inten-
sities until the pain threshold is reached. Various
algesic substances can also be infused into the
muscle and thereby excite the muscle nociceptors.
In this situation, the pain intensity to a specific
infusion paradigm is scored on a visual analog
scale (VAS) where the endpoints indicate no pain
and maximal pain. (b) With the handheld pres-
sure algometer, the pressure intensity is manu-
ally increased until the patient presses a button
when the pressure becomes painful. The actual
pressure intensity where the stimulation was
stopped defines the pressure pain threshold.
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Figure 2. In the automated version of pressure
algometry, the increment rate and intensity of pres-
sure is computer-controlled ensuring a high degree
of standardization (a). The subject scores the pres-
sure sensation on a visual analog scale (VAS) and
stops the stimulation at pressure pain tolerance (b).
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ity of the induced pain is comparable with acute clinical
muscle pain with localized and referred pain (Fig. 3). The
work of Kellgren and Lewis in the late 1930s (20) initiated
the method of saline-induced muscle pain, and the safety
of the technique is illustrated by no reports of side effects
after more than 1000 i.m. infusions. Recent animal studies
have shown that the method does not cause muscle toxic-
ity and therefore it is adequate for human experimenta-
tion. A major advantage of the hypertonic saline model is
that a detailed description of sensory and motor effects can
be obtained as the pain lasts for minutes (Fig. 3). Fur-
thermore, the model is reliable for studying referred pain
from musculoskeletal structures because of the longer-
lasting pain. In most of the earlier studies, manual bolus
infusions of hypertonic saline have been used. However,
standardization of the infusion of small volumes is easier
to accomplish by computer-controlled infusion pumps. The
infusion parameters (infusion concentration, volume, rate,
and tissue) have been evaluated as to pain intensity, qual-
ity, as well as local and referred pain patterns (21).

The sensitization of muscle nociceptors is the best-es-
tablished peripheral mechanism for the subjective tender-
ness and pain during movement of a damaged muscle. The
sensitized nociceptors not only have a lowered mechanical
excitation threshold, but also exhibit larger responses to
noxious stimuli. If the muscle lesion is extensive, high
amounts of endogenous pain-producing agents will be re-
leased, which could lead to direct excitation of nociceptors
resulting in spontaneous pain. In humans, this effect has
been reported as decreased pressure pain thresholds after
intramuscular injections of capsaicin (22). Intra-arterial
injections of serotonin, bradykinin, and prostaglandin
have been found effective in sensitizing animal nociceptors
(4). In humans, a decrease in the pressure pain threshold
after combined intramuscular injections of serotonin and
bradykinin was found (23).

Intramuscular injections of glutamate produce pain
and muscle hyperalgesia to pressure stimuli in humans
(24). Interestingly, injections of glutamate in women in-
duced significantly more muscle pain than similar injec-
tions in men (25), which is in accord with findings showing
that glutamate-evoked afferent fiber activity is greater in
female than male rats (25). This gender difference is par-

ticularly important in relation to the high dominance of
women with musculoskeletal pain syndromes.

5. REFERRED PAIN

Pain perceived at a site adjacent to or at a distance from
the site of origin is defined as referred pain (Fig. 3). To
distinguish between referred pain and spread of pain, re-
ferred pain is typically restricted to areas outside the local
pain area. Referred pain has been known and described
for more than a century and has been used extensively as
a diagnostic tool in the clinic. Originally, the term referred
tenderness and pain was used. Mainly musculoskeletal
and visceral pain conditions are accompanied by local and/
or referred pain.

Kellgren (20) was one of the pioneers to study experi-
mentally the characteristics of muscle pain and the actual
locations of referred pain to selective stimulation of spe-
cific muscle groups. Several theories regarding the ap-
pearance of referred pain have been suggested, but no firm
neurophysiologic-based explanations for referred pain ex-
ist. It has been shown that wide dynamic range neurones9

as well as nociceptive specific10 neurones in the spinal
cord and in the brain stem receive convergent afferent in-
put from the skin, muscles, joints, and viscera, which may
cause misinterpretation of the afferent information com-
ing from muscle afferents when reaching higher levels in
the central nervous system and, hence, be one reason for
the diffused and referred characteristics.

Referred pain is probably a combination of central pro-
cessing and peripheral input as it is possible to induce re-
ferred pain in limbs with complete sensory loss resulting
from an anaesthetic block. However, the involvement of
peripheral input from the referred pain area is not clear as
anaesthetizing this area shows inhibitory or no effects on
the referred pain intensity. Central sensitization may be
involved in the mechanism of referred pain. A complex
network of extensive collateral synaptic connections for
each muscle afferent fiber onto multiple dorsal horn neu-
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Figure 3. A typical VAS-time profile after intramus-
cular injection of 0.5ml (6%) saline into the tibialis an-
terior muscle (a). Typically, the subject feels pain
around the injection site and often referred pain to
the ankle area (b).

9Sensory neurone responsive to both non-noxious and noxious
stimuli.
10Sensory neurone only responsive to nociceptive stimuli.
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rones is assumed (4). Under normal conditions, afferent
fibers have fully functional synaptic connections with dor-
sal horn neurones as well as latent synaptic connections to
other neurones within the same region of the spinal cord.
Following ongoing strong noxious input, latent synaptic
connections become operational, thereby allowing for con-
vergence of input from more than one source. Animal
studies show a development of new or expansion of exist-
ing receptive fields by a noxious muscle stimulus. Record-
ings from a dorsal horn neurone with a receptive field
located in the biceps femoris muscle show new receptive
fields in the tibialis anterior muscle and at the foot after
noxious stimulation of the tibialis anterior muscle (26).
The unmasking of new receptive fields because of central
sensitization could thus mediate referred pain. The area of
the referred pain is correlated with the intensity of the
muscle pain, and the appearance of referred pain is de-
layed (20–40 s) compared with the local muscle pain indi-
cating that a time-dependent process, like the unmasking
of silent synaptic connections (see above), is involved in
the neural mediation of referred pain.

Substantial clinical knowledge exists on the patterns of
referred muscle pain from various skeletal muscles and
after activation of trigger points in myofascial pain pa-
tients. Referral of muscle pain is typically described as a
sensation from deep structures in contrast to visceral re-
ferred pain that is superficially and deeply located. The
pattern and size of referral seem to be changed in other
chronic musculoskeletal pain conditions (e.g., fib-
romyalgia patients experience stronger pain and larger
referred areas after exogenous muscle pain (hypertonic
saline) compared with matched controls) (27). Interest-
ingly, these manifestations were present in lower limb
muscles where the patients typically do not experience
ongoing pain. Normally, pain from the tibialis anterior is
projected distally to the ankle and only rarely proximally
(Fig. 3). In fibromyalgia patients, substantial proximal
spread of the experimentally-induced referred pain areas
was found. Enlarged referred pain areas in pain patients
suggest that the efficacy of central processing is increased
(central sensitization). Moreover, the expansion of re-
ferred-pain areas in fibromyalgia patients was partly in-
hibited by ketamine, which is an N-methyl-D-aspartate
(NMDA) receptor antagonist and thus inhibits central
sensitization (28). Extended referred pain areas from the
tibialis anterior muscle, indicating central sensitization,
have also been shown in patients suffering from other
chronic musculoskeletal pain conditions (29).

6. SENSORY-MOTOR INTERACTION IN MUSCLE PAIN

It is well accepted from daily life activities that muscle
pain interacts with the movement performance. This sec-
tion illustrates how muscle pain affects the muscle control
in different ways depending on the specific motor task
(Fig. 4).

6.1. Resting Muscle Activity and Muscle Pain

Increased resting muscle activity after saline-induced
muscle pain is found compared with baseline recordings,

but not compared with a sham pain condition where sub-
jects recalled a painful condition without having the ac-
tual pain stimulation (30), which indicates that
hyperactivity is not present because of the muscle pain
per se. In another study, a transient increase in the rest-
ing electromyographic (EMG) activity during infusion of
hypertonic saline was recorded in contrast with infusion of
isotonic saline (31). Importantly, ongoing muscle pain did
not produce sustained increased EMG activity. Moreover,
experimental muscle pain does not cause any changes in
resting EMG activity between repeated, maximal volun-
tary contractions (32). In contrast to the experimental
studies, increased and unchanged resting EMG activity
have been reported in musculoskeletal pain patients.

6.2. Static Muscle Activity and Muscle Pain

The maximal voluntary contraction (MVC) during saline-
induced muscle pain is significantly lower than in the
control condition (33). Attenuation of MVC force during
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Figure 4. Summary of findings on the interaction between mus-
cle pain and motor control. In resting conditions, no effect of mus-
cle pain on the muscle activity of the painful muscle exists. In
static contractions, the muscle activity is decreased both in the
painful muscle and in other synergistic muscles. The synergistic
muscles are not painful but involved in the force generation to-
gether with the painful muscle. In dynamic contractions, the gen-
eral finding is decreased agonistic muscle activity and, in some
situations also increased antagonistic muscle activity indepen-
dently of which muscle is painful.
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experimental muscle pain was not associated with
changes in contractile properties of muscle fibers but to
a pure central effect (i.e., a motor control modulation). A
clinical demonstration of the observed decrease in muscle
strength during voluntary isometric contractions of a
painful muscle has also been made in musculoskeletal
pain patients. In fibromyalgia patients, the reduction in
strength is suggested to be because of a deficient central
activation of motor units because supramaximal stimula-
tion of the ulnar nerve shows no difference in the strength
of the adductor pollicis muscle between patients and a
control group (34). The modulating effect of muscle pain on
motor control is highlighted by a correlation between pain
intensity and EMG changes (35) or motor unit firing in-
hibition (36) in static contractions.

During a static contraction (i.e., 80% of the MVC before
pain), experimental muscle pain causes a significant re-
duction in endurance time (37). The different findings be-
tween submaximal and maximal contractions may be
explained by changes in the descending neural drive to
motorneurones. The descending neural drive cannot be
voluntarily increased during MVC, and an inhibitory
mechanism controlling the motorneurones might there-
fore explain the decreases in MVC. When submaximal
contractions are performed, the voluntary neural drive
may be increased and thus compensate for potential in-
hibitory mechanisms. An interesting observation is that
the muscle pain during static contractions does not only
decrease the muscle activity of the painful muscle, but also
attenuates synergistic muscles (37). To produce the re-
quired force, the generalized inhibition calls for a changed
muscle coordination and eventual overload of otherwise
non-painful muscles. In accordance with experimental
findings, a decreased endurance time is reported in mu-
sculoskeletal pain patients performing a submaximal con-
traction compared with age- and sex- matched control
subjects. If submaximal contractions during muscle pain
are obtained by increased voluntary neural drive, the de-
creased endurance time may alternatively be because of a
more pronounced central fatigue11 (38). In clinical studies,
various physiological factors within the muscle (e.g., mi-
crocirculation) could influence endurance time, but this
influence is not likely to occur in healthy volunteers ex-
posed to acute muscle pain.

6.3. Dynamic Muscle Activity and Muscle Pain

The lumbar muscle EMG activity during a flexion-exten-
sion exercise is higher in low back pain patients in full
extension than in control subjects where it is normally si-
lent (39), which indicates that the pain modulation of
muscle activity is dependent on the specific muscle func-
tion (agonist/antagonist phases). This case has been found
in several previous clinical studies [for review, see Lund et
al. (40)]. The lumbar muscle EMG activity in low back
pain patients and during saline-induced lumbar muscle
pain is: (1) increased in phases where the EMG activity is
normally silent, and (2) not affected or decreased in the
phases with strong EMG activity in control subjects (35).

During dynamic contractions, muscle pain causes de-
creased EMG in the agonistic phase (41) and increased
EMG in the antagonistic phase (32) of the muscle activity
in painful muscles. Decreased activity in both the agonis-
tic muscles and the antagonistic muscles during muscle
pain has been found without impairing the movement
amplitude or acceleration significantly (42). Especially,
the initial (100ms) agonistic EMG burst activity was de-
creased illustrating that the motor strategy was affected
by muscle pain, which might be highly important in oc-
cupational settings where such a change may need com-
pensatory actions from other muscles to fulfil the required
movement and thereby possibly contribute to the devel-
opment of musculoskeletal pain problems. Increased trap-
ezius activity during contractions has been found during
biceps muscle pain that might illustrate a compensatory
action (42).

Reduced movement amplitudes have been reported in
many experimental and clinical musculoskeletal pain con-
ditions such as low back pain. The increased EMG activity
of the muscle (antagonistic phase) opposite to the painful
muscle and the decreased EMG activity of the painful
muscle (agonistic phase) are probably a functional adap-
tation of muscle coordination to limit movements. This
adaptation may protect the painful muscle by reducing the
muscle activity and contraction force. Similar functional
protection may account for painful muscles showing in-
creased muscle activity in the antagonistic phase. In this
case, a reduction in the muscle lengthening (a result of
decreased movement amplitude by increased activity in
the antagonistic phase) may protect the painful muscle.

Experimental models of muscle pain have also been
used in occupational settings (low load, repetitive work)
where saline-induced neck muscle pain was found to cause
changes in motor strategies (e.g., a decreased working
rhythm and a muscle coordination change that may be
interpreted as protective (43). Intensive studies of the re-
lationship between work-related muscle pain and muscle
activity have been carried out in an attempt to find a valid
predictor for development of neck-shoulder pain. A de-
creased frequency of unconscious gaps in low-level EMG
activity was found to predict the development of neck-
shoulder pain (44). A higher EMG level during low load
repetitive work was found among the group of workers
who developed neck-shoulder complaints highlighting
that the level of activity may have some prognostic rele-
vance for the development of chronic neck-shoulder pain
(45).

6.4. Neurophysiological Mechanisms

Muscle hyperactivity initiated by a vicious cycle because
of ischemia was one of the first theories trying to explain
the cause of muscle pain (46). Hyperactivity was also pro-
posed in the reflex-spasm and stress-causality models,
which are based on either a few experimental observa-
tions or literature reviews and thus not systematically in-
vestigated (47). In addition, a physiological model based
on animal data suggests muscle hyperactivity because of
facilitation of the muscle-spindle system by muscle pain11Reduction of descending drive to motoneurones.
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(48). The evidence for human muscle hyperactivity is,
however, not convincing (Fig. 4).

Lund et al. (40)suggested the pain adaptation model to
explain the link between activity in nociceptive afferents,
a central pattern generator, the motor function, and coor-
dination of muscles. This pain adaptation model predicts
increased muscle activity in antagonistic phases and de-
creased muscle activity in agonistic phases during muscle
pain. Such a coordination may produce a decrease in
movement amplitude and velocity. The pain adaptation
model includes inhibition and excitation of motorneurones
according to the functional phases (agonist or antagonist)
of the painful muscle. Findings indicate that the coordi-
nation change because of muscle pain is not voluntary, but
caused by a reflex mechanism because afferent sensory
activity from a painful muscle (1) affects the activity in
heteronymous muscles and (2) differentially modulates
the muscle activity during one movement cycle depending
on the specific muscle function.

7. CONCLUSION

A significant part of the manifestations of muscle and
myofascial pain (e.g., tenderness and referred pain) in
chronic musculoskeletal disorders may be results of pe-
ripheral and central sensitization. Reliable methods for
quantitative induction and assessment of muscle sensiti-
zation, referred pain, and muscle sensitivity are available.
From a mechanistic point of view, sensory assessment
procedures can provide complementary clinical informa-
tion and give qualified clues to revise and optimize treat-
ment regimes.

The interactions between muscle pain and motor con-
trol depend on the specific motor task. Muscle pain causes
no increase in EMG activity at rest and reduces maximal
voluntary contraction and endurance time during sub-
maximal contractions. Moreover, muscle pain causes a
change in coordination during dynamic exercises, which
is in line with the pain adaptation model predicting a de-
crease in movement amplitude and velocity when muscle
pain is present. The functional adaptation to muscle pain
may also involve increased muscle activity reflecting
changed muscle coordination and strategy.
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1. INTRODUCTION

The central nervous system (CNS) obtains information on
whatever occurs in the muscles (i.e., mechanical and
chemical changes) through sensory receptors located
within muscles and joints, as well as in the portion of
skin deformed by the motion.

Several types of sensory receptors lie within skeletal
muscles. (1) The very sensitive muscle spindles monitor
muscle length and send this information to the CNS via
the fastest conducting afferent nerve fibers in the body. (2)
Golgi tendon organs are located in the musculo-tendinous
junctions and provide information about muscle force. (3)
Free nerve endings with slow-conducting, thinly myeli-
nated or unmyelinated nerve afferents are sensitive to
mechanical, chemical, and nociceptive stimuli. The de-
scription of the specific features and peculiarities of each
of these receptor types is preceded by a brief overview of
receptors in general, particularly about basic processes
that take place in the receptive terminal (i.e., the trans-
duction of the stimulus and the encoding of information
into neural signals that are self-regenerating) that can be
transferred for long distances without decrement. In
addition, a brief description of afferent nerve fibers carry-
ing this information, as well as a description of the
relationship between stimulus and sensation, will follow.
Then, most of the chapter is devoted to the muscle spindle,
which is justified by the anatomical and functional com-
plexity and the relevance of this receptor in several body
functions. A few models are presented concerning different
aspects of the muscle spindle receptive function, and a
brief reference is made to its involvement in the myotatic
reflex, motor control, and high-level body functions.

2. GENERAL INTRODUCTION ON RECEPTORS

2.1. Outline

Sensory receptors are specialized nerve cells or cell term-
inals able to detect specific stimuli. Receptors are often
classified according to the origin of the relevant stimulus
into exteroceptors and enteroceptors, depending on
whether they detect stimuli coming from outside of the
body (e.g., visual and auditory receptors) or from the
inside, respectively. Enteroceptors are further divided
into visceroceptors that provide afferent information
from viscera (e.g., pressoreceptors from blood vessels,
stretch receptors from lungs, intestine, etc.) and proprio-
ceptors (from Latin ‘‘proprius’’ ¼ own, recipere ¼ receive)
that specifically detect the own body’s position and the
movement of the body and limbs in space (e.g., muscle
spindles, joint and ligament receptors). This classification
is not very strict from the functional viewpoint. For

instance, some skin mechanoreceptors have been shown
to play a role in proprioception by being sensitive to joint
angles.

Another classification is based on the physical nature
(or modality, from Latin ‘‘modus’’) of the stimulus activat-
ing a type of receptor. Photoreceptors (e.g., rods and cones
in the mammalian retina) are sensitive to light. Thermo-
receptors (cold and warm receptors) are sensitive to
changes in temperature. Mechanoreceptors are sensitive
to mechanical stimuli such as pressure, force, and accel-
eration (e.g., tactile receptors, muscle spindles, Golgi
tendon organs, ligament receptors). Chemoreceptors are
sensitive to various types of chemicals (e.g., olfactory
receptors in the nose, taste buds in the tongue, and carotid
glomus chemoreceptors detecting changes in blood con-
centration of O2 and CO2). Nociceptive receptors (‘‘noci-
ceptors’’) are usually high-threshold mechano- or
chemoreceptors. Again, this classification is not always
strict. Some nociceptors may in fact respond to stimuli of
different nature (e.g., chemical, mechanical, or thermal)
and are therefore referred to as ‘‘polymodal’’ receptors.

2.2. Stimulus Transduction and Encoding

A radio station having to broadcast a live concert first
needs to transduce the acoustic signal, consisting of air
pressure changes, into an electric signal; the piezoelectric
crystal (transducer) inside a microphone can accomplish
this. This analog electric signal (audio signal) now con-
tains the information to be transmitted. A special device
(encoder) modulates the frequency of a carrier wave
(whose amplitude remains constant) according to the
current amplitude of the audio signal. Such a frequency-
modulated carrier is better suited for long-distance trans-
mission. Similarly, all physiological ‘‘receptors systems’’
have to perform two fundamental processes: (1) stimulus
transduction and (2) encoding, in which, like in radio
stations, the original signal is used to modulate the
frequency of a carrier, which can then be transmitted
over long distances.

2.2.1. Stimulus Transduction. Similar to what happens
with electronic sensors (e.g., piezoelectric crystals in mi-
crophones), receptors convert the relevant stimulus (pres-
sure, heat, light, etc.) into a receptor potential. The
receptor potential is in fact an electric signal that develops
at the level of the receptive terminal(s) and is a variation
of the membrane potential (the voltage difference between
the inside and the outside of the cell). This phenomenon is
illustrated in Fig. 1 (1). Applied stimuli of increasing
amplitude (lower trace to the right) locally produce recep-
tor potentials of increasing amplitude (second trace from
bottom). When plotting steady-state receptor-potential
amplitudes vs. stimulus amplitudes, the resulting static
input-output relationship is only occasionally linear
(within limits) and more generally rather close to a
logarithmic function. As compared with a linear relation-
ship, logarithmic mapping allows for a wider input range
as well as for enhanced sensitivity at low stimulus in-
tensities. This peripheral mapping at the receptor level
also affects the way the stimulus is perceived at higher
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levels in the CNS and will be reconsidered below. More-
over, the transduction process has dynamic aspects. In
particular, the rate of change in stimulus amplitude (i.e.,
the first- and second-order time derivatives of the stimu-
lus) is usually reflected in the receptor potential (compare
two lower traces in Fig. 1).

2.2.2. Encoding (Transformation). The receptor poten-
tial is a graded (analog) signal that cannot propagate
along nerve fibers beyond a very limited distance, because
of its rapid attenuation both in time and in space (‘‘elec-
trotonic’’ propagation). In order to transmit neural signals
over long distances within a nerve fiber, receptor poten-
tials are transformed into a different electric signal [i.e., a
sequence of brief standardized pulses called action poten-
tials (AP)]. In short, the AP is an all-or-none stereotyped
change in the membrane potential of the nervous fibers.
During an AP, the cell’s membrane potential rises from a
resting value of about �70 mV (‘‘polarized’’ membrane,
negative internally) up to about þ 30 mV (‘‘depolarized’’
condition) and then almost immediately returns to the
resting value. Such an event can be initiated by a small
depolarization of the fiber (i.e., shift of the membrane
potential toward the zero value), fully develops within a
few milliseconds, and propagates along a nerve fiber
without attenuation. In this way, in physiological condi-
tions, each AP originating at one end of the nervous fiber
propagates along it and reaches the other end; its shape
and magnitude remaining unchanged. This property is
based on the ‘‘autoregenerating’’ feature of the AP, which,
in turn, is based on changes in the ionic permeability of
voltage-gated Naþ and Kþ channels within the cell
membrane. Therefore, APs are the only means of trans-
mitting nervous information over long distances. Indivi-
dual neurons have variable length depending on the size
of the animal; in humans, peripheral nerve fibers can be
longer than 1 m. The analog information contained in the
amplitude and time course of the receptor potential is thus
encoded into a sequence of APs. This process is also shown
in Fig. 1 (second trace from top). In order to elicit at least
one AP, the receptor potential has to pass a given thresh-
old (indicated by the horizontal dashed line). If the
receptor potential exceeds the threshold far enough and
long enough, a series of APs is generated (in the second
trace, compare the response to the second stimulus with
the response to the third stimulus). The higher the
amplitude of the receptor potential, the higher is the
frequency of the generated APs; this relationship is

roughly linear. In other words, what the encoder does is
akin to a frequency encoding or frequency modulation. In
myelinated afferent nerve fibers, the encoder is located at
the first node of Ranvier (see Fig. 1), where the excitability
of the cell is highest. In some cases, the encoder can also be
located in a different cell that is synaptically connected
with the primary sensory neuron (transducer).

2.3. Dynamic Receptor Properties

The transducer is sensitive not only to steady-state (static)
inputs, but also to their time derivatives, and so is the
encoder. Overall, therefore, receptor systems are static
and dynamic systems, albeit to different extents in differ-
ent combinations. In fact, some receptors are said to have
a static sensitivity when they provide a response substan-
tially related to the stimulus intensity, and a dynamic
sensitivity if their response depends on the first and,
sometimes, the second time derivative of the stimulus
waveform. Examples of different sensitivities to mechan-
ical stimuli will be provided by secondary and primary
muscle spindle afferents (see below).

Another important aspect of the receptor response to
time-varying stimuli is adaptation (Fig. 2) (2). If the
stimulus persists over some time, the receptor does not
generally maintain the initial discharge rate (frequency of
action potentials); rather its response will sooner or later
decrease or fade away (i.e., the receptor ‘‘adapts’’ to the
stimulus). Adaptation depends on several factors, such as
the electrical properties of the cell membrane both at the
transducer and at the encoder level, as well as on mechan-
ical properties of the structures surrounding the receptor,
which may work like a hydraulic shock absorber (e.g., in
the Pacinian corpuscle sensitive to mechanical oscilla-
tions). According to the speed of the adaptation process,
receptors may be distinguished in rapidly adapting and
slowly adapting receptors, the time required ranging from
milliseconds (e.g., Pacinian corpuscle) to days (e.g., aortic
baroreceptors). Nociceptors and some chemoreceptors are
instead considered to be nonadapting receptors.

2.4. Types of Afferent Fibers

The sequence of APs originating at the receptor level is
conducted along afferent nerve fibers up to the spinal cord
and higher hierarchical structures of the CNS. Conduction
velocity in afferent fibers ranges from 0.5 m/s to 120 m/s in
mammals, with small variability among species. Such
conduction velocity (CV) is a characteristic of each indivi-
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Figure 1. Qualitative representation of trans-
duction and encoding processes occurring in a
sensory afferent fiber in response to three sti-
muli of different amplitude [see text, adapted
from (1), with permission from Elsevier]. The
first node, of Ranvier is actually a heminode.
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dual nerve fiber and depends on its diameter and on
whether the fiber is enwrapped by a myelin sheath
(Schwann cells). These characteristics are loosely asso-
ciated with the type of receptor; measurement of CV in
afferent fibers is often used as an experimental and
clinical tool for gross receptor identification. Figure 3 (3)
summarizes the relationship between conduction velocity
and fiber size for myelinated and unmyelinated fibers, and
shows how different receptor types share definite CV
ranges. On the left are located the fastest afferents from
muscle spindles (Ia afferents) and Golgi tendon organs (Ib
afferents) that mediate the fast muscle reflexes involved in
motor control. On the right are located the slowest un-
myelinated fibers that carry information on temperature
and nociceptive stimuli. The figure also reports the two
classifications of nerve fibers, which have been adopted
and are still used for historical reasons. One classification
(Lloyd and Hunt) is meant specifically for afferent fibers
and distinguishes groups I (fastest), II, III, and IV (slow-
est, unmyelinated). The other classification (Erlanger and
Gasser) applies to both afferent fibers and efferent fibers,
and classifies nerve fibers into groups Aa-Ad, B, and C (see
Fig. 3).

2.5. From Receptor Stimulation to Sensation

The information encoded at the receptor level becomes
conscious sensation only when it reaches, through specific
pathways that involve a sequence of neurons, the cerebral
sensory cortex of the brain. Different attributes describe
the conscious sensation. The modality of the stimulus (its
physicochemical nature) is recognized on the basis of the
type of receptor activated. The localization of the stimulus
is made possible by the topographic organization that
afferent pathways maintain throughout their way from
spinal cord and brain stem up to the cerebral cortex so
that separate groups of neurons in the primary sensory
cortex ‘‘map’’ to specific body areas (somatotopy), as far as
cutaneous mechanical senses are concerned. Similarly, an
ordered topographic organization concerns other cortical
sensory areas [e.g., the primary visual cortex (retinotopy)
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patterns of discharge in response to the same
stimulus in a rapidly adapting (RA) and a slowly
adapting (SA) receptor [adapted from (2), with
permission from Elsevier].
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and the primary auditory cortex (tonotopy)]. Finally, in-
formation about intensity and timing of the stimulus is, in
principle, encoded in the sequence of action potentials
transmitted from the receptors (see above). In general, it
is extracted from the integration of the information devel-
oping from the ensemble of receptors involved and from
the integration of different sensory modalities.

The relationship between stimulus intensity (S) and
the intensity (I) of the evoked sensation was first forma-
lized as a logarithmic dependency: I ¼ K log(S/S0), where
S0 is the minimum amplitude of the stimulus able to evoke
a sensation (absolute threshold) (Weber–Fechner, mid
nineteenth century). This logarithmic dependency, which
is mainly because of the transduction process (see above),
is based on and derived from the observation that the
differential threshold (i.e., the minimum change in stimu-
lus intensity that can be perceived: DS, also called ‘‘just
noticeable difference’’) is low at low stimulus intensities
(S) and progressively higher at increasing intensities,
roughly according to the formula DS/S ¼ K.

A more general relationship between stimulus inten-
sity and sensation was put forward by Stevens in 1953: I
¼ K(S�S0)n, to account for an extended range of stimu-
lation. As shown in Fig. 4 (3), which plots relationships for
different types of stimulus, the best-fitting curves
(straight lines in log-log coordinates) are characterized
by different values of n for the different types of stimulus
(that involve different receptor families). With the excep-
tion of pain, n is always less than 1.

The signal, as encoded at the receptor level, preserves
all its characteristics while conducted along the first
afferent neuron. However, it may be elaborated and
modified along the multineuronal pathway to the up-
stream neural centers. Each neuron in the pathway
receives numerous other neuronal inputs, impinging on
it through chemical synapses. The information is here
transiently reconverted from digital to analog (amplitude

of postsynaptic potentials). The neuron then integrates
this analog information and re-encodes a new AP se-
quence. Inputs impinging on the neuron may come from
various peripheral receptors, as well as from higher
centers (ranging from central commands to signals from
emotional areas). As a consequence, the information ac-
tually reaching the centers, and thus the final subject’s
sensation, can be modified according to context or emo-
tional condition. This central processing of afferent infor-
mation explains, for instance, why during strong
emotional involvement or stress, people report not to feel
any pain, which should otherwise have developed from
injury.

3. THE MUSCLE SPINDLE

Among muscle sensory receptors, the muscle spindle (MS)
is by far the most widely studied [see (5–7)]. It is also one
of the most complex receptors in our body, in that it (1)
consists of several types of specialized muscle fibers,
which (2) are innervated by efferent (motor) nerve fibers
from motoneurons, which are able to control its working
mode, and (3) gives rise to two types of afferent fibers of
different functional characteristics. Globally, one MS is
innervated by 8–25 nerve fibers. An appreciation of the
importance of this receptor is also given by the fact that, in
a muscle nerve, about two-thirds of the myelinated fibers
supply efferent and afferent innervation to muscle spin-
dles. However, not all skeletal muscles contain spindles.
The variability is very high in the number of muscle
spindles per muscle (from virtually zero up to more than
a thousand in human muscles) and in muscle spindle
density (up to 150 MS/g of muscle). Higher densities are
reported in some deep neck muscles of cats (500 MSs/g of
muscle). It has long been debated whether the total
number of muscle spindles or their density bears a rela-
tion with the motor skill of the muscle; however, no
univocal relationship can be supported by the available
data. For a recent discussion on the topic, see Kokkoro-
giannis (8).

The muscle spindle is of pivotal importance in motor
control; it contributes to reflexes involved in the moment-
to-moment control of movement, one of the hypotheses
being that it signals the mismatch between the intended
and the performed movement, which is a rather complex
task to achieve, whose underlying mechanisms are, to
date, only partly known and will be briefly discussed at
the end of this section.

An anatomical description of the MS is presented first,
because it provides the basis for the examination of its
functional characteristics. Then, experimental responses
to passive muscle stretches and to g-motor signals are
presented and their functional meaning is discussed. A
few models of MS function are described. A short intro-
duction to the stretch reflex is then presented as an
example of a simple spinal reflex involving MSs. Finally,
a more integrative view is given about the role of MSs in
higher neural functions.
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Figure 4. Relationships of intensity of sensation versus stimulus
intensity for different stimulus modalities. The intensity of sensa-
tion is expressed indirectly by the subject exerting a force on a
hand dynamometer [adapted from (4), with kind permission of
Springer Science and Business Media].
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3.1. Anatomy

The muscle spindle consists of a set of 4–15 muscle fibers
enwrapped at their central portion by a spindle-shaped
capsule with a global length ranging between 5 mm and
10 mm (Fig. 5) (9). The muscle fibers are called intrafusal
fibers (from Latin ‘‘intra’’ ¼ inside, and ‘‘fusus’’ ¼ spindle)
to distinguish them from the much bigger and longer
fibers of the surrounding skeletal muscle (extrafusal fi-
bers). Three different types of intrafusal fiber have been
identified as bag1 (b1), bag2 (b2), and chain (c), and are
characterized by size, disposition of nuclei, differences in
their contractile proteins, etc. [the reader is referred to
Barker and Banks (10) for details]. These different mor-
phological characteristics imply functional differences in
terms of contraction speed and duration, which, of course,
affect the discharge of the afferent fibers in a differentiated
way. In each MS, these afferent fibers contain one large
axon (the primary afferent) falling into group I (according
to Lloyd and Hunt), which is termed Ia for distinction from
Ib afferents from Golgi tendon organs (see Fig. 3) (3). The
axon splits within the capsule and forms receptive term-
inals on the b1 fiber and on virtually all other intrafusal
fibers in the form of spirals around the equatorial regions.
In addition, at least one smaller-size axon, a secondary
afferent in group II, is also present. It lacks a sensory
terminal on the b1 fiber, whereas it may have terminals on
b2 and c fibers or on c fibers only, with such terminals
reaching the intrafusal fibers in the vicinity of the equa-
torial regions.

As for the efferent innervation, the picture is even more
complicated. Each individual intrafusal fiber is innervated
by one or several motoneurons (fusimotor neurons)
through endplates that are normally located in the polar
regions, release acetylcholine, and are very similar to
their extrafusal fiber correlates. These fusimotor neurons
are of two types. The most common are called g-motoneur-
ons because their axons fall into group Ag (according to
Erlanger and Gasser; see Fig. 3), and they are further
subdivided into static (gs) and dynamic (gd) on the basis of
functional properties illustrated below. The b1 muscle
fiber is innervated exclusively by a gd axon, whereas b2
and c fibers are individually or collectively innervated by
gs axons. In addition to this dedicated g-innervation,
intrafusal fibers of some MSs may receive motor innerva-
tion from a subset of motoneurons whose axons (in the Aa
range) branch to both extrafusal and intrafusal muscle
fibers. These motoneruons are then called skeletofusimo-
tor motoneurons or, to distinguish them from both a- and
g-motoneurons, b-motoneurons. Again, these b-motoneur-
ons are divided into dynamic and static types, depending
on whether they exert the respective physiological effects
of static and dynamic g-motoneurons.

Finally, as indicated in Fig. 5 b, efferent fibers of the
peripheral sympathetic nervous system terminate in the
peri-axial capsular space and in close association with
intrafusal muscle fibers (11).

(a) (b)

Figure 5. Muscle spindle with its spindle-like
capsule (a) and innervation of intrafusal fibers
(a,b). The innervation includes primary (group
Ia) and secondary (group II) afferents, g-static
and dynamic fusimotor fibers, as well as sym-
pathetic (efferent) fibers [modified from (9),
with permission].
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3.2. Functional Characteristics of Group Ia and II Muscle
Spindle Afferents

The MS lies between and parallel to extrafusal muscle
fibers, its extreme ends being connected either with the
tendon or with the sarcolemma (cell membrane) of extra-
fusal fibers. Such ‘‘in parallel’’ arrangement implies that
when the parent muscle is stretched, both intrafusal and
extrafusal fibers lengthen (Fig. 6a), whereas when extra-
fusal muscle fibers around the MS contract, intrafusal
fibers fall slack (Fig. 6b) (9). The intrafusal fiber lengthen-

ing is shared between the in-series elements (i.e., the
contractile (polar) and the receptive (central) regions)
according to their relative stiffness (discussed later).
Stretch of the sensory region distorts the receptive term-
inals and thereby induces mechanosensitive ion channels
to open, which generates a receptor potential that, in turn,
may trigger a sequence of action potentials on the afferent
fiber (see the General Introduction on Receptors). On the
contrary, if the MS is released [e.g., during the contraction
of extrafusal fibers (Fig. 6b)], the afferent discharge is
depressed or zeroed. As a result of this arrangement

Muscle
spindle

Sustained stretch
of muscle

(a)

(b)

(c)

Ia discharge

Tension

Pull

Contraction

Ia response is filled in

Contraction

Weight

Stimulate alpha
motor neuron

Stimulate alpha
motor neuron

Stimulate gamma
motor neuron

Figure 6. Muscle spindle Ia afferent activity in different conditions. (a) Muscle stretch while
intrafusal and extrafusal muscle fibers are inactive. (b) Contraction of extrafusal muscle fibers. (c)
Simultaneous contraction of extrafusal and intrafusal muscle fibers (a-g coactivation) [from (9),
with permission].
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within the muscle, MSs are suited to detect changes in
muscle-fiber length and are, in fact, considered to be
muscle-length receptors.

Passive muscle stretches bring to light the functional
differences between group Ia (primary) and II (secondary)
spindle afferents. Figure 7 shows schematized examples of
the different responses of these two types of afferent to
widely used stretch stimuli: the ramp-and-hold stretch
(left column), tendon tap (second column), sinusoidal
stretches (third column), and ramp-and-hold shortening
(12). Secondary spindle afferents are more truly length
receptors than are primary spindle afferents. In fact,
secondary afferents mainly have a static sensitivity [i.e.,
their discharge frequency increases in about constant
proportion to the increase in muscle length (Fig. 7, left
column)]. By contrast, primary afferents exhibit a pro-
nounced dynamic sensitivity, as shown by a marked in-
crease in firing rate during the lengthening (dynamic)
phase of the ramp, attesting to their sensitivity to the rate
of lengthening (velocity sensitivity). During the hold
phase, while length is held constant, a rather quick
reduction in frequency occurs, which then stabilizes at a
higher level than before the ramp. The greater sensitivity
of the Ia afferents to velocity than to length is also
reflected in the transient drop to zero of the firing fre-
quency during the subsequent release phase (Fig. 7, right
column). The difference in steady-state (static) discharge
rate in the two static conditions divided by the stretch
amplitude is the definition of static sensitivity, which is not
very high for large stretches (a few imp/s/mm), whereas it
is on the order of 100 imp/s/mm for length changes smaller
than 0.5% of resting muscle length (in Ref. 7). This input-
amplitude-dependent sensitivity attests to a high nonli-
nearity of the group Ia afferents (compression nonlinear-
ity). When stretching the muscle with a small-amplitude
sinusoidal pattern (Fig. 7, third column), the secondary
spindle afferents remain largely unaffected, whereas the
primary afferents exhibit strong periodical modulations of
firing frequency, with gaps in the release phases. Again,
the frequency reaches its maximum during the lengthen-
ing phase (i.e., when velocity is maximal) rather than
during the peak of the stretch, thereby realizing a phase
lead of the firing frequency with respect to muscle length.
This high dynamic sensitivity makes the primary afferent
very sensitive to vibration (50–200 Hz) (5), although the

amplitude of length change imposed to the muscle could be
as low as a few microns.

3.3. Action of Efferent Fusimotor Signals on MS Function

What is the role of the efferent g-fibers in MS function? As
mentioned above, these motor fibers drive the contraction
of the polar regions of the small intrafusal muscle fibers.
Obviously, this contraction does not produce any appreci-
able force at the muscle level, given the small size of the
MS. Nor can the contraction of intrafusal fibers shorten
the overall MS length, given its arrangement with extra-
fusal fibers (see above and Fig. 6). Therefore, the contrac-
tion of the polar MS regions produces two effects that are
relevant for MS afferent discharge: (1) It stretches the
central sensory part containing the receptive terminals,
which may start or increase the discharge rate in the
afferent fibers; (2) as compared with the relaxed state, it
increases the stiffness of the polar regions; consequently,
these will absorb a smaller portion of any subsequently
imposed stretch, while the sensory region will undergo a
larger elongation/deformation producing a bigger receptor
response. In other words, the g-drive may, in principle,
increase both the basal discharge (bias) and the stretch
sensitivity in MS afferents, which is, in fact, what hap-
pens. In group Ia afferents, stimulation of the relevant
static g-fiber (that makes the b2 and c fibers contract)
mainly increases the basal discharge of the afferent and
decreases the superimposed dynamic response to dynamic
stretch. Instead, stimulation of the dynamic g-fiber pro-
duces a marked increase in stretch sensitivity, with only
minor effects on the basal discharge rate. Such increase in
stretch sensitivity appears to be mainly because of an
increase in the dynamic sensitivity (velocity sensitivity)
rather than in the static sensitivity. However, the stretch
sensitivity was found to decrease when tested with very
small stretches (in Refs. 7 and 13).

In group II spindle afferents, dynamic g-stimulation
usually has no effect, whereas static g-stimulation pro-
duces, like in group Ia afferents, some increase in static
sensitivity and an increase in bias. Gamma static stimula-
tion may, in some cases, ‘‘drive’’ the afferent discharge of
group Ia afferents. In this particular case, the term ‘‘drive’’
is used to describe a phenomenon in which the group Ia
afferent discharges at the same rate as that of stimulation
of the static g-fibers; this effect is mediated by the fast-
twitch c fibers. Static and dynamic b axons appear to
produce effects similar to static and dynamic g-fibers,
respectively.

The picture is, however, more complicated than this. Mechan-
isms other than fusimotor activity may affect the stiffness of
the intrafusal muscle fibers and, therefore, potentially mod-
ulate MS afferent activity. For instance, a stretch-activated
contraction has been described in b1 fibers (14). Such intrinsic
mechanism potentiates the contraction when the fiber is
stretched, thereby increasing its stiffness, which partly ac-
counts for the high dynamic sensitivity of Ia afferents. More-
over, the spontaneous formation of stable cross bridges
between the intracellular proteins actin and myosin, which
occurs during static conditions, increases the short-range

stiffness of intrafusal fibers and is responsible for the much

Linear stretch Tap Sinusoidal
stretch

Release

Stimulus

Primary

Secondary

Figure 7. Schematic responses of primary (group Ia) and sec-
ondary (group II) muscle spindle afferents to large-amplitude
length stimuli in the passive spindle [ from (12), used with
permission].
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higher MS afferent sensitivity to small amplitude than to large
amplitude stretches. Large stretches break the bridges and, as
a result, the stiffness diminishes [e.g., (15)]. In extrafusal
fibers, the presence of stable actomyosin bridges is responsible
for the high ‘‘intrinsic’’ muscle stiffness at the beginning of a
passive muscle stretch.

3.4. Functional Significance of g-Innervation

How and when g-motoneurons are activated has not yet
been completely elucidated. However, one of the accepted
roles of g-innervation is to keep the MS under a tension
adequate for its receptive terminals to be functional,
irrespective of actual muscle length. This function is
illustrated in Fig. 6. When the muscle actively shortens
consequent to an a motor command, a passive MS would
fall slack, the receptive area would be released, and the
afferent discharge reduced or silenced (Fig. 6b). Moreover,
in this condition, the MS would not be functionally ready
to detect a subsequent stretch stimulus. Gamma activa-
tion concurrent with the a motor command would keep the
intrafusal fibers taut in spite of contracting extrafusal
fibers, thus keeping the MS functional [i.e., ready to detect
external disturbances (Fig. 6c)]. Such a-g coactivation has
been claimed to make the MS work like a mismatch
(nonalignment) detector, as follows. If the intended move-
ment represented in the a-g coactivation signal is
achieved, intrafusal and extrafusal fibers shorten in par-
allel, with no relevant change in the afferent discharge. If
instead, for instance, the load is heavier than expected,
extrafusal fibers, along with the enclosed MS, shorten less
than planned. The concomitant g-drive will still shorten
intrafusal muscle fibers, this time at the expense of the
equatorial sensory region, which results in increasing MS
afferent discharge. In this way, the mismatch is detected
and MS afferent information can be used for the reflex
correction of the ongoing movement (myotatic reflex or
stretch reflex, see below). Whether the mismatch idea is
supported by experimental data is discussed below.

Evidence of a-g coactivation has been found under some
experimental conditions in animals and humans, in parti-
cular in the respiratory intercostal muscles and in some
types of voluntary precision movements. For instance,
during precision finger movements in humans, spindle
afferent discharge may remain unchanged without being
correlated with muscle length (16). An operating mode
similar to a-g coactivation is structurally inherent in b-
motoneurons that simultaneously innervate extrafusal
and intrafusal fibers. It is noteworthy that MSs in more
primitive animal species, such as nonmammals like li-
zards, snakes, and amphibians, possess b-innervation as
the only mode of fusimotor innervation (in Ref. 5), suggest-
ing that keeping the spindle taut during muscle contrac-
tion is, in fact, a major role of fusimotor innervation in
these animals.

However, the phylogenetic evolution of an independent
and sophisticated g-fusimotor system, as found in mam-
malian species, suggests that an a-independent g-innerva-
tion might be a necessary functional prerequisite for the
performance of more complex motor functions. Indeed,

many experiments have shown that, in many instances of
muscle activation, a- and g-fibers follow independent
activation patterns, such that spindle afferent discharge
does not remain unchanged. Moreover, static and dynamic
g-motoneurons may be differently co-activated or not with
a-motoneurons (see below). For example, in undisturbed
cat walking, MS afferent discharge originating from, say,
hindlimb muscles is heavily modulated with the rhythmic
change in muscle length (7). Furthermore, microneuro-
graphic recordings from human MS afferents have shown
that, during voluntary isometric muscle contractions, the
discharge rate in MS afferents may increase with muscle
force, which is a sign of g-activity overcompensating for
the internal shortening of extrafusal fibers (in Ref. 7).
Moreover, such recordings from human forearm muscles
during finger and wrist voluntary movements indicated
that most MSs were working as muscle length receptors
(i.e., increasing firing frequency with muscle lengthening)
in both voluntary and passive movements with almost
equal stretch sensitivity. This behavior suggests that, at
least during moderate muscle contractions, the g-drive
was weak and not linked to a-activity (17,18). In these and
other conditions, population analysis showed that ensem-
bles of MS afferents proved able to efficiently encode joint
position and movement (18,19), which underlines the
proprioceptive role of these receptors. These and possibly
other MS working modalities are governed by the pattern
of activity in g-fibers, also named fusimotor set (7,20), as
part of a central motor program, which includes, in
particular, a differential control of the b1 fiber (gd drive),
b2 fiber, and c fiber (gs drive). The gs drive directed to the
very fast-contracting c intrafusal fibers would be adequate
to phasically modulate MS afferents during a specific
motor task; by contrast, b1 and b2 fibers would be too
slow to be driven in such a way. In fact, functional studies,
in which gs and gd activity is inferred from changes in MS
afferents, generally support this notion and bring evidence
for phasic activation of gs during repetitive or cyclic move-
ments (e.g., mastication, locomotion), whereas gd (and the
b2-directed gs) would rather act tonically (e.g., maintain a
continuous firing within a whole motor task or in certain
contexts) (21–23). However, not all experimental results
support this hypothesis (see Ref. 7), and the general
picture remains to be elucidated.

Such sophisticated organization of fusimotor activity
depends on the particular motor task being executed and
on the context in which it is performed. In general, the
strength of the g-drive seems to increase with the difficulty
of the task and in novel or unfamiliar environments (7,9).
The specific fusimotor set adopted allows one to finely tune
proprioceptive information according to contextual needs,
which may range from adjusting the gain of spinal reflexes
to learning a complex motor sequence (see 3.8, below).

3.5. Autonomic Modulation of MS Activity and Sensitivity

In addition to the well-established g and b fusimotor action
in modulating spindle afferent discharge, more recent
work also suggests that the sympathetic nervous system
exerts a modulatory action on these afferents. The sympa-
thetic system is known to affect a wide range of sensory
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receptors (24). As for MSs, stimulation of peripheral
sympathetic pathways has been shown to profoundly
affect both the resting discharge rate and the stretch
sensitivity of spindle group Ia and II afferents [e.g.,
(25)]. Results from different studies performed on various
muscles and animal species are not very uniform; how-
ever, in general, the effect is inhibitory on both para-
meters, although some increase in basal discharge rate
has also been reported. As compared with fusimotor
effects, sympathetic effects are more variable in different
afferents, have a longer latency (up to 30–40 s instead of a
fraction of a second), and last for some time after the end
of stimulation.

The sympathetic nervous system is that section of the
autonomic nervous system that is activated during states
of arousal and, in general, by physical, psychological, and
psychosocial stress. A generalized sympathetic activation
is typically aimed at mobilizing all body resources for the
fight or flight response. In this light, sympathetically
induced action on MSs may realize a context-related
modulation of afferent information (in Ref. 20). As a result
of its influence on muscle function and on proprioception,
it has been recently suggested that the sympathetic
activation could be involved in the pathophysiological
mechanisms underlying chronic muscle pain (26).

3.6. Models of Muscle Spindles

This section is not intended to give an exhaustive review
of all models that have been developed of MSs. Just a few
examples will be mentioned covering particular aspects
about this receptor.

3.6.1. Linear and Nonlinear Approaches. As mentioned
in the Introduction, sensory receptors are generally char-
acterized by a nonlinear input/output relationship. How-
ever, a linear relationship can usually be assumed for a
limited input range. Poppele and Bowman (27) applied
linear analysis techniques to the isolated (and therefore
also de-efferented) MS. In fact, they applied small-ampli-
tude sinusoidal stretch stimuli of varying frequency (input
signal) to the MS while recording its afferent activity from
single primary and secondary MS afferents. The discharge
rate of a given afferent, collected and averaged over
several cycles, was fitted with a sine wave (output signal).
The ratio of the amplitudes of the two sine waves and the
difference between their phases, computed at the different
frequencies, allowed them to graphically describe the
system by means of Bode plots of gain and phase (Fig. 8)
(27). In group Ia and II afferents, the gain (i.e., the
sensitivity of the receptor) and the phase advance in-
creased with increasing frequency. Fitting the data with
transfer functions in terms of Laplace variables yielded:

For group Ia afferents:

K1sðsþ0:4Þðsþ 11Þðsþ44Þ=ððsþ 0:04Þðsþ 0:8ÞÞ;

and for group II afferents:

K2ðsþ 0:4Þðsþ 11Þ=ðsþ 0:8Þ;

where K1 and K2 are gain constants and s is the Laplace
operator in the frequency domain. The s/(sþ0.04) term in
the first transfer function has been added to account for a
slow adaptation component that appears only when prob-
ing the afferent with a ramp-and-hold stretch; this com-
ponent is not visible in the frequency range shown in Fig.
8. A deviation from the fitting is exhibited by II afferents
at high frequencies (Fig. 8b), which was shown to depend
on the MS discharge rate at the steady-state (in the
absence of sinusoidal stretching): both gain and phase
increase faster if the ‘‘resting’’ discharge rate is lower. This
behavior was attributed to a specific feature of the II
afferents’ encoder. In fact, the characteristics of the trans-
fer functions reported above result from three possible
different sources: (1) the mechanical filter caused by the
coupling between the spindle receptor and the surround-
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Figure 8. Frequency responses of muscle spindle afferents to
sinusoidal stretches, represented by means of Bode plots of
normalized gain and phase as a function of stimulation frequency.
Different symbols indicate different MS afferents. (a) Primary
(group Ia) afferents. (b) Secondary (group II) afferents. The
afferent represented by filled triangles in panel A was studied
in vivo; all other afferents were studied in vitro [from (27), used
with permission].
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ing extrafusal fibers, (2) the transducer, and (3) the
encoder. The similar behavior exhibited by in vivo and in
vitro MSs allows one to exclude a role for the mechanical
filter. The authors (27) hypothesize similar transducer
properties for Ia and II endings, which would account for
the similar low-frequency behavior, as described by the
common terms in the two transfer functions. Ia and II
endings would then differ for the encoding process (dis-
cussed above) and for the slow adaptation term that
characterizes Ia afferents only.

The same behavior has later been found in isolated
human MSs.

Other models have been proposed to account for some
nonlinearity of the system [e.g., by introducing a non-
linear dependence of firing rate on the velocity of stretch
(13,28–32), reviewed in (7)].

3.6.2. Receptor Potential and Ionic Channels. The invol-
vement of specific ion channels at the receptor membrane
has also been investigated in isolated MSs. Models have
been designed to explain how different aspects of the
dynamic response to stretch are modulated by changes
in membrane permeability to specific ions. The interested
reader is referred to the original articles (33–35).

3.6.3. Encoding Sites. In the Anatomy section, it was
stated that one spindle afferent may have receptive term-
inals located on several intrafusal fibers. In the subse-
quent section, it was shown that the different types of
intrafusal fibers are under specific control of g-static and g-
dynamic fibers, which, in turn, subserve specific functions
in motor control. Several studies investigated how the
different receptive terminals merge together and how they
contribute to the generation of the afferent activity (action
potentials) in the parent afferent fiber. This issue was
reviewed by Carr et al. (36) who also proposed a scheme
(Fig. 9) for the primary MS afferent that branches several
times to reach all intrafusal fiber types (Fig. 5). Indepen-
dent transducers (see Introduction) have been postulated

to be operative in the receptive terminals on all intrafusal
fibers (those on chain fibers having been pooled together
in a single transducer). Receptor potentials, generated by
these transducers, propagate electrotonically along the
initially unmyelinated fiber branches. Analog summation
of the individual receptor potentials occurs at the point
where branches from bag2 and chain fibers merge. Elec-
trotonic propagation of the resulting potential continues
up to the encoding site, where it is converted into a
sequence of action potentials (see Introduction). The en-
coder is generally accepted to be located where fiber
myelinization begins (i.e., at the first node of Ranvier).
In this scheme, the presence of two independent encoders
is postulated to be located on the first-order branches of
the afferent fiber. The action potentials that are indepen-
dently generated at one encoder are conducted proximally
and, when reaching the merging point, may propagate
antidromically in the other branch, thereby colliding with
other APs possibly generated by the second encoder (the
collision of two APs implies the cancellation of both of
them). This feature may result in the phenomenon known
as occlusion: the resulting afferent discharge rate is lower
than the sum of discharge rates of the two encoders. The
probability of collision increases with increasing firing
rates of the encoders. Variable degrees of occlusion are
observed when recording the afferent activity produced by
simultaneous stimulation of dynamic and static g-fusimo-
tor efferents, the former affecting the activity originating
on the b1 fiber (upper channel in Fig. 9), the latter
affecting the activity originating in b2 and chain fibers
(lower channels in Fig. 9). If the two encoders have
markedly different discharge rates, the one working at
the higher rate will continuously reset the other and
dominate afferent activity in the parent axon (pacemaker
switching). This feature is thought to extend the receptor’s
functional range [(36), see also (32,37)].

chain

bag 2

bag 1

Gamma-dynamic

Gamma-static

Receptive terminals
on intrafusal fibers

- generation of receptor potentials -

Fusimotor
innervation

Encoding site
- summation of receptor potentials

and spike generation -

Non myelinated Myelinated fibers

Parent axon
- convergence of spike trains -

Figure 9. Model for the generation of afferent activity in muscle spindles, see text for explanation
[adapted from (36), used with permission].
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3.7. The Stretch Reflex (Formerly ‘‘Myotatic Reflex’’)

One prominent role of MSs is their involvement in the
stretch reflex, which is one of the simplest and best-known
peripheral reflexes. The basic circuit is depicted in Fig. 10
(9). This reflex basically works as a negative feedback
control of muscle length, and, in fact, it provides the
fastest possible correction to external disturbances of
movement and posture. When a muscle is stretched by
an external stimulus, MS receptive terminals are also
stretched and the afferent discharge increases, particu-
larly in the more sensitive group Ia afferents that directly
(monosynaptically) impinge on a-motoneurons. These
monosynaptic excitatory connections are onto motoneur-
ons of the same muscle as well as of the synergistic
muscles. Therefore, the motor reaction to the muscle
stretch is a shortening response, aimed at correcting or
attenuating the original motor displacement (error),
which is exactly the motor response evoked by physicians
tapping with a reflex hammer the patellar tendon when
checking the integrity of afferent and motor pathways in
neurological tests. This monosynaptic stretch reflex com-
ponent is complemented by an inhibitory reflex connection
to antagonist motoneurons. This reflex is established by
disynaptic connections between the same primary affer-
ents and the motoneurons innervating antagonist muscles
at the same joint. In this case, an inhibitory interneuron
(labeled ‘‘Ia inhibitory interneuron’’ in Fig. 10) is inter-
calated between afferents and motoneurons, and there-
fore, this connection is called ‘‘Ia reciprocal inhibition. ’’ It
prevents activity in antagonist muscles that otherwise
could be reflexly excited by their stretch during reflex

contraction of the agonist muscles. However, the overall
picture is much more complex and, in general, the role of
the stretch reflex, which also has non-monosynaptic com-
ponents, cannot be reduced to a simple control of muscle
length. From a finalistic point of view, rather than con-
trolling the length of a single group of muscles or the
position of a single joint, higher-order objectives must be
pursued by the organism, such as the accomplishment of
specific motor tasks and the maintenance of posture and
equilibrium. Thus, controlling the length of single muscles
is not necessarily the best strategy to be adopted in actions
that easily involve the cooperation of tens of muscles. In
addition, the best strategy to adopt may change according
to the context. It has been shown that, in many conditions,
the efficacy (gain) of the stretch reflex can be substantially
modulated and even reversed (38). These changes may
take place when specific motor tasks are executed. For
instance, the monosynaptic reflex gain is cyclically modu-
lated during locomotion (walking, running, swimming,
etc.). However, monosynaptic reflex gain also depends on
the emotional context as well as on the current priorities
of the subject [e.g., while having to preserve his/her own
equilibrium or the equilibrium of a filled cup of coffee
(9,39)]. The gain of this feedback control circuit can be
modulated at both the peripheral level (via modulation of
MS gain by g and sympathetic inputs; see above) and at
the spinal level, where various afferent, propriospinal, and
descending pathways impinge on motoneurons and inter-
neurons. The larger the number of interneurons involved
in a reflex pathway, the wider the modulation possibilities.
Many reflex circuits coexist and may be potentially in-
volved in the control of movement. In such a multiple
feedback system, the regulation of the gain of each reflex
is a strategy the motor system uses to change the relative
weight of each of them. As a consequence, the controlled
variable may change (switch from one to another) depend-
ing on the type of motor task and on the condition
(physical constraints, as well as motivations) in which it
is executed. Such switching between different reflex cir-
cuits may be at the basis of the above-mentioned ‘‘reflex
reversal. ’’

3.8. Role of Muscle Spindles in Higher Functions

The most important ‘‘higher’’ functions, in which MSs may
play a major role, are listed below.

3.8.1. Proprioception. The perception of position and
movement of the body and its parts in space. It is largely
mediated by MSs, but other sensory receptors are involved
as well, such as Golgi tendon organs (see below), joint and
ligament receptors, and vestibular and skin mechanical
receptors.

3.8.2. ‘‘Body Schema’’ and Feedforward Motor Con-
trol. The continuous flow of proprioceptive information
that reaches higher centers contributes to build up and
update a ‘‘body schema’’ in which biomechanical informa-
tion about our body (dimensions, weight, inertia, etc.) is
stored. This internal model is used, together with infor-
mation about the external world (e.g., slippiness of the
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Antagonist

Homonymous muscle

Alpha motor
neuron

Ia inhibitory
interneuron

Spindle

Ia afferent

Figure 10. Stretch reflex circuit [from (9), with permission].
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ground, weight of a luggage) to select the most appropriate
motor strategy for that particular task to be executed in
that given condition (e.g., walking on a slippery ground or
lifting a luggage weighing that much).

Previous experience and current knowledge about the
body scheme and the external world is therefore employed
in the planning of the motor program. In fast movements,
correctly performing the motor act relies on the adequacy/
accuracy of the motor program (because there is no time
for subsequent reflex correction of the motor command,
after the movement has started); this condition is referred
to as ballistic movement and is based on a feedforward
motor control.

3.8.3. Feedback Motor Control. Proprioceptive signals
are also used as feedback signals from the periphery by
spinal and supraspinal reflexes. These may correct the
effect of unexpected perturbations on movements or pos-
ture and also correct the originally planned motor com-
mand if it happens not to be appropriate for the intended
movement. Other sensory modalities (visual, tactile, etc.)
may provide additional signals and, thus, get involved in
the feedback control of movement.

3.8.4. Learning. Motor commands are continuously
compared with proprioceptive signals and, thus, adjusted
accordingly. In this way, after repeating the same motor
task several times, the motor command improves, and the
resulting movements can become faster, more accurate,
and, in general, more elegant.

3.8.5. Calibration of Other Senses. It has been shown
that muscle vibration, which activates MS group Ia affer-
ents, thus evoking the illusion that the muscle is
stretched, may easily affect the perception in other sen-
sory modalities, such as the visual or the acoustic mod-
alities. The information from different sensory systems is
usually merged into a congruent perception of the body
and the outside world. However, the CNS may not im-
mediately discriminate whether a sensory channel trans-
mits faulty information and, if so, which channel. If the
mismatch between pieces of information delivered by
different channels persists, the different senses are recali-
brated in such a way that they can match again. Related
experiments have shown that proprioceptive information
plays an important role in calibrating other sensory
systems [for a review of this topic, see (40)].

4. THE GOLGI TENDON ORGAN (GTO)

The structure of these sensory receptors is much less
complicated than that of MSs. They are named after
Camillo Golgi, who called them ‘‘musculo-tendinous end
organs, ’’ and won the Nobel Prize in 1906. They consist of
sensory endings enwrapping strands of tendinous fibers
and encapsulated in corpuscles 0.2-mm long. The majority
of them are located at musculo-tendinous junctions (i.e.,
the points of attachment of muscle fibers to tendinous
tissue). They are thus placed ‘‘in series’’ with muscle fibers
and react sensitively to their contractions, thus signaling

active and passive force developed within the muscle.
Their signal is conveyed in the muscle nerves by large
myelinated nerve fibers belonging to group I (named Ib to
distinguish them from group Ia spindle afferents). These
receptors are usually silent at muscle rest and exhibit a
high threshold to passively stretching the parent muscle
(i.e., in this condition, their discharge is usually elicited
only when muscle force approaches injurious levels). For
this reason, the functional significance of these receptors
was considered for a long time to lie in ‘‘overload protec-
tion. ’’ This interpretation was discarded after it had been
proved that the most adequate stimulus for GTOs is not
passive stretch but rather the active force developed by
muscle contraction, not necessarily involving large por-
tions of muscle [i.e., GTO activation does not require large
force developments (reviewed by (41))]. In contrast to what
happens during passive stretch, the threshold for activa-
tion of GTOs during muscle contraction may be very low.
Indeed, the contraction of very few in-series muscle fibers
may be sufficient to elicit the discharge of the receptor, and
the contraction of one single motor unit can succeed in
activating several GTOs (41,42). Consequently, they are
active not only in conditions of muscle stretches that are
harmful to the muscle, but throughout most of the phy-
siological range of muscle contraction.

As for the MS, frequency analysis has also been per-
formed on GTOs (43), the obtained input-output relation
(input ¼ sinusoidal force applied to the whole muscle by
means of a sevocontrolled puller; output ¼ amplitude of
the sinusoidal modulation of the receptor’s discharge rate)
being:

Kðsþ 0:15Þðsþ 1:5Þðsþ 16Þ=ððsþ 0:2Þðsþ 2Þðsþ 37ÞÞ:

The group Ib fibers emanating from GTOs contribute to
complex neural networks. Classically, under rest condi-
tions, they exert reflex inhibitory actions on a-motoneur-
ons innervating homonymous (parent muscle) and
synergistic muscles and excitatory actions on antagonists,
via oligo-synaptic circuits. In other words, in contrast to
MS Ia afferents (which, when activated, facilitate the
contraction of the parent muscle via the myotatic reflex),
Ib afferents from GTOs mediate a reflex inhibition of the
contraction of the parent muscle via Ib inhibitory inter-
neurons, which, however, is not true in all conditions. For
example, during the stance phase of a walking cat hin-
dlimb when the ankle extensor muscles are active to
support the body weight, the inhibitory action of Ib
afferents from GTOs in these extensor muscles onto
synergistic motoneurons is replaced with an excitatory
action mediated via longer intraspinal pathways [re-
viewed by (7,41)].

In general, the strength and the properties of this
reflex (as it actually happens for all reflexes) vary depend-
ing on the motor task, as well as on the phase of an
ongoing rhythmical movement, such as locomotion. This
variability depends on the extensive convergent inputs
that Ib inhibitory interneurons receive also from MS,
joints, and cutaneous receptors, in addition to excitatory
and inhibitory influences reaching these interneurons via
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descending signals associated with the central motor
command.

Then, all recent work points to a tuned action and
complex function exerted by these receptors in the control
of movements and posture, rather than just a protective
reflex action against excessive loads. It is believed that
GTOs contribute to the conscious sensation of the force
developed during a voluntary contraction. Errors occur-
ring in force estimation after a maximal force contraction
can be explained by desensitization of GTOs (44).

5. GROUP III–IV MUSCLE AFFERENTS

Sensory information from skeletal muscles is also con-
veyed by nerve fibers, which terminate as free nerve
endings within the muscle, without specialized receptive
structures. Their afferent nerve fibers consist of thinly
myelinated (group III) and even thinner unmyelinated
(group IV) fibers. These afferents are very numerous,
largely outnumbering the other sensory fibers. They play
a relevant role in motor control (movement and posture)
under conditions of muscle fatigue and pain, and possibly
also under nonfatiguing muscle contractions. Many of
these afferents signal physiological muscle activity and
contraction-related muscle states, and are therefore called
‘‘ergoreceptors’’ or ‘‘ergoceptors’’ (from Greek ‘‘ergon’’ ¼
work). Adequate stimuli for these receptors are mechan-
ical stimuli (muscle tension, stretch), thermal stimuli
(muscle warming), or chemical stimuli [metabolites re-
leased by the working muscle fibers into the interstitium
among individual fibers (45)]. Some of these afferents,
particularly those belonging to group IV, signal actual or
potential tissue-damaging events, and are therefore re-
ferred to as ‘‘nociceptors’’ (from Greek ‘‘noxia’’ ¼ pain).
They are excited by a number of chemicals and endogen-
ous substances specifically released from muscle fibers
after trauma or long-lasting contraction producing muscle
hypoxia or ischemia (insufficient oxygen supply because of
inadequate blood flow) and muscle fatigue. Many of these
receptors are ‘‘polymodal,’’ in that individual receptors are
excited by stimuli of various modalities (e.g., mechanical,
thermal, or chemical). Also, they may undergo ‘‘sensitiza-
tion’’ by a particular stimulus, often a chemical one, which
makes them responsive to other stimuli, such as mechan-
ical and thermal ones.

These afferents terminate in the dorsal horn of the
spinal cord and in the brain stem and show diffuse
projections, via polysynaptic pathways, to several spinal
and supraspinal networks that include skeleto-motoneur-
ons (a and b), fusi-motoneurons (b and g), preganglionic
sympathetic neurons. These projections underlie the wide-
spread actions of group III–IV afferents on motor and
vegetative systems, and suggest a modulatory action on
the signal transmission in numerous other pathways
[reviewed by (46)]. The actions of these afferents are far
from being completely understood.
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1. INTRODUCTION

Skeletal muscle is the actuator of motor programs gener-
ated by the central nervous system (CNS). The CNS fine-
tuning of muscles’ activity makes very complex motor
patterns appear extremely simple and smooth. This chap-
ter will provide a synthetic summary of the most up-to-
date knowledge in the field of muscle contractile proper-
ties and the relationships between muscle structure and
function [for further details, the interest reader may refer
to (1)]. To date, despite the large amount of information
concerning muscle structure and function, the equations
describing muscle mechanical behavior are yet to be fully
defined, which can be largely attributed to the fact that
the real muscle exerts its action along with other mechan-
ical structures. Muscle forces must be transmitted to
bones through the muscle-tendon junction and the tendon.
The mechanical properties of such elements may influence
muscle force exertion and its mechanics, thus the neces-
sity for developing models of muscle mechanics that are
continuously updated with new results provided by the
experiments. However, to respect the boundaries of this
section, we will not refer either to CNS control of muscle
activity or to the mechanical properties of noncontractile
elements. Also, the energetic aspects of muscle contraction
will not be discussed in this chapter.

2. SKELETAL MUSCLE: GROSS AND MICROSCOPIC
STRUCTURE

The change of shape of a muscle in action sometimes
resembles that of a mouse (‘‘mus’’ in Latin, from which the
word ‘‘muscle’’ derives). Anatomists extensive work have
revealed the general architecture (and function; see the
case of Functional Anatomy) of muscle. Muscles can be
classified on the basis of their shape, size, and architec-
ture.

From a macroscopic point of view, a muscle is sur-
rounded by a robust lamina called the epimisium. The
muscle belly is divided into subcompartments—fascicles—
by means of thinner connective tissue sheaths, forming
the perymisium. The orientation of muscle fascicles with
respect to the orientation of the whole muscle differs
among different muscles; it is thus possible to distinguish
between fusiform, unipennate, bipennate, triangular, and
strap muscles (Fig. 1). Fascicles are made up by bundles of
muscle fibers, individually surrounded by the inner con-
nective ramification, called endomysium; besides, each
fiber is also served by a capillary network, with capillary
density and arrangement that varies in accordance with

muscle fiber type, functional specialization, training sta-
tus, and age (2).

Muscle is composed of several subunits and shows a
rather complicated structural organization (Fig. 2).
Although a few invertebrates have simple muscle systems
that involve the specialization of only part of the cell or a
few isolated cells, most animals have muscle systems
made up by elongated, specialized cells. Each cell is
referred to as a muscle fiber (Fig. 2).

The internal environment (sarcoplasma) of a muscle
fiber is populated by different things: bundles of myofi-
brils, multiple nuclei, mithocondria, ribosomes, soluble
proteins, lipids, and glycogen. The relevance of the com-
plicated muscle media composition on single-fiber me-
chanics will become apparent later on in this chapter.

On average, muscle fibers are 75% water by mass,
whereas the remaining 25% is nearly all protein (30%
soluble, 38% myosin, and 12% actin). Muscle fibers are
multinucleated cells with the nuclei generally located
along the cell periphery. The population density of nuclei
is estimated to be 50–100 per mm offiber length (2). Nuclei
dictate cell material and distribution. Nuclei communicate
with other nuclei within a cell to maintain some consis-
tency of regulation. They also exhibit local regulatory
control, especially at locations such as near the site of
neural innervation. Protein synthesis within a muscle
fiber can be upregulated or downregulated fairly quickly,
providing muscle the ability to adapt. The speed, strength,
and endurance properties of the cell are dictated by the
proteins comprising the cell.

The muscle fiber metabolism is regulated by different
systems. The mithocondria, located within the cytoplasm,
are responsible for the adenosine triphosphate (ATP)
production through the oxydative metabolism pathways.
Mithocondria concentration can reach 20% of the global
cell volume, which is directly related to the functional
specialization of the muscle fiber (3).

The muscle fiber is surrounded by two membranous
systems, namely the sarcoplasmatic reticulus (SR) and the
transverse tubular system (T-system). These structures
are responsible for the transmission of the action potential
from the neural side (a motoneuron) to the muscle fiber
through the release of Ca2þ ions that are stored within
the membranous system (excitation-contraction coupling,
see below).

Muscle fibers’ volume is 75–85% occupied by myofibrils
(Fig. 2). These are spaced from each other by the cyto-

Figure 1. Five possible fiber orientations in intact whole muscle:
(a) fusiform, (b) unipennate, (c) bipennate, (d) triangular, and (e)
strap.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



plasm and by intra-cytoplasmatic organelles and are
composed of a number of series arranged elements, the
sarcomeres (Fig. 2), representing the smallest morpho-
functional unit of the muscle. The sarcomeres are con-
stituted of a regular array of proteic thick and thin
filaments, named myosin and actin, respectively, which
are disposed in parallel and are partially overlapped
within the sarcomere (Fig. 2).

In accordance with the different anatomic distribution
of the myofilaments within the myofibrils as it is shown by
polarizing mycroscopy, darker and brighter zones can be
distinguished. The dark zone, named ‘‘A-band’’ (aniso-
trope) have dense protein, bands; this band results from
the overlapping of the thick and thin filaments. Other
zones are less protein-dense, and they are defined as ‘‘I-
bands’’ [isotrope; (4)]; this band is occupied by thin fila-
ments (actin). In the middle of the I-band, a dense protein
zone exists, called Z-line or Z disk (Z for Zwischen–
Scheibe). This portion is composed of the anchorage
between thin filaments belonging to adjacent sarcomeres.

In fact, two Z-lines delimit one sarcomere. In the middle of
the A-band, a lighter zone exists named H-zone (H for
Helle–Sheibe, composed of thick filaments, myosin); in the
center of this zone, a darker portion exists, the M-line (M
for middle) (Fig. 2). The M-line is made up of a connective
tissue network binding the thick myofilaments and keep-
ing them in the typical esagonal pattern when observed in
a transverse plane.

The sarcomere is 2–3 m long (5). As a muscle contracts,
the I-zone and the H-zone shorten, whereas the A-zone
length remains constant.

Each thick filament is thought to be composed by 200–
300 myosin molecules, with lengths of 160–170nm result-
ing in a total length of the thick filament of 1.55 m and a
diameter of 12–15 m. The myosin can be subdivided into
two heavy chains and four light chains (Fig. 3). Each
heavy chain constitutes the bulk of one myosin head,
whereas the resting portion of the two light chains are
wound together to form a tail.
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Figure 2. Sketch of the anatomical organiza-
tion of a skeletal muscle. (From: D. R. Lamb,
Physiology of Exercise. Responses and Adapta-
tions. New York: Macmillan Publishing Co. Inc.,
London: Collier Macmillan Publishers, 1978).
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Two different regions have been identified within the
myosin: the light meromiosin (LMM) and the heavy
meromiosin (HMM). The LMM represents part of the
tail and is responsible for the self-association properties
of the myosin. The HMM contains the two myosin heads
and that part of the tail that is not included in the LMM.
HMM can be further subdivided into two sub-units, the S1
and S2 fragments: The S2 fragment is similar to the LMM
and enables the S1 fragment to project out up to 55nm (6).

The fragment S1 binds two light chains, ATP, and actin;
moreover, S1 is where the ATP hydrolysis takes place, and
it is also necessary for acto-myosin binding. HMM is also
known as the cross-bridge because this region is directed
to and binds actin during muscle contraction.

The thick filament contains other proteins, the M
protein (myomesin), the C protein, and titin, which is a
big protein and is involved in the anchorage between the
terminal site of thick filaments and Z-disks. Other pro-
teins, such as talin, vinculin, alfa-actinin, fibronectin, and
integrin, are involved in the complex mechanism of force
transmission actuated by the myofibrils.

The thin filament is composed of actin and two non-
contractile proteins, troponin and tropomyosin (Fig. 3). G-
actin (G for globular) monomers form a filamentous
polimer, named F-actin, constituting a right-handed dou-
ble helix chain with an axial repeat length of approxi-
mately 35nm. The tropomyosin is located in the groove of
the F-actin; each molecule of troponin is associated to one
molecule of tropomyosin. As a result of the symmetry of
the actin (a groove on either side of the alpha-helix), two
troponin/tropomyosin complexes exist for a given part of
F-actin (Fig. 3). The troponin molecule is divided into
three subunits: C, I, and T. Troponin C regulates the
sensitivity of the acto-myosin complex to Ca2þ ions; I-
troponin inhibits the acto-myosin binding and is regulated
by troponin C; troponin T controls tropomyosin binding.

2.1. Excitation-Contraction Coupling

The term excitation-contraction coupling indicates the
process by which contraction is triggered in skeletal
muscle. This process requires a complex series of events
that encompasses electrical and chemical phenomena. An
electrical signal on the cell surface membrane initiates a
series of intracellular biochemical events culminating in
force production (6). The action potential spreads radially

inward along a network of invaginating transverse tubu-
lar membranes that are electrically and morphologically
continuous with the surface. The signal is then somehow
communicated to geometrically close, but electrically re-
mote, sarcoplasmic reticular membrane (6). Calcium is
then released from these internal stores, which, in turn,
activates the contractile proteins.

At present, the least understood step of the above
sequence in skeletal muscle is the transduction of trans-
verse tubular depolarization into Ca2þ permeability
changes in the terminal cisternal membrane of the SR
(7). The minimum distance between the T tubules and the
SR is about 12 nm; these junctions are thought to be the
likeliest site for this communication. Junctional mem-
brane covers approximately 80% of muscle fiber in frog-
twitch muscle, and the speed of muscle twitch correlates
with the development of these internal membranes and
the density of such junctions (8).

Once Ca2þ appears in the sarcoplasm, it binds with
troponin, and this triggers the removal of troponin inhibi-
tion thus allowing the actin-myosin interaction. Calcium
release from SR starts about 5ms after the arrival of
action potential and is followed by force production. Force
peaks 20ms to 100ms after (in human skeletal muscle)
depending on fiber type, fast or slow. When the electrical
state of SR membrane returns to the preexcitation state,
Ca2þ is actively (with ATP expenditure) pumped back into
SR. Speed and duration of contraction are regulated by
membrane systems and myosin isoforms through rates of
Ca2þ release and uptake and ATP hydrolisis.

3. MUSCLE MECHANICS

3.1. Force Production

Force production in striated skeletal muscle develops from
the interaction between thin and thick myofilaments. This
seemingly simple concept has many important implica-
tions on the geometrical and spatial arrangement of
myofilaments within a sarcomere, a myofibril, a fiber,
and a muscle, which, in turn, has many important con-
sequencesc on muscle capacity to generate force whether a
given muscle is untrained or trained, young or old, healthy
or ill. This concept holds true regardless of the presence of
the control exerted by the CNS (i.e., in the isolated

Phosphorylation site

ADP-PiADP
ADPLC2

S-1

S-2 C-protein
Alkali LC

Actin binding
site

TnI TnC
TnT

A TM Ca++Ca++
Mg++

Mg++

Figure 3. Molecular structure of the acto-myosin com-
plex: regulatory proteins are also shown. Tn: troponin
(subunits I, C, and T); TM: tropomyosin; A: Actin; S1, S2:
myosin subunits; LC2: myosin light chain.
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skelatal muscle), even if the central command is of para-
mount importance for proper muscle function.

The distance between myosin filaments is evaluated as
about 450 Å, whereas the spacing between actin and
myosin filament is thought to range from 130 Å (9) to
200–300 Å (5). In this respect, note that the S2 myosin
subunit can externally rotate the S1 subunit of about
55nm, and that this distance is largely in excess to allow
the interaction between myofilaments, which leads to the
hypothesis that the interplay between actin and myosin
are far more complex than that postulated on the basis of
two- dimensional models.

Many experimental studies suggest that force is gen-
erated at the S1 myosin level. On the basis of electron
micrographs, cross-bridges are localized in correspon-
dence with the H-zone and the outer sides of thick fila-
ment. Although x-ray diffraction studies have shown the
movement of myosin projections toward the actin mole-
cule, the exact mechanism of cross-bridge force production
is not well understood. However, it seems that S1 rotation
is not the only thing responsible for force production.

Maximum force that an isolated skelatal muscle can
produce depends on the number of cross-bridges estab-
lished in half the length of a sarcomere and on the
myofibrils/unit of area ratio. Lateral spacing between
myosin filaments, dictating the number of filaments pre-
sent within a myofibril (40 nm on average), is fairly
constant, which suggests some functional relationships.
In fact, the spacing is a constraint for the maximum
number of filaments present in a given cross section of a
myofibril. It is commonly believed that two or three
myosin heads exist every 14.3nm; thus, to increase the
force/myofibril area ratio (specific force; see also below),
the only possibility would be to increase the force/cross-
bridge. Alternatively, the A-zone would have to be length-
ened to have a greater number of myosin heads to interact
with the actin molecule. However, in the first instance, a
stronger Z-disk would be necessary as well as the M-line
and thick filament diameter. Huxley (9) established a
maximum specific force equal to 30 N/cm2 that may be
valid for a single myofibril; experimental works have
reported different values (from 16 N/cm2 to 21 N/cm2) in
different mammalian muscles.

3.2. Force-Length Relationship

At present, general agreement exists that the force a
muscle can generate depends on its length (10). More
specifically, light microscopy studies showed that max-
imum muscle force is proportional to the degree of over-
lapping between thin and thick filaments. Actually, the
sliding filament theory started from this observation. The
theory states that cross-bridges established between thin
and thick filaments generate muscle force. Cross-bridges
act as individual force generators and pull thin filaments
toward the center of the M-line. Muscle fiber length
determines the extension of the overlapping filaments
zone, which, in turn, determines the amount of cross-
bridges that can establish and develop force. An optimal
fiber length exists at which maximum force is obtained. By
taking into account filaments length and spacing, a sarco-
mere should be able to shorten of about 31% of its initial
length (0.7 m); beyond this value, Z-disks would hit thick
filaments. In the real world, it seems that thick filaments
compression allow sarcomeres to shorten up to 50% of
their optimal length, whereas sarcomeres can be length-
ened up to 45% (1.25 m) before overlapping loss. When a
muscle is lengthened passively (elongated) beyond optimal
length (up to 130%), force is produced passively within the
muscle because of the deformation of its elastic compo-
nents (noncontractile elements; see below). Beyond 150%
of optimal length, a plastic deformation of muscle will
occur. In summary, the total force a muscle can generate
depends on the sum of the active and passive forces (see
Fig. 4).

3.3. Force-Velocity and Power

The hyperbolic-like relationship between force and velo-
city of contraction is such a common finding in the field of
muscle physiology to be considered a classic feature of
skeletal muscle. However, the structural bases of such a
relationship are not yet fully described, and it is likely
that this curve (see Fig. 5) depends on many different
interacting factors. As the speed of contraction increases,
for example, the probability of cross-bridges formation
decreases and, thus, force output decreases accordingly.
Muscle shortening implies myofilaments sliding in a
viscous medium: considering the nonNewtonian nature
of the intracellular fluid, its viscosity increases as the
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velocity increases, which impairs muscle force output. In a
more realistic situation, not only contractile and viscoe-
lastic intrisic muscle components are involved, but the
role of tendons, fasciae, joint structures, and so on, must
also be considered that enormously complicates any mus-
cle mechanical model.

Muscle architecture also plays a role on the force-
velocity relationship. The stereotypic representation of a
skeletal muscle is the fusiform one, as in the biceps brachii
muscle (see Fig. 1a). In a muscle of this kind, muscle fibers
run almost parallel to each other from tendon to tendon.
In unipennate muscles, as in m. vastus lateralis (Fig. 1b),
fibers run parallel to each other but at an angle (pennation
angle) with respect to muscle longitudinal axis, whereas
in bipennate muscles, fibers run in two distinct directions
(gastrocnemius) much like as the point of an arrow. The
pectoralis muscle is multipennate (fan-like; Fig. 1d): the
distinctive architectural feature of these muscles is that
the pennation angle is different for every fiber. Finally,
strap muscles, like the semitendinosus, have fibers run-
ning in parallel from one broad origin to one broad
insertion.

What are the effects of muscle architecture on muscle
mechanical properties? Muscle architecture is adequately
described by muscle fibers length and muscle physiologi-
cal cross-sectional area (PCSA). Fiber length is that
length at which all the sarcomeres are at optimal length;
even if muscle fibers can be very long, they generally do
not cover the whole distance from tendon to tendon (at
least not in mammals bigger than a rat). Usually, more
muscle fibers link each other to form fascicles: thus, the
common definition of ‘‘fiber length’’ should be corrected as
‘‘fascicle length.’’

As far as PCSA is concerned, things are a bit more
complicated. First, it cannot be easily measured and,
second, its real physical meaning is questionable. PCSA
is strictly related to the sum of all CSAmeasured for every
single fiber in a given muscle and is directly proportional
to muscle force. The reason for introducing PCSA is the
necessity for a representation of the in-parallel contractile

component, and it is defined as:

PCSA¼N � Fa¼Mv �
Fa

Fv
¼

Mvcos y
Fl

; ð1Þ

where N is the number of fibers, Fa is the average fiber
area, Mv is the muscle volume, Fv is the average fiber
volume, Fl is the average fiber length, and cos y is the
pennation angle. For practical purposes, the pennation
angle is not so easily measurable and is seldom greater
than 20 degrees; thus, this correction is usually less than
6% and very often affected by large errors.

It must be remembered that force and shortening
capacity of a group of sarcomeres depends on their spatial
arrangement. In short, an in series arrangement adds
velocity (or shortening), whereas in parallel arrangement
adds force: Muscle architecture can be conceptualized as a
way to obtain a compromise between peak velocity and
peak force or as a ‘‘tuning knob’’ for peak power genera-
tion. As stated above, cross-bridge force generation (and so
muscle force output) is velocity-dependent. As power is the
product of force and velocity, we may represent power as a
function of shortening velocity: By doing so, it comes out
that peak power is generated approximately at 30–40% of
Vmax. Besides, note that the power units above are
Fmax �Vmax. This product is proportional to muscle
mass (being fiber-type specific), and thus muscle power
is proportional to muscle mass. Furthermore, the velocity
that produces maximum power depends on the proportion
of sarcomeres (muscle mass) arranged in parallel vs. those
in series. A common example looks like this: Imagine a 100
cc muscle. This tissue may be arranged in any way as long
as PCSA �Fl ¼ 100. In an hamstring-like muscle, fibers
are likely to be arranged mostly in parallel: Fl ¼ 10 cm,
PCSA ¼ 10 cm2. In a quadriceps-like muscle, assume Fl
¼ 6 cm and PCSA ¼ 17 cm2, which means that both
muscles generate the same peak power, but at different
shortening velocities, with the quads slower than the
hamstring. It is rather obvious that the longest possible
fibers run from bony origin to bony origin; the pennation
angle being the solution for a more efficient ‘‘packing’’ of
muscle fibers into a finite girth.

In summary, despite the difficulties in obtaining a full
theoretical background for the force-velocity FV relation-
ship, this and the muscle power curve are of the utmost
practical interest. The FV relationship, in fact, allows a
complete description of the mechanical properties of a
muscle (or of a muscle group) and of its performance.

4. MUSCLE MECHANICS MODELS

What model can be used to describe the FV relationship?
Generally speaking, it should be evident by now how
difficult it is to model the behavior of muscle-tendon units
taking into account all the possible factors, from gross
morphology to cellular level, from molecular to energetic
aspects. This chapter briefly deals with two of the most
famous mechanical models of muscle, the Hill model and
the Huxley model.
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4.1. Hill’s Model

In spite of the fact that the Hill–Meyerhof (Nobel prize,
1922) theory was wrong with its lactic acid/viscoelasticity
approach, the statement that a muscle can be treated as a
machine, albeit a rather inefficient one, and studied by
regarding it as such is perfectly true. Skeletal muscle,
then, can be explored asking engineering questions.

Hill’s model (11) basically assumes that muscle-muscle
dynamic properties can be expressed in terms of equations
describing the dynamic characteristics of a system made
by mechanical elements arranged as such to mimic the
mechanical behavior observed in an isolated muscle.
Mechanical elements used in Hill’s model include contrac-
tile components (CC) and springs. CC elements are ar-
ranged in parallel with an elastic component (PEC) and
the CC-PEC unit is arranged in series with a second
elastic component (SEC). Further developments of the
model have included a dashpot element in parallel with
CC and PEC components. Hill’s model can be used to study
passive elastic properties of the muscle, but it is difficult to
assign reasonable (in a physiological sense) values to the
mechanical elements. Besides, the model does not char-
acterize the force generator.

Hill derived the FVrelationship by fitting experimental
data with an empirical equation rather than by using any
lumped parameter model. In its original work, he mea-
sured the speed of movement during isotonic (constant
force) contractions. Data were then interpolated with an
equation such as:

ðFþaÞðV þ bÞ¼ ðF0þaÞb; ð2Þ

where F ¼ Force, V ¼ Velocity, F0 ¼ Maximum force, and
a and b ¼ constants.

During further experiments, Hill demonstrated that
work during shortening is FDs (Ds ¼ displacement) and
that the heat produced during muscle shortening was
proportional to the shortening distance covered (aDs). By
expressing the rate of total energy liberation (F þ a)V vs.
F, he showed the existence of a linear relationship of the
form

ðFþaÞV ¼ ðF0 � FÞb; ð3Þ

which can be rewritten as follows and was in accordance
with his previous formulation of the model:

ðFþaÞVþ ðFþaÞb¼ ðF0 � FÞbþ ðFþaÞb ð4Þ

F¼
ð1� V 0Þ

ð1þV 0=KÞ
; ð5Þ

with K ¼ 0.15 for oxidative (aerobic) fibers and 0.25 for
glycolitc (anaerobic) fibers.

It must be remembered that Hill’s experiments have
been performed in isotonic conditions (constant force), at
optimal fiber length, and while the muscle had already
been fully preactivated. It is important to note that Hill’s
model holds as the force ranges between 5% and 80% of
the maximum isometric force; it overestimates Fmax and

greatly underestimates Vmax. However, the assessment
of Vmax is difficult in vivo because of the many interacting
factors, such as the contribution from other muscles
(coagonists and antagonists), the variable compliance of
the interposed viscoelastic structures, limb inertia, and so
on.

Starting from Hill’s model, many other models have
been proposed in which the term F0 ¼ Fmax has been
replaced with the value of F at a given length (F0(l)) so
that it was possible to take into account the force-length
relationship. In this way, Hill’s equation

Vmax¼F0ðlÞ�b=a ð6Þ

suggests that Vmax changes with length, which may not
be entirely true, at least in the case of the single sarco-
mere. In the sarcomere length range between 1.65 m and
2.7 m, shortening velocity is independent from length.
Thus, a more realistic link between FV and force-length
relationships should be

F¼
f ðlÞðF0b� aVÞ

ðbþVÞ
; ð7Þ

where f(l) is in the range between 0 and 1.
A number of warnings must be given now. The above

equations are based on the assumption that force-length
data obtained in static conditions are also valid for the
dynamic case, which is not robust. It has been shown that,
after muscle shortening, a decrease in force occurs that
depends on length and velocity changes. A muscle that
contracts and shortens to a new length produces, at that
new length, a lower isometric force. In particular, the
larger the length variation, the greater the force reduc-
tion, and, on the other hand, the slower the velocity, the
greater the loss of force. It has been observed that a
decrease of muscle stiffness follows shortening. The reason
for this is still unclear, but it could be because of a stress-
related inhibition of the force-producing mechanism that
would explain these effects of length and velocity.

It is worthy to note that a few relevant factors have not
been considered yet, such as fiber-type composition within
a muscle as well as the interaction between tendons and
muscles. Although these factors cannot be neglected while
discussing muscle mechanics, it is beyond the purpose of
this chapter. Interested readers can refer to (1).

4.2. Huxley’s Model

After sharing the Nobel prize with Hodgkin and Eccles in
1963 for their studies on the ionic mechanisms underlying
the resting and action potentials of nerve fibers, A. F.
Huxley directed his scientific interest to muscle contrac-
tion. The model developed by Huxley (12,13) is very
interesting because it tries to explain the mechanical
behavior of cross-bridges. This model is kinetic in char-
acter (i.e., the particular assumptions made about the
chemical and mechanical events during the cycle are
highly speculative and are not essential to the theory)
(14). The scope was to simulate Hill’s steady-state rela-
tions between speed of shortening, tension, and rate of
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heat production by making assumptions about the rates of
attachment and detachment of specific cross-bridge sites.

The key assumptions were:

1. Each attachment contains an elastic element.

2. The probability of attachment is moderate over a
certain range of relative positions of the two sites
where the force in the elastic element makes a
positive contribution to tension.

3. The probability of detachment is low, so long as the
contribution to tension is positive, but becomes high
when sliding of the filaments brings the attachment
into a position where the contribution to tension is
negative.

Huxley’s model, in fact, describes the following two
reactions:1

AþMADP � Pi! AMADP � Pi with rate constant f ðaÞ

AM! AþMATP with rate constant g ðbÞ

Both of these reactions affect the number of attached
cross-bridges, reaction (a) increasing and reaction (b)
decreasing. The number of cross-bridges formed will be
proportional to f and to the number of unbound cross-
bridges. The number of resolved cross-bridges is propor-
tional to g and to the number of bound cross-bridges, as
such:

@n

@t
¼ ð1� nÞf ðxÞ � ngðxÞ; ð8Þ

where n ¼ number (fraction) of attached cross-bridges
and x ¼ distance from myosin tail to binding site on actin
zero at rigor state.

However, because f and g are functions of space, it may
be more convenient to write @n

@t as
@n@x
@x@t, so that:

�v
@n

@x
¼ f ðxÞ � ðf ðxÞþ gðxÞÞn: ð9Þ

It therefore comes out that it is possible to estimate whole
muscle velocity from cross-bridges velocity: V ¼ 2v/s (v
¼ filament/sarcomere shortening velocity; s ¼ sarcomere
length). Now an attempt can be made in calculating cross-
bridges in terms of things that can really be measured:

�
sV

2

@n

@x
¼ f ðxÞ � ðf ðxÞþ gðxÞÞn: ð10Þ

Huxley’s initial estimates

xo0 : f ¼ 0 g¼ g2

0oxoh : f ¼ f1x=h g¼ g1x=h

x > h : f ¼ 0 g¼ g1x=h

can be integrated and, limiting to the case where V 4 0
(this means shortening), the following expressions (13,14)
are obtained:

xo0 : n¼
f1

f1þ g1
1� e

f1 þ g1ð Þh
sV

� �

e
2xg2
sV ð11Þ

0oxoh : n¼
f1

f1þ g1
1� e

x2

h2�1

� �

f1 þ g1ð Þh
sV

 !

ð12Þ

x > h : n¼ 0 ð13Þ

It is important to note that these expressions are expo-
nential in x and 1/V.

Force in an elastic cross-bridge is proportional to x,
thus it may be imagined by the same K of the Huxley and
Simmons model (13,15). The work done by that particular
cross-bridge during a full cycle is

R

kxdx¼ 1
2kh

2 and, for a
generic cross-bridge,

R1

�1
nkxdx:

For example; for 0oxoh :

kf1

f1þ g1

Z 1

�1

1� e
x2

h2�1

� �

f1 þ g1ð Þh
sV

 !

xdx
; ð14Þ

which is a bit more complicated to calculate. The work of
the whole muscle can be calculated by multiplying by one-
half the total number of cross-bridges because they are
acting in opposing pairs.

Force can be calculated by dividing by l, which is the
distance that separates the myosin-binding sites on actin
and that sets a practical upper limit on x, from which
something that looks like the following can be derived.

P¼P0 1�
sV

ðf1þ g1Þh
1� e

ðf1 þ g1Þh
sV

� ��

1þ
1

2

ðf1þ g1Þ

g2

� �2 sV

ðf1þ g1Þh

 !) ð15Þ

Equation 15 is important because it gives a roughly
hyperbolic expression for muscle force as a function of
shortening velocity.

Many unresolved issues and uncertainties exist in
muscle mechanics that are waiting to be unraveled.
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1. INTRODUCTION

Cell mechanics is a broad field encompassing the study of
force and motion as it relates to living cells and cellular
processes. In recent years, the study of cell mechanics has
developed an added significance, as the role of mechanical
factors in biological phenomena becomes more evident.
Basic behaviors, including cell adhesion, contraction, mi-
tosis, migration, phagocytosis, differentiation, and extra-
cellular matrix synthesis, can only be fully understood if
discussed in the context of mechanics.

The study of cell mechanics is particularly relevant in
the musculoskeletal system. Musculoskeletal tissues, such
as bone, cartilage, ligament, skeletal muscle, and tendon,
serve to transmit forces, support weight, and generate
loads. As cells living in these tissues are pressurized,
squeezed, stretched, and twisted, they change their be-
havior, often causing the tissue surrounding them to
adapt to the various applied forces. The study of this phe-
nomenon, in which cells and tissues respond biologically
to a mechanical stimulus, is known as mechanobiology.
The means by which the cells actually detect these forces
is called mechanotransduction, or literally the transfor-
mation of mechanical signals, i.e., applied forces, into bio-
chemical signals that cells are designed to interpret. The
physical properties of the cell help determine how much it
deforms when a tissue is stretched or compressed; as a
result, measuring the mechanical properties of the cell,
such as stiffness, viscosity, and compressibility, not only
provides basic information about cells, but it also helps
researchers better understand the types of forces and
movements that cause these cells to respond by remodel-
ing the surrounding tissue, furthering the current under-
standing of mechanobiology and mechanotransduction.

This article will focus on cells found in bone, cartilage,
ligament, and tendon. Skeletal muscle cells will not be
discussed because their highly specialized cytoskeleton
and active contractile behavior are very different from
other musculoskeletal cells. The article will provide a brief
background regarding the basis of a cell’s mechanical
characteristics and the techniques used to measure these
properties. Finally, it will describe how current and future
work can enhance current understanding of a variety of
biological processes.

2. THE CYTOSKELETON

Just as the human body possesses a skeleton to provide
support and structure and musculature to enable move-
ment, a cell contains components that provide shape and
stability. Collectively these components are called the
cytoskeleton, but they are not a set of static beams and

struts. Instead, like bones, they are dynamic, adapting
and remodeling to cope with different types of stresses
imposed on the cell. In addition, the cytoskeleton also acts
as the ‘‘muscles’’ that enable the cell to change shape,
move, and pull on other cells and microstructures (the
cellular basis for muscle contraction). Each component of
the cytoskeleton is a structure composed of certain pro-
teins arranged in a highly organized and specific pattern.
The composition and arrangement of these proteins are
indicative of the different roles played by different portions
of the cytoskeleton. Although numerous proteins and
structures are involved in the cytoskeleton, three major
components are generally identified as the principal build-
ing blocks: microfilaments, microtubules, and intermedi-
ate filaments.

Microfilaments are double-stranded, helical polymers
of the protein actin (Fig. 1a). Each microfilament is 5 to
9 nm in diameter and interacts with other microfilaments
to form strands, networks, and gels. Microfilaments are
dynamic structures undergoing constant polymerization
and depolymerization. Actin microfilaments are found
throughout the cytoplasm, but they are concentrated
mostly in the cortex around the periphery of the cell
(Fig. 2). Microfilaments are essential in cell motility, con-
tractility, and adhesion (1). It has been shown that actin
filaments reorganize in response to cell adhesion to form
bundles of microfilaments called stress fibers, and these
fibers interact with focal adhesions to establish a bridge
linking the extracellular matrix (ECM) and the cytoskel-
eton, which allows for the transmission of force from the

microfilament

microtubule

intermediate filament

αβ-tubulin dimer

coiled-coil dimer
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Figure 1. Illustration of the three major components of the cyto-
skeleton: (a) microfilaments, (b) microtubules, and (c) intermedi-
ate filaments.
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outside in Ref. 2. Actin filaments also interact with myo-
sin, an actin-binding motor protein, to enable the cell to
exert contractile forces on its surroundings (2). This mech-
anism is responsible for cell motility, the specialized con-
tractile function of muscle cells, and cell morphology.

Microtubules are hollow cylindrical structures, which
are similar to columns or beams, with a wall composed of
13 linear protofilaments made of alternating subunits of a-
and b-tubulin (Fig. 1b). Microtubules, with diameters of
25nm, are considerably larger than microfilaments. Most
microtubules in the cell originate from the microtubule
organizing center or centrosome (Fig. 2). Like microfila-
ments, microtubules are not static structures, but they
constantly undergo polymerization and depolymerization.
The concentration of unpolymerized tubulin in the cyto-
plasm controls assembly and disassembly (1). It has also
been demonstrated that the application of mechanical
forces can regulate polymerization of microtubules (3,4).
Because of their structure, microtubules are rigid in com-
pression and bending (5). Microtubules play several im-
portant roles in the cell, including the formation of the
mitotic spindle and facilitating intracellular transport via
motor proteins (1). The rigidity of microtubules would
suggest a role in compressive load resistance, and free
tubulin may contribute to the viscoelastic properties of the
cytosol (6).

Intermediate filaments are the least understood of the
three major cytoskeletal components. Intermediate fila-
ments are aptly named, as they fall between microfila-
ments and microtubules in terms of size, with diameters of
10nm. Unlike microfilaments and microtubules, interme-
diate filaments can be composed of a variety of different
proteins, depending on the cell type. Among the more
common intermediate filament proteins are the keratins,
vimentin and vimentin-like proteins, desmin, neurofila-
ment proteins, and nuclear lamins. All intermediate fila-
ments, however, share a similar structure. Each filament

is composed of a series of protein tetramers, which are
composed of two coiled-coil dimers arranged in antiparal-
lel fashion, in which the N-terminus of one dimer is
aligned with the C-terminus of the other (Fig. 1c). The
exact roles of intermediate filaments are not well under-
stood, but they can withstand greater tensile forces than
both microfilaments and microtubules, which is evidence
that suggests an important mechanical function (7). In
addition to being distributed throughout the cytosol, in-
termediate filaments also connect directly to the nucleus
(Fig. 2), acting as cables that can transfer externally ap-
plied loads to the nucleus (1).

Other cellular structures are also involved in deter-
mining the mechanics of a cell. The nucleus of the cell has
its own membrane and associated cytoskeleton as well as
the tightly packed DNA arranged into chromosomes. The
nucleus is substantially stiffer than the rest of the cell (8).
Thus, the nucleus may be an important component in de-
termining how the cell responds to loading. The cell mem-
brane is another important structure that may contribute
to a cell’s biomechanical behavior. In swollen or free-flow-
ing cells, such as red blood cells, the membrane plays an
important role in determining the properties of the cell (9).
However, the contribution of the membrane in anchorage-
dependent cells, where there is typically an excess of
membrane (in the form of membrane ruffles) (10) is gen-
erally considered insignificant compared with other sub-
cellular structures.

3. METHODS IN CELL MECHANICS

Because of the length scale of a cell (B10 mm), the tools
needed to measure forces and deformations at this level
must be extremely sensitive, with submicron displace-
ment resolution and nanonewton-scale force transducers.
Several methods have been developed that meet these
specifications, each using a different approach to measure
the mechanical properties of the cell. Each tool is suited to
particular tasks and has advantages and disadvantages to
its use. The list of methods described here is not all inclu-
sive, but it represents some of the more common tech-
niques for direct mechanical testing of the single cell.

Micropipette aspiration is one of the most widely used
techniques for measuring the mechanical properties of
single cells. The basic procedure of micropipette aspiration
is to apply a suction pressure to a portion of the cell’s
membrane, pulling that region of the membrane into the
micropipette (Fig. 3). The properties of the cell can then be
determined by measuring the length of membrane aspi-
rated into the pipette relative to the amount of pressure
used, as well as the time it took for that deformation to
occur (if one is trying to measure viscoelastic behavior). In
addition, micropipette aspiration can also be used to mea-
sure cell adhesiveness by applying enough pressure to lit-
erally suck the cell off a surface.

The atomic force microscope (AFM) was originally de-
signed to obtain nanometer-resolution surface topography
maps, with the advantage of being able to image hydrated
samples (11). With this high level of spatial resolution and
its ability to make force measurements in the piconew-

Microtubule

Intermediate filament

Microfilament

Figure 2. Intracellular distribution of cytoskeletal components.
Microtubules originate from a single point (the centrosome),
whereas microfilaments are concentrated around the periphery
of the cell or in stress fibers formed during cell adhesion, and in-
termediate filaments are distributed throughout the cell.
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tons, the AFM was easily adapted for investigating cell
mechanics. An AFM works by using cantilever beam the-
ory and the simplified Hooke’s Law. The cantilever has a
pointed tip that pushes against the material surface,
which causes the beam to deflect (Fig. 4). The relation-
ship between force and deflection is given by Hooke’s Law:
F ¼ kx, where F is the measured (or applied) force, k is the
spring constant of the beam, and x is the deflection of the
cantilever. Typically, cells are indented at a constant ve-
locity, although experiments where the force is main-
tained at a constant value have been performed (12).
One of the disadvantages of using an AFM is that, be-
cause the indenting probe tip is typically nanometers in
diameter, it is possible to resolve specific subcellular com-
ponents, rather than testing the cell as a single unit. This
disadvantage turns out to be tremendously useful if the
goal is to measure local variations in mechanical proper-
ties (13,14).

To address the disadvantages and cost concerns of the
AFM, several systems have been developed that operate in
a manner analogous to the AFM but are designed specif-

ically to measure the mechanical characteristics of single
cells. Among the earliest designs was the cell poker (15–
17), a device that could probe the mechanical behavior of
red and white blood cells. More recently, the cytoindenter
was developed to perform stress relaxation indentation
tests on single cells (18). In these experiments, a constant
strain is applied to the cell, and the resultant stress is
measured over time. A second-generation design called
the creep cytoindentation apparatus (CCA) was subse-
quently developed to perform creep indentation experi-
ments, a technically more challenging approach because it
requires that a constant stress be maintained with a
closed-loop control algorithm (19). Both the cytoindenter
and the CCA use a cantilever beam with a plane-ended
indenting tip (Fig. 5). The cytoindenter and CCA are par-
ticularly suited for viscoelastic testing of cells because
they can perform stress relaxation and creep tests (18,19).
Another outgrowth from the cytoindenter was the cytod-
etacher (Fig. 6), an instrument that applies tangential
loads to the cell (as opposed to axial compressive forces) to
measure adhesiveness to a substratum (20–22).

Magnetic tweezers are devices that employ electromag-
nets to manipulate ferromagnetic or paramagnetic beads
that are bound to cell surface receptors such as integrins
(23–25). By pulling or twisting these beads, forces can be
transmitted via the receptors to the cell’s cytoskeleton,
resulting in cellular deformations (Fig. 7). Magnetic twee-
zers are particularly suited to studying the role of trans-
membrane receptors and associated intracellular proteins
in transmitting external loads to the cytoskeleton (23–25).

4. MODELS FOR CELL MECHANICS

The techniques used in cell mechanics are only as power-
ful as the models that analyze the data and yield useful
information. To obtain material properties of the cell, such
as the elastic modulus or the viscosity, it is necessary to

Micropipette

Figure 3. Micropipette aspiration.

Laser emitter

Detector

Cantilever

Probe tip

Figure 4. Nanoindentation with an atomic force microscope. De-
flection of the cantilever is measured with a laser.

Indenter

Cantilever

Laser micrometer

Figure 5. The creep cytoindentation apparatus. Movement of the
cantilever is tracked via a laser micrometer.
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make assumptions about the material nature of the cell,
boundary conditions, and governing equations. These as-
sumptions make cell mechanics problems tractable but
also introduce caveats and limitations in any interpreta-
tion of experimental results. Several different approaches,
which incorporate representations of the single cell and
theories of varying complexity, have been used to describe
and extract the mechanical behavior of cells.

One of the foundation theories used to model single
cells is linear elasticity. Linear elastic materials exhibit
instantaneous and reversible deformation in response to
load, and there is a linear relationship between stress and
strain. Cells are often idealized as incompressible, homo-
geneous, and isotropic linear elastic materials. These as-
sumptions result in analytical solutions that can be easily
applied to raw data to yield the elastic modulus, or Young’s

modulus, of the cell. Such models have been developed for
indentation approaches (applicable to both the AFM and
the cytoindenter) and the micropipette aspiration tech-
nique (18,26,27).

The major flaw in using linear elasticity for modeling
the single cell is that cells are not elastic. Instead, they
exhibit obvious time-dependent, or viscoelastic, behavior.
To address the oversimplified nature of the linear elastic
models used in cell mechanics, and to better capture the
time-dependent mechanical behavior of cells, several ap-
proaches incorporating viscoelasticity have been devel-
oped and used with considerable success. The most
widely used constitutive model is the standard linear vis-
coelastic solid. The fundamentals of the standard linear
solid are best captured in its representation as a three-
component mechanical circuit (Fig. 8). Using this model-
ing approach, springs provide the elastic component of the
cell behavior, whereas dashpots represent the viscous na-
ture of the cell. The standard linear solid is the simplest
model that captures both stress relaxation and creep be-
haviors in viscoelastic materials. More complex viscoelas-
tic models have also been used, but these merely consist of
a greater number of springs and dashpots in various series
and parallel arrangements (25,28).

The next level in cell mechanics models is based on
biphasic theory. Biphasic theory describes certain materi-
als as mixtures of solid and fluid phases. In addition to the
intrinsic properties of the solid and fluid, the two phases
can also interact with each other, which results in complex
behaviors not exhibited by each component individually.
From a purely architectural standpoint, biphasic theory
captures the essence of the cell, which is composed of the
cytosol (a fluid) and the cytoskeleton (a solid). Biphasic
materials can potentially model the viscoelastic behavior
of cells, because it is assumed that there is a drag force
generated when the fluid phase moves relative to the solid
phase. Because it is more complex than either linear elas-
ticity or the standard linear solid, and generally requires
computational methods to obtain a solution, biphasic the-
ory has only seen use in a handful of cell mechanics stud-

Cantilever

Detaching probe

Carbon filament

Casts shadow
(dual photodiodes)

Figure 6. The cytodetacher. Deflection of the cantilever is mea-
sured with dual photodiodes, which detect the movement of the
shadow cast by the carbon filament.

Magnetic beads

Magnetic field

Force

Torque

Figure 7. Magnetic tweezers. Beeds can either be pulled or
twisted.

k2

k1

µ

Figure 8. Mechanical circuit representation of the standard lin-
ear solid.
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ies (18,29,30). A greater level of sophistication can be
achieved by adding yet another phase, which describes
the presence of cations and anions. The addition of an
ionic phase could be useful in describing the roles of os-
motic pressure and electrochemical gradients that exist in
cells. Although this theory has not been used in cell me-
chanics, it has been applied to tissues such as articular
cartilage (31).

Contrary to the continuum approaches described here,
an approach known as cellular tensegrity focuses on the
importance of the discrete elements of the cytoskeleton in
determining the mechanical behavior of individual cells
(24). Adapted from the architectural theories of R. Buck-
minster Fuller, tensegrity models cell structure as a con-
tinuous network of ‘‘strings’’ under tension
(microfilaments and intermediate filaments) in balance
with discontinuous compressive ‘‘rods’’ (microtubules).
The prestress in the filaments is caused by cell contracti-
lity and swelling osmotic effects (32). Several models have
been developed with tensegrity as a theoretical framework
(33–37). A more thorough treatment of tensegrity and its
validity can be found elsewhere (32,38).

5. BIOMECHANICS OF MUSCULOSKELETAL CELLS

5.1. Bone

Limited information is available regarding the material
properties of osteoblasts and osteocytes (mature osteo-
blasts embedded in the calcified matrix). In fact, most me-
chanical data available for osteoblasts were actually
obtained by testing osteosarcoma cell lines that exhibit
osteoblast-like behavior, e.g., MG63 and ROS 17/2.8 cells
(18,28,39). In a study that used a hydrostatic pressure
cytochamber, it was demonstrated that MG63 cells are in-
trinsically incompressible, i.e., that their volume does not
change under pressure (39). This finding was important,
as it was unclear whether the solid components of the cell,
such as the cytoskeletal proteins, would exhibit any com-
pressibility. Using micropipette manipulation, the adhe-
sion of rat calvarial osteoblasts to fibronectin was shown
to be significantly reduced in the presence of titanium
particles, which suggests a possible detrimental effect of
metallic wear debris on osteoblast function (40). Cytoin-
dentation of MG63 cells revealed that they exhibit visco-
elastic stress relaxation behavior (18). More importantly,
linear biphasic theory was used in conjunction with a fi-
nite element optimization routine to yield the biphasic
material properties of MG63 cells; biphasic theory is one of
the more sophisticated continuum mechanics models used
in cell mechanics to date. It was found that MG63 cells
have an aggregate modulus of 2.05kPa, a solid matrix
Poisson’s ratio of 0.37, and a permeability of 1.18 �
10� 10m4/N-s, which is several orders of magnitude higher
than the permeability of articular cartilage (18,41). Using
a combination of electrical impedance measurements and
magnetic tweezers, it was shown that ROS 17/2.8 cells
have an elastic modulus of approximately 1 kPa and an
apparent viscosity of 100kPa-s (28). More recently, it was
observed, via AFM indentation tests, that the elastic mod-
ulus of MC3T3-E1 murine calvarial cells is influenced by

substrate (42). They measured a three-fold increase in
elastic modulus, from roughly 1kPa to 3 kPa, between
cells seeded on untreated glass coverslips and fibronectin-
coated glass (42).

5.2. Cartilage

Of the four cell types discussed here, chondrocytes have
received the most attention in terms of cell mechanics in-
vestigations. It was shown via finite element modeling
that the properties of chondrocytes, relative to those of the
ECM and pericellular matrix (PCM), strongly determine
the local stress-strain environment of cells (30). Indirect
measurements of chondrocyte material properties have
been made with gel compression techniques, in which cells
encapsulated in hydrogels are compressed to measure
their deformation relative to the gel (43–45). These re-
sults suggest that chondrocytes have an elastic modulus
between 2.7 and 4.0 kPa (43–45).

The richest source of information regarding cell prop-
erties are direct measurements made with micropipette
aspiration on chondrocytes (10,46–48). Results suggest
that changes in volume regulation and mechanical prop-
erties occur in osteoarthritis (46,47). In particular, osteo-
arthritic cells have a significantly increased equilibrium
modulus (0.33 versus 0.24 kPa), instantaneous modulus
(0.63 versus 0.41kPa), and apparent viscosity (5.8 versus
3.0 kPa-s) compared with normal cells (46). As a result of
experiments performed with porcine intervertebral disk
cells, it is also apparent that variations in mechanical
properties can also occur because of regional differences in
tissues, where nucleus pulposus cells were significantly
stiffer and more viscous than cells derived from the anulus
fibrosus and transition zones of the disk (48). It has also
been shown that hypoosmotic conditions decrease the vis-
coelastic properties of chondrocytes (10). Micropipette as-
piration has also been used to measure the properties of
the chondron, which consists of a chondrocyte surrounded
by its PCM (49–52). The chondron is significant because it
is considered the fundamental functional unit of cartilage.
Using techniques that model the chondron as a PCM layer
sitting on top of an elastic half-space representing the cell,
it was shown that the Young’s modulus of the PCM de-
creases in osteoarthritis, from 66.5 kPa in normal chond-
rons to 41.3 kPa in osteoarthritic chondrons (49). It was
also demonstrated that mechanically isolated chondrons
are much stiffer than those obtained by enzymatic diges-
tion, presumably because of degradation of the PCM, vary-
ing by as much as an order of magnitude (50).

Microindentation results using the CCAyielded instan-
taneous moduli (8.00kPa compared with 0.41 kPa) and
relaxed moduli (1.09 kPa compared with 0.24kPa) that
were an order of magnitude greater than values obtained
via micropipette aspiration using similar linear viscoelas-
tic models (19,46).

The adhesion properties of chondrocytes have also been
quantified, with both micropipette manipulation and the
cytodetachment technique (20–22,53). The micropipette
manipulation studies demonstrated that increased seed-
ing time resulted in stronger cell adhesion to cartilage
tissue slices, as did treatment of the tissue with chondroi-
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tinase ABC (53). The cytodetachment studies also demon-
strated that the chondrocyte adhesion depends on attach-
ment time and substrate (20,22). Rabbit articular
chondrocyte mechanical adhesiveness to glass increased
from 231Pa at 1 hr to 1085Pa at 6 hrs. Accompanying the
increased adhesion over time were a decrease in cell
height and a strengthened interaction between the
plasma membrane and the underlying cytoskeleton (20).

5.3. Ligaments

The study of the mechanical behavior of ligament fibro-
blasts has been largely limited to investigations of their
adhesion characteristics to various matrix proteins and
under various conditions. These studies have used micro-
pipettes to physically pull cells off a surface and have
compared the adhesion strength of fibroblasts from the
human anterior cruciate (ACL) and medial collateral
(MCL) ligaments (54–58). In general, these studies have
quantitatively demonstrated that ACL and MCL fibro-
blasts exhibit different adhesion behavior on different ma-
trix proteins. For instance, it was found that ACL cells
adhere twice as strongly to laminin than do MCL cells at
different laminin concentrations; at a concentration of
20 mg/mL, ACL cell adhesion strength is 491Pa, whereas
MCL cell adhesion strength is only 216Pa. For a laminin
concentration of 40 mg/mL, ACL cells have an adhesion
strength of 914Pa, compared with 454Pa for MCL fibro-
blasts (55). Conversely, MCL fibroblasts adhere more

strongly to fibronectin than do ACL cells (54). Similarly,
the adhesion force of ACL fibroblasts to types I and III
collagens was greater than MCL fibroblasts (58). In these
three studies, time-dependent and matrix protein concen-
tration-dependent changes in adhesion varied between
the two cell types (54,55,58).

It has also been shown that the roles of cytoskeletal
assembly and various signal transduction pathways vary
between ACL and MCL fibroblasts (56,57). All of these
results suggest specific differences in the adhesion mech-
anisms between ACL and MCL cells, such as varying inte-
grin complements and involvement of different signaling
pathways.

5.4. Tendons

In the body, tendons transmit loads from contracting mus-
cles to the skeleton, which facilitates body segment mo-
tion. In this capacity, tendons are exposed to primarily
tensile forces, and it is believed that cells in tendons, being
aligned with the fascicles, also experience tensile loads.
Unfortunately, there is scant information available on the
mechanical behavior of tendon fibroblasts. The data that
are available were obtained with a novel single-cell tensile
tester (59,60). This system employs a pair of micropipettes
to grip each end of the cell. One micropipette is attached to
a load cell, and the other micropipette is secured to a lin-
ear actuator that stretches the cell. From these initial
studies, it has been shown that rabbit patellar tendon fib-

Table 1. Summary of Salient Findings in Musculoskeletal Cell Mechanics

Cell Type Technique Mechanical Properties

MG63 human osteosarcoma cells (18) Cytoindenter HA ¼ 2.05kPa; ns ¼ 0.37; k ¼ 1.18 � 10� 10m4/N � s
ROS 17/2.8 rat osteosarcoma cells (28) Magnetic tweezers E0 ¼ 1.8kPa; EN ¼ 0.3kPa; m ¼ 100kPa � s
MC3T3-E1 murine calvarial cells (42) AFM E ¼ 1kPa (attached to glass)

E ¼ 3kPa (attached to fibronectin)
Human articular chondrocytes (46) Micropipette aspiration E0 ¼ 0.63kPa; EN ¼ 0.33kPa; m ¼ 5.8 kPa � s

(osteoarthritic)
E0 ¼ 0.41kPa; EN ¼ 0.24kPa; m ¼ 3.0 kPa � s (normal)

Human articular chondrons (49) Micropipette aspiration E ¼ 41.3kPa (osteoarthritic)
E ¼ 66.5kPa (normal)

Porcine intervertebral disc cells (48) Micropipette aspiration E0 ¼ 0.5kPa; EN ¼ 0.3kPa; m ¼ 3kPa � s (anulus
fibrosus)

E0 ¼ 0.5kPa; EN ¼ 0.3kPa; m ¼ 4kPa � s (transitional
zone)

E0 ¼ 1.4kPa; EN ¼ 0.9kPa; m ¼ 11kPa � s (nucleus
pulposus)

Bovine articular chondrocytes (19) Creep cytoindentation E0 ¼ 8.00kPa; EN ¼ 1.09kPa; m ¼ 1.50kPa � s
Rabbit articular chondrocytes (20) Cytodetachment Mechanical adhesiveness ¼ 231Pa (1 hr)

Mechanical adhesiveness ¼ 1085Pa (6 hrs)
Human ligament fibroblasts (55) Micropipette manipulation Adhesion strength ¼ 491Pa (ACL cells; 20 mg/ml

laminin)
Adhesion strength ¼ 216Pa (MCL cells; 20 mg/ml

laminin)
Adhesion strength ¼ 914Pa (ACL cells; 40 mg/ml

laminin)
Adhesion strength ¼ 454Pa (MCL cells; 40 mg/ml

laminin)
Rabbit patellar tendon fibroblasts (60) Tensile tester Load to failure ¼ 0.9mN; elongation to failure ¼ 85.7mm;

stiffness ¼ 0.015N/m

In some cases, values have been estimated or converted from published data. Abbreviations used: HA ¼ aggregate modulus, ns ¼ solid matrix Poisson’s ratio,

k ¼ permeability, E ¼ Young’s modulus, E0 ¼ instantaneous modulus, EN ¼ relaxed (or equilibrium) modulus, m ¼ apparent viscosity.
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roblasts have a maximum load and elongation to failure of
approximately 0.9 mN and 86 mm, respectively, and a cal-
culated stiffness of 0.015N/m (59,60).

6. IMPLICATIONS AND CHALLENGES

A variety of techniques have been conceived and imple-
mented to render feasible the study of the mechanical be-
havior of single cells, and these methods have been used to
considerable effect on a variety of cell types from musculo-
skeletal tissues. A summary of the most salient findings
are presented in Table 1.

The field of musculoskeletal cell mechanics is reaching
a critical stage in its development. There is a growing re-
alization that mechanical forces play a crucial role in the
development, maintenance, and degeneration of these tis-
sues. As evidenced by a brief review of musculoskeletal
cell mechanics, limited information is available on bone,
ligament, and tendon cell properties, and the interpreta-
tion of available data is confounded by the use of different
models, techniques, and testing conditions. The influence
of these factors has been documented, and greater care
must be taken to control for many parameters, for com-
parisons between studies to have any validity (43,61). In
particular, more sophisticated models that capture the es-
sence of what occurs at the cellular level are needed.
Biphasic theory and tensegrity approaches hint at possi-
ble directions, but cell mechanics in vivo are likely gov-
erned by additional considerations, such as osmotic effects,
electromechanical phenomena, and cell–matrix interac-
tions. The challenges facing musculoskeletal cell mechan-
ics are identifying the key factors that influence cell
biomechanical properties, elucidating the effects of these
factors acting individually, and developing an understand-
ing of how multiple parameters act in concert.

As an illustrative example, it is believed that mechan-
ical forces play a role in the pathogenesis and progression
of osteoarthritis, a highly prevalent degenerative joint
disease. However, many unanswered questions remain
regarding the relationship between the macroscopic forces
experienced by joints and tissues and the corresponding
micromechanical environment of the cell, the intensity of
mechanical force necessary to cause changes relating to
osteoarthritis, and the role of biochemical and physico-
chemical factors in exacerbating or ameliorating those
changes. In all cases, a better grasp of cell mechanics
can contribute substantially to answering these questions.
Accurate measurements of the intrinsic material proper-
ties of cells are essential to developing models that predict
forces at the cellular level based on joint and tissue me-
chanics, as well as on determining the amount of cell de-
formation that leads to events indicative of osteoarthritis.
Furthermore, the ability to quantify mechanical proper-
ties under different conditions, such as varying osmolarity,
growth factor concentrations, and specific cell–matrix in-
teractions, can modify models to predict or explain the re-
lationships between mechanical forces and other
prevailing conditions.

Clearly, cell mechanics can be a powerful tool in un-
derstanding critical problems in musculoskeletal biology

and medicine, but many challenges remain. Overcoming
these challenges will lay the foundation needed to inte-
grate cell mechanics into a cohesive continuum that
bridges the gap between the local micromechanical envi-
ronment of the individual cell and functional behavior at
the tissue and joint levels.
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1. OVERVIEW

The surface myoelectric signal has found many important
uses in research and clinical application. Its use as a sys-
tem input for the control of powered upper-limb prosthe-
ses was first proposed almost 60 years ago. This control
approach, referred to as myoelectric control, has been a
clinically viable option for limb-deficient individuals for 30
years. Myoelectric control has gained widespread use,
with many fitting centers worldwide. The sophistication
of myoelectric control continues to improve, offering users
improvements in dexterity and ease of use.

2. A BRIEF HISTORY

The first upper-limb prostheses were simple, passive ac-
cessories that served mainly as a cosmetic replacement for
the missing limb. Prior to 1960, any active upper-extrem-
ity prostheses were controlled and powered almost exclu-
sively by gross body movements, which offered limited
functionality to amputees.

In the middle of the 1940s, it was suggested that myo-
electric signals detected from the muscles in the residual
limb of an amputee could be used for the control of a me-
chanical hand (1), but this work ended without clinical
implementation. A few clinical investigations and some
marginal developments took place in the 1950s (2,3). It
was in the next decade, however, that an intensive devel-
opment of prostheses and control systems was initiated;
research centers developed in many countries, spurred on
by transistor technology that was then becoming avail-
able. It is interesting to note that the emergence of this
research in the 1960s was markedly dispersed, apparently
disjoint and quite unaware of the pioneering work done in
the 1940s. Investigations had begun in the USSR (4), En-
gland (5), Sweden (6), Japan (7), the United States (8), and
Canada (9).

The Russian electric hand was the first clinically viable
myoelectric prostheses; a limited quantity found export to
England and Canada. In the 1960s, many powered devices
(hooks and hands) were designed, although most of this
work was commercial and remains unpublished.

A conference in the former Yugoslavia (initiated in
1963) called ‘‘External Control of Human Extremities’’ at-
tracted the international research community; this con-
ference was held there every three years from 1966 to
1984. The proceedings of the ‘‘Dubrovnik Conferences’’ are
a singular record of the international developments in
powered limb research and development during this pe-
riod.

Myoelectric control received a major boost in North
America as a result of a 1966 symposium in Cleveland,
Ohio (at Case Western Reserve University) which was en-
titled ‘‘Myoelectric Control Systems and Electromyograph-
ic Kinesiology.’’ Bottomley (10) demonstrated an elegant
new myoelectric system at that meeting. The meeting was
also attended by R. N. Scott of the University of New
Brunswick who headed a group that pioneered the first
myoelectric control mechanism in North America (9).

Frommostly small-scale production emerged a supplier
— Otto Bock (Duderstadt, Germany) — which gained a
strong market position by offering a versatile range of
well-designed hands. It was around 1967 that it became
possible to purchase a powered prosthesis commercially in
North America (the Viennatone hand) manufactured by
Otto Bock and Viennatone (Austria) (11).

The Veterans Administration Prosthetics Center
(VAPC) improved this design with a controller developed
by Childress at Northwestern University (12) and con-
tracted Fidelity Electronics (Chicago, IL) to produce a
hand. Schmidl (13) was fitting many upper-limb ampu-
tees in Italy, establishing clinical significance with pow-
ered limbs well before this may be said to have happened
in North America. Schmidl’s group experienced some suc-
cess with fittings of multifunctional limbs, but the means
of control proved to be cumbersome. Engineers at Temple
University (14) used pattern recognition to actuate mul-
tifunction control during laboratory trials, but the neces-
sary hardware (and computing power) obviated a clinical
solution at the time. The Institute of Biomedical Engi-
neering at the University of New Brunswick has played an
active role in developing control methods for powered
limbs and is well known for three-state control design
and development (9). This center continues to innovate in
myoelectric control and, since 1985, has hosted an inter-
national conference dedicated to research and clinical
practice.

In the late 1960s and 1970s, much experimentation and
development were engendered in the field of external elec-
tric power. A Japanese development specified a highly
functional myoelectric hand (15). Scientists at the Massa-
chusetts Institute of Technology (MIT) designed the Bos-
ton arm (16), the first myoelectrically controlled elbow.
The Boston Elbow was redesigned to become the Liberty
Mutual Powered Elbow (17), available through Liberty
Mutual Insurance Company (Hopkinton, MA). This elbow
was most likely a stimulus for the development of the
highly functional Utah Arm (18). The Ontario Crippled
Children’s Centre (OCCC) Elbow was developed in the late
1960s and is still in use today.

It was approximately 1977 that powered upper-limb
prostheses might be said to have become clinically impor-
tant in North America. Otto Bock remains the preeminent
supplier of hand, elbow, and wrist units today, although
some companies are pressing for market share with tech-
nical innovations, including Hugh Steeper (London, UK),
Centri (Sollentuna, Sweden), Jiangsu Danyang Prosthe-
tics (China), Hosmer Dorrance (Campbell, CA), Variety
Ability Systems, Inc. (Toronto, Ontario), Liberty Mutual
(Hopkinton, MA), and Motion Control (Salt Lake City,
UT).
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3. CLINICAL IMPACT

The original reports from the USSR in 1960 about myo-
electric prostheses were received with some skepticism in
North America. The success of the Otto Bock company’s
fittings attracted media attention and incited research in-
terest, but these systems generally lacked the technology
to make them genuine clinical solutions. At the time, pros-
thetists were unprepared to use the potential of this new
contribution.

Powered prosthetics and prosthetic control remained
active fields of research in the next decade, mostly at cen-
ters funded for research rather than service. It was grad-
ual progress in the materials and electronics capabilities
of the devices and development of expertise in clinical ap-
plication of the devices that eventually led to their clinical
significance.

By the 1970s, myoelectric prostheses were routinely
fitted and clinical investigations of the functional benefit
of the new prostheses were performed. The myoelectric
signal proved to be superior in many ways to the gross
body movements in the control of prosthetic devices (19–
22). Actuation of the prosthesis by gross body movements
is accomplished by relevant movements of body muscula-
ture, transmitted to the prosthesis by a cable. The return
motion is executed by means of gravity or, in some cases, a
spring. This arrangement restricts the number of possible
movements of a prosthesis. Furthermore, this type of con-
trol requires great concentration and effort by the ampu-
tee. In order to obtain a substantial movement in the
prosthesis, large muscle forces and displacements are re-
quired. The effort of meeting these demands can cause
muscle fatigue and loss of interest for the amputee.

Electrically driven prostheses with myoelectric control
have since dominated prosthetic development because
they have several advantages over other types of prosthe-
ses:

* the user is freed of straps and harnesses except for
high-level amputations;

* the myoelectric signal is noninvasively detected on
the surface of the skin;

* the muscle activity required to provide control sig-
nals is relatively small and can resemble the effort
required of an intact limb;

* the electric battery is possibly the most convenient
form of power supply that can be incorporated into a
prosthesis;

* they can be adapted to proportional control with rel-
ative ease;

* the required electronic circuits (whether analog or
digital) can be continuously improved and miniatur-
ized, and they appear to have the prospect of better
long-term reliability.

The clinical success of myoelectric prostheses is, how-
ever, a very difficult thing to measure. Statistics that are
used to convey a measure of success usually express the
percentage of amputees that wear their prosthesis regu-
larly. Great discrepancies exist among various studies re-

porting the rate of acceptance of myoelectric prostheses.
The findings from various follow-up studies depend on the
types of prostheses and the means of control, the degree of
training given to the subjects, sociological and cultural
influences, and many other parameters. Some indicate
rather high rates (80–100%) of acceptance of myoelectri-
cally-controlled prostheses (20,23); some are rather con-
demning of the technology (24). The main point to be
taken from these studies is that the greatest deficiency of
prosthetic systems is the inadequate controllability of the
prosthesis, as perceived by the amputee — specifically, the
lack of intuitive actuation and dexterous control. For myo-
electric prostheses, the control limitations involve the lack
of robustness of the processing of the input (the myoelec-
tric signal) to specify the output (joint-space kinematics)
and the disparity of the means of manipulation from nat-
ural motor control and learning.

When evaluating the adequacy of prostheses, it is nec-
essary to more deeply examine the specific needs of the
population of amputees. An amputee (the term amputee
will imply those afflicted by a congenital defect or an ac-
quired amputation) who has one unaffected arm can usu-
ally live an independent lifestyle without a prosthesis of
any kind. The most common condition for which a pros-
thesis is prescribed is a below-elbow amputation, where
elbow function is retained. These cases require a replace-
ment for hand function and appearance and the terminal
device is usually designed to look as much like a hand as
possible. For unilateral amputees, the prosthetic terminal
device is used mostly as an assistive device. Tasks requir-
ing fine manipulation or sensory feedback are performed
by the normal hand. If the amputation is bilateral, a much
more urgent need for finer grasp control exists.

The prosthetic replacement of limbs amputated above
the elbow is a much more complex problem. Comfortable
and secure fitting of the prosthesis is often difficult to pro-
vide. The complexity of function increases rapidly when
additional degrees of freedom of movement must be con-
trolled. The capability of the amputee to operate these
functions by harnessing body movement (via straps and
cables) is severely limited. It is in cases of high-level am-
putation, especially those with bilateral loss, that a pow-
ered prosthesis is most needed. Unfortunately, however,
most powered prostheses in use today — for reasons of
technical feasibility rather than clinical priority — are
fitted to unilateral, below elbow amputees.

Indeed, myoelectric controls research had two distinct
goals. One, based on immediate clinical solutions, at-
tempts to supply useful devices for below-elbow amputees
as soon as possible. The motivation for this work was that
these cases represented the considerable majority of up-
per-extremity amputees. Also, the inherent technical
problem was much less severe than above-elbow fittings,
meaning that the probability of acceptance was much
higher.

The other focus of research is based on the conviction
that the most urgent need for externally powered pros-
theses was in high-level amputation. The efforts put forth
to meet the intrinsic technical challenge of this complex
control problem have produced anatomical and physiolog-
ical models and have drawn on statistical signal process-
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ing methods to maximally extract information from the
myoelectric signal.

Present systems provide less than satisfactory solu-
tions, however, owing to one or more of the following rea-
sons: an encumbering number of electrode sites (and
associated hardware), an unacceptable discrimination
among classes of movement, an excessive degree of con-
scious effort required during manipulation, an unnatural
means of actuation and nonphysiological movement. The
manner of affecting multijoint control of the prosthesis
bears little resemblance to physiological motor learning
and control strategies. This means of control is very dif-
ficult if not impossible to achieve in a prosthesis.

The state of upper-limb prosthetics today may be sum-
marized in the context of the needs of amputees:

* Unilateral below-elbow amputees are fairly well-
served by their prostheses. Technical progress in ma-
terials, electric motors, and rechargeable batteries
has provided reasonable function and durability.

* Bilateral below-elbow amputees lack the dexterous
control of prehension and wrist orientation necessary
to function well.

* Above-elbow amputees (particularly those afflicted by
a bilateral deficiency) are in need of a means of mul-
tijoint control that can position and orient the limb
without an excessive burden on the central nervous
system.

In light of the above discussion, the state of prosthetic
technology appears most limited by the means by which
multiple devices (joints) may be simultaneously con-
trolled. The next section describes the work that has
been done in multifunction myoelectric control research
to the present day.

4. MULTIFUNCTION MYOELECTRIC CONTROL

The exquisite control that normal-limbed individuals pos-
sess depends on a closed-loop control system. Motor (com-
mand) signals from the central nervous system are used in
the forward path; sensory signals, such as those from the

proprioceptive receptors in muscles and joints, are used in
the feedback path. The (ideal) prosthetic replacement of a
limb should interface the remaining neuromuscular sys-
tem in a manner as close to its physiological counterpart
as possible. Figure 1 depicts a block representation of a
prosthesis interacting with the body’s neuromuscular sys-
tem in a closed-loop fashion. The shaded regions indicate
problematic areas that must be perfected to achieve a
more symbiotic relationship between an amputee and the
prosthesis. Both the forward (motor) and the feedback
(sensory) paths of prosthetic systems today are far from
the functionality of an intact physiological system.

The sensory and proprioceptive feedback from a human
hand is essential to its elegant dexterity. It is generally
regarded that an improved quality of feedback to the cen-
tral nervous system from the prosthetic limb would be de-
sirable. This lack of feedback has been a major deficiency
in myoelectric prostheses and has been cited as a major
disadvantage over conventional cable-driven systems that
retain some measure of proprioception. Efforts have been
made (using a variety of interfaces) to provide prop-
rioceptive or sensory feedback to myoelectric systems,
but none have found clinical acceptance (25,26). Deficient
feedback may not be as consequential for limb-positioning
tasks, however. Experimental investigations have demon-
strated that intact proprioceptive sensory feedback is not
essential for controlling limb movements (27–29). In con-
sideration of these findings, it is conceivable that substan-
tial improvements in prosthetic control lie in the
capabilities in the forward path of the man-machine in-
terface.

The concern for this man-machine interface is as old as
the development of the devices themselves. Today, the
most widely used devices are the simplest: Most systems
use myoelectric control to actuate a single device (such as
a hand, an elbow, or a wrist). A control signal is derived
from the myoelectric signal as a measure of its amplitude
(level-coded), as illustrated in Fig. 2 (9) or of the rate of
change of its amplitude (rate-coded) as illustrated in Fig. 3
(30).

Two-channel systems determine the channel with the
higher level of activity and specify the device state accord-
ingly. Once the state is selected, the joint speed may be
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Figure 1. Block diagram illustrating the inter-
face between the neuromuscular system and a
typical myoelectric upper-limb prosthesis. The
shaded regions indicate problematic areas.
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constant (ON/OFF control), or it may be determined by the
level of myoelectric activity (proportional control).

The approaches using myoelectric control that have
been investigated may be roughly classified into two
groups: those that use control sites associated with mus-
cles not necessarily related to the desired movement (31)
and those that use control sites directly related to the de-
sired movement (32–35). The latter approach is obviously
more desirable in the context of yielding a more ‘‘natural’’
control interface.

The ability to control a single device depends only on
one (possibly, two) control site. The acceptance of these
types of fittings has shown that this control scheme does
not place an unreasonable burden on the human operator.
The extension of myoelectric control to multiple degrees of
freedom simply cannot originate from multiple control

sites that are unrelated to the desired movement: This
requires too much conscious effort. Training the user to
isolate the required number of control muscles is imprac-
tical, if not impossible (36). The natural way of activating
a muscle is within a complex pattern of movement. The
best performance of a control system will be obtained
when the remaining muscles are used in the same way
as they functioned before amputation (for an acquired
amputation).

The most promising results in ‘‘natural’’ multiple de-
gree-of-freedom control have required the use of several
electrodes sites for detecting patterns from functionally
distinct muscle groups, and statistical pattern recognition
methods to classify muscle activity during natural move-
ments. In the pattern recognition-based control paradigm,
each movement class corresponds to a degree of freedom of
prosthetic control. This idea is by no means new; indeed,
the first pattern recognition-based control schemes were
developed as early as the late 1960s and early 1970s (37–
39). These schemes used amplitude-based features and a
simple statistical classifier to achieve reasonable accuracy
(about 75% in a four-class problem), but used many myo-
electric channels with cumbersome instrumentation, and
required a large computing facility and lots of processing
time. In the 1980s, the pattern recognition approach was
refined somewhat by extracting more information (auto-
regressive coefficients) from fewer (two to four) myoelec-
tric channels, which allowed greater accuracy (roughly
85% in a three-class problem), but the computing facilities
of the day were incapable of achieving this task in real
time. In the early 1990s, the accuracy of the pattern rec-
ognition approach was improved again with the use of ar-
tificial neural network classifiers (40). In the past decade,
the accuracy of these systems have been improved by
many, with advances in signal processing methods and
pattern classifiers (41–46) and high-speed embedded sys-
tems (47). Although the accuracy of these systems in con-
trolling multiple degrees of freedom is very good (greater
than 90%), their adoption into clinical implementation has
been slow because of the complexity of their design and
the challenge of maintaining good contact with many elec-
trodes. Another factor is that, although they can be very
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Figure 2. A level-coded control scheme for a
prehensile device, using one myoelectric chan-
nel. Switching levels (S1, S2) are set to seg-
ment the amplitude of the signal (the mean
absolute value) into three states. (Off if level
oS1, Close if S1o level oS2, Open if level
4S2).
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Figure 3. A rate-coded control scheme for a prehensile device,
using one myoelectric channel. The state of the device is deter-
mined by the rate of change (slope) of the amplitude of the signal
measured over time t. (Off if Slope oS1, Close if S1oSlopeoS2,
Open if Slope 4S2).

4 MYOELECTRIC CONTROL OF POWERED UPPER-LIMB PROSTHESES



accurate under ideal conditions, they can fail dramatically
at times because they extract as much information from
the available myoelectric signals as possible and are tuned
specifically for each user. Anything that changes the myo-
electric signals (moisture, electrode position, muscle fa-
tigue, etc.) can have a deleterious impact on the system.
No doubt exists that these challenges will be overcome,
but we are not there yet.

5. CONCLUSIONS

Many remarkable advances have occurred in myoelectri-
cally controlled powered upper-limb prostheses in the past
50 years. Devices are available today that are examples of
exquisite design and engineering, incorporating the best
of materials science, electronics, and battery technology.
These devices serve those with unilateral below-elbow
limb deficiencies very well, as they require (for the most
part) the control of only one, perhaps two, degrees of free-
dom. Research is ongoing to extend reliable control to
many degrees of freedom to serve those with higher-level
limb deficiencies.

Many emerging technologies give promise to improved
myoelectric control, including many-channel electrode ar-
rays, embedded electrodes, and possibly even direct inter-
faces to the motor cortex or peripheral nerves. The
prospect of using direct skeletal attachment (osseointe-
gration) may result in a more robust fitting and prop-
rioceptive feedback from the prosthesis via the ulna and
radius. Improvements are being made in the dexterity and
weight of multifunction hands, and the ease with which
they may be controlled. Wireless technology promises to
relieve the complexity of interfacing all of these systems.

As a result of the small number of upper-limb prosthe-
tics and the expense of conducting clinical trials, it may be
some time before these advances result in viable clinical
solutions. Little doubt exists, however, that improved de-
vices will result in benefits for the users of this technology.
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31. H. Schmidl, Funktionelle möglichkeiten bei einseitig und be-
idseitig amputierten, mit mioelektrischen prosthesen ausges-
tattet. Sensible informationsrückmeldung bei blinden
doppelamputierten. Proc. 1st Int. Congr. on Prosthetics Tech-
niques and Functional and Functional Rehabilitation, 2,
Wien, 1973.

32. P. Herberts, C. Almstrom, R. Kadefors, and P. Lawrence,
Prosthesis control via myoelectric patterns. Acta Or-
thopaedica Scandinavica 1973; 44:389–409.

33. R. W. Wirta, D. R. Taylor, and F. R. Finley, Engineering prin-
ciples in the control of external power by myoelectric signals.
Arch. Phys. Med. Rehabil. 1969; May:294–296.

34. S. C. Jacobsen and R. W. Mann, Control systems for artificial
arms. IEEE Conference on Systems, Man and Cybernetics,
November 5–7, Boston, MA, 1973.

35. A. Freedy, J. Lyman, and M. Solomonow, A microcomputer
aided prosthesis control. Second International Conference on
the Theory and Practice of Robots andManipulators, Warsaw,
Poland, September, 1976: 110–122.

36. P. J. Cordo, Controlling multiple degree of freedom powered
prostheses. Proceedings of the IEEE Frontiers of Engineering
and Computing in Health Care, Columbus, OH, 1983:1.5.1–
1.5.5.

37. R. R. Finley and R. W. Wirta, Myocoder studies of multiple
myocoder response. Arch. Phys. Med. Rehabil. 1967; 48:598.

38. P. Lawrence, P. Herberts, and R. Kadefors, Experiences with
a multifunctional hand prosthesis controlled by myoelectric

patterns. In: Gavrilovic and Wilson, eds., Advances in Exter-

nal Control of Human Extremities, Etan, Belgrade, 1973, pp.
47–65.

39. J. H. Lyman, A. Freedy, and R. Prior, Fundamental and ap-
plied research related to the design and development of up-
per-limb externally powered prostheses. Bull. Prosth. Res.
1976; Spring:184–195.

40. M. Kelly and P. A. Parker, The application of neural networks
to myoelectric signal analysis: a preliminary study. IEEE

Trans. Biomed. Eng. 1990; 37(3):221–230.

41. B. S. Hudgins, P. A. Parker, and R. N. Scott, A new strategy
for multifunction myoelectric control. IEEE Trans. Biomed.

Eng. 1993; 40(1):82–94.

42. P. J. Gallant, An approach to myoelectric control using a self-
organizing neural network for feature extraction. Master’s
Thesis, Queens University, Kingston, Ontario, 1993.

43. K. Englehart, B. Hudgins, P. A. Parker, and M. Stevenson,
Classification of the myoelectric signal using time-frequency
based representations. Med. Eng. Physics, Special Issue: In-
tell. Data Analysis Electromyogr. Electroneurogr. 1999;
21:431–438.

44. K. Farry, I. D. Walker, and R. G. Baraniuk, Myoelectric tele-
operation of a complex robotic hand. IEEE Trans. Robot. Au-
tomat. 1996; 12(5):775–788.

45. S. Leowinata, B. Hudgins, and P. A. Parker, A multifunction
myoelectric control strategy using an array of electrodes. 16th
Annual Congress of the International Society Electrophysiol-
ogy and Kinesiology, Montreal, P.Q., Canada, 1998.

46. R. F. ff. Weir and A. B. Ajiboye, A multifunction prosthesis
controller based on fuzzy-logic techniques. Proceedings of the
25th Silver Anniversary International Conference of the
IEEE Engineering in Medicine and Biology Society (EMBS),
Cancun, Mexico, September 17–21, 2003.

47. B. Hudgins, K. Englehart, P. A. Parker, and R. N. Scott, A
microprocessor-based multifunction myoelectric control sys-
tem. 23rd Canadian Medical and Biological Engineering So-
ciety Conference, Toronto, Canada, May, 1997.

6 MYOELECTRIC CONTROL OF POWERED UPPER-LIMB PROSTHESES



MYOELECTRIC MANIFESTATIONS OF MUSCLE
FATIGUE

R. MERLETTI

Politecnico di Torino
Torino, Italy

D. FARINA

Aalborg University
Aalborg, Denmark

1. INTRODUCTION

Fatigue is not a physical variable, does not have units of
measurements, is an experience of daily life whose de-
scription is controversial and not unique. Qualitatively
speaking, fatigue may be described as a feeling or sensa-
tion of weakness, of exhaustion, of inability to reach or
maintain a target or performance level. Among physiolo-
gists, fatigue has been defined in different ways, for ex-
ample, as the ‘‘failure to maintain the required or expected
force’’ (13). With this definition, fatigue occurs at a certain
instant of time and not before, which is obviously far from
the intuitive notion of fatigue. A more realistic definition
of fatigue is ‘‘any exercise-induced reduction in the ability
to exert muscle force or power, regardless of whether or
not the task can be sustained’’ (2) (Fig. 1a). The mecha-
nisms through which the muscle force generation capacity
decreases are related to the intrinsic properties of the
muscle itself as well as to the way the muscle is driven and
on the feedback systems.

The present contribution focuses on muscle fatigue and
specifically on myoelectric manifestations of localized
muscle fatigue, i.e., the changes in the electromyograph-
ic (EMG) signal with fatigue (Fig. 1b).

2. SITES OF NEUROMUSCULAR FATIGUE

There are many potential sites of fatigue in the neuro-
muscular system: the motor cortex, the excitatory drive
and the control strategies of the spinal (upper) and the a
(lower) motoneurons, the motoneuron conduction proper-
ties, the neuromuscular transmission, the sarcolemmal
excitability and conduction properties, the excitation-con-
traction coupling, the metabolic energy supply and the
contraction mechanisms. They can be grouped under the
headings of (1) central fatigue, (2) fatigue of the neuro-
muscular junction, and (3) muscle fatigue. All these fac-
tors directly or indirectly affect the EMG signal in ways
that are very difficult to unscramble since the information
obtained from the surface EMG is usually related to a
large group of motor units (MUs) (42,44,45).

3. EMG BASICS AND MYOELECTRIC MANIFESTATIONS OF
MUSCLE FATIGUE (SEE ALSO ITEM ‘‘SURFACE EMG’’ IN
THIS ENCYCLOPEDIA)

Surface EMG is the algebraic summation of the action po-
tentials generated by the active MUs. Each surface MU
action potential (MUAP) comprises contributions from the
generation (at the end plates of the MU fibers), propaga-
tion (along the MU fibers), and extinction (at the muscle-
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Figure 1. Two definitions of muscle fatigue.
(a) Mechanical manifestations of muscle fa-
tigue. A constant force isometric muscle con-
traction is sustained to exhaustion
(endurance) and a few short maximal volun-
tary contractions (MVC) are performed during
the contraction time. The MVC level de-
creases during the contraction and coincides
with the sustained level (50% MVC in the ex-
ample) at exhaustion and afterwards. The
progressive decrement of MVC is a mechani-
cal manifestation of neuromuscular fatigue.
(b) Myoelectric manifestations of muscle fa-
tigue. A number of signal features (referred to
as EMG variables) are normalized with re-
spect to their initial value and plotted versus
time, generating a fatigue plot.
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tendon junctions) phenomena (18). The first and the third
components are not propagating (they evolve in time, not
in space) whereas the second has a conduction velocity
(CV) and evolves in time and space. During a voluntary
contraction, the contributions of action potentials of the
active MUs are asynchronous and add algebraically gen-
erating a random-like signal whereas during electrically
elicited contractions they add synchronously producing a
deterministic signal (Fig. 2).

In 1912, Piper (50) observed a progressive ‘‘slowing’’ of
the EMG during isometric voluntary sustained contrac-
tions. This phenomenon is due mainly, but not exclusively,
to a decrement of muscle fiber CV resulting from pH
changes and other factors (6). Given the random nature
of voluntary EMG, this ‘‘slowing’’ cannot easily be quan-

tified in the time domain. It is easier to describe it in the
frequency domain using spectral characteristic frequen-
cies, such as the mean or median frequencies (MNF and
MDF) of the power spectral density function (indicated in
the following simply as power spectrum), as suggested in
the early work of Chaffin, Lindstrom, Kadefors, and De
Luca (7,30,31,11). This approach applies equally well to
the almost stochastic signals generated during voluntary
contractions and to the almost deterministic signals gen-
erated during electrically elicited contractions, and for
this reason it is preferred to other approaches based on
counting turns or zero crossings.

Changes in the EMG signal features induced by sus-
tained contraction are referred to as myoelectric manifes-
tations of muscle fatigue. During voluntary contractions
they reflect both central (such as discharge rate and MU
synchronization) and peripheral modifications (such as
CV and MUAP shape). In addition to these phenomena,
either the drop-out of MUs from the active MU pool or the
recruitment of fresh MUs introduce further changes in the
signal.

Consider a segment (epoch) of the signal generated at
time t¼ 0 by a single MU as x1(y) (where y is the local time
variable) and a second signal epoch x2(y) ¼ hx1(ky) gen-
erated at some later time t by the same MU and scaled in
amplitude by a factor h and in time by a factor k, as a
consequence of the change of CV by a factor k (k o 1
means slowing). The Fourier transform X2(f), power spec-
trum P2(f), and autocorrelation function F2(t) of x2(y) are
qualitatively depicted in Figs. 3a, 3b and 3c and are asso-
ciated to those of x1(y) by the following relations:

X2ðf Þ¼
h

k
X1

f

k

� �

P2ðf Þ¼
h2

k2
P1

f

k

� �

F22ðtÞ¼
h2

k
F11ðktÞ: ð1Þ

Changes due to fatigue may be described by specific
characteristic spectral features such the mean frequency
of the power spectrum (fmean, MNF), or the median fre-
quency of the power spectrum (fmed, MDF), respectively
defined as

fmean¼

Z 1

0
fPðf Þdf

�

Z 1

0
Pðf Þdf ð2Þ

Z fmed

0
Pðf Þdf ¼

Z 1

fmed

Pðf Þdf ¼ 0:5

Z 1

0
Pðf Þdf ð3Þ

or by changes of the first zero crossing of the autocorrela-
tion function. These equations apply as well either to the
‘‘interference’’ or to the electrically elicited signals, result-
ing respectively from the asynchronous or synchronous
algebraic summation of the MUAPs of the active MUs, and
allow comparison between the two conditions (38).

As a consequence of fatigue, the EMG ‘‘variables’’ fmed

(MDF), fmean (MNF), lag of the first zero of the autocorre-
lation function to, average rectified value (ARV), and root
mean square value (RMS) of x2(y) (at time t), change in
time and are related to those of x1(y) (at time 0) by the
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(firing rate, recruitment
order, synchronization)
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(membrane properties)

Surface EMG
interference signal
in fresh muscle
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interference signal
in fatigued muscle

(a)
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individual motor units
(widening with fatigue)
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Figure 2. Examples of generation of surface EMG. (a) generation
of surface EMG as algebraic summation of asynchronous MUAP
trains during a voluntary contraction. The result is a stochastic
signal whose bandwidth decreases as the single MUAPs widen as
a consequence of CV decrements due to fatigue. (b) generation of
surface EMG as algebraic summation of synchronous MUAP
trains during an electrically elicited contraction. The result is a
periodic signal whose repetition rate is defined by the stimulator
and whose bandwidth decreases as the single MUAPs widen as a
consequence of CV decrements due to fatigue.
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relations

fmedðtÞ

fmedð0Þ
¼

fmeanðtÞ
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¼ k
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1

k

ARVðtÞ

ARVð0Þ

¼
h

k

RMSðtÞ
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¼

h
ffiffiffi

k
p :

ð4Þ

Figure 4 shows an example of time evolution of the power
spectrum and its MNF during an isometric constant force
contraction of the biceps brachii at 50% of the maximal
voluntary contraction (MVC) force for 90 sec.

During a sustained isometric contraction the value k
changes, in subsequent epochs, as a function of time,
starting from the initial value equal to 1. This value could
therefore be chosen as a ‘‘fatigue index.’’ Since not all the
MUs change their properties during sustained contraction
in the same way, they do not have the same value of k. In
addition, their MUAPs may change shape and other phe-
nomena, such as MU synchronization or a change of the
active MU pool, may further affect the interference EMG
signal. Different values of k are obtained depending on the
variable used for the estimate (CV, MNF, MDF, ARV, RMS)
because these variables are affected differently by the

above factors. The plot of these variables, normalized
with respect to their initial values, versus time is referred
to as the ‘‘fatigue plot’’ (38,39). This plot allows the com-
parison of the percent changes of the different variables
during an isometric constant-force contraction. The asso-
ciation of this plot with physiological events is not trivial,
but the approach is useful to outline differences among
individuals or muscles. A qualitative example of a fatigue
plot is depicted in Fig. 1b, while experimental fatigue plots
are depicted in Figs. 5 and 6c.

Although the fatigue plot provides considerable infor-
mation concerning the evolving situation of the neuro-
muscular system, a more compact representation could be
desirable to facilitate comparisons. If the scatter plot of a
variable shows a linear pattern, the slope of the regression
line would provide an intuitive fatigue index. If a pattern
is curvilinear, the parameters of an exponential or poly-
nomial regression could be used as indexes. Figure 6a
shows an example of exponential regression, defined by
three parameters. This approach implies the choice of a
regression curve, a fact that introduces a subjective factor.
In addition, a negative slope (for example, of CV or MNF)
would be associated to ‘‘positive’’ fatigue. A way to solve
this problem was proposed by Merletti et al., (39), who
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suggested the use of the regression-free ‘‘area ratio,’’ de-
fined in Fig. 6b, that provides a positive fatigue index be-
tween 0 and 1 for decreasing patterns and a negative
index for increasing patterns. This index may be defined
either for the entire contraction or as a variable function of
time. While in the case of linear patterns this approach
does not provide significant advantages with respect to
regression analysis, in the case of curvilinear behavior, it
avoids dealing with a wealth of parameters of regression
functions. Of course, a ‘‘fatigue’’ or an ‘‘area ratio’’ index
may be computed for each EMG variable, therefore pro-
viding a ‘‘fatigue vector’’ and allowing clustering of be-
haviors on the basis of the length and direction of such
vector in the space defined by the EMG variables consid-
ered.

4. MYOELECTRIC MANIFESTATIONS OF MUSCLE FATIGUE
IN ISOMETRIC VOLUNTARY CONTRACTIONS

Myoelectric manifestations of muscle fatigue allow the
differentiation between individuals or muscles that have
different characteristics or are adopting different strate-
gies for force production. Figures 5a and 5b depict the be-
havior of the tibialis anterior muscles of two subjects
performing the same task. Subject A sustains the 50%
MVC effort for 75 sec, shows equal percent decrements of
CVandMNF, and a 250% increment of EMG amplitude up
to the endurance time limit. Subject B sustains the effort
for 120 sec, shows no decrement of CV, smaller decrement
of MNF, and 175% increment of amplitude. The two dif-
ferent behaviors are clearly detected and quantitatively
described by the technique. Subject B shows manifesta-
tions of muscle fatigue less evident than those of subject A,
perhaps attributable to a different distribution of fatigable
and fatigue-resistant MUs in the two muscles. Figures 5c

and 5d show the fatigue plot of a young (younger than 34
years) and an elderly (older than 67 years) subject both
producing an isometric contraction of the biceps brachii at
60% MVC for 30 sec. Different behaviors can be distin-
guished and quantitatively described.

Human MUs have a CV distribution with a mean of 3–
5m/sec and a standard deviation of approximately 0.3–
0.4m/sec (1,15). Both mean and standard deviation may
change due to fatigue. Moreover, the distribution of signal
energy among MUAPs with different CVs is not uniform,
since larger MUs usually have higher CVs (1). Thus, con-
sidering a random location of the MUs in the detection
volume, it is more likely that high CV MUs generate large
surface potentials. This implies that the global average CV
estimates are biased toward higher values (57).

The intracellular action potential changes over time,
both in shape and length, and this affects spectral char-
acteristics. Although the effect of the intracellular action
potential length and shape on the characteristic spectral
frequencies of surface EMG is limited, this factor should
be taken into account for muscles covered by a thin sub-
cutaneous layer.

Finally, it has been shown that the MU recruitment
threshold decreases with fatigue. As a consequence, dur-
ing contractions at force levels below that corresponding
to the end of the recruitment, additional MUs, not initially
active, may be recruited during the sustained contraction.
The additionally recruited MUs have MUAP amplitude
and CV progressively larger (21). This phenomenon affects
EMG amplitude, spectral variables, and global CV esti-
mates. As shown in Fig. 7, after a decrease due to fatigue,
global CV tends to increase as additional fresh and faster
MUs are recruited. The power spectrum changes in a
manner difficult to predict as a consequence of this phe-
nomenon. High CV MUs have a shorter signal duration
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Figure 4. Example of progressive spectral compres-
sion of the surface EMG signal during an isometric
constant-force contraction of a biceps brachii at 50%
MVC for 90 sec. The time course of the centroid fre-
quency (MNF) is outlined. Reproduced from R. Merle-
tti, D. Farina, A. Rainoldi, Myoelectric manifestations
of muscle fatigue, Ch. 8 of Muscle strength, S. Kumar
(ed.), CRC Press, 2004.
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that shifts characteristic spectral frequencies toward
higher values. On the other hand, surface MUAP dura-
tion is also affected by the distance of the source from the
detection point; thus, deep MUs recruited after the begin-
ning of the contraction may bias the power spectrum to-
ward lower frequencies, even if the recruited MUs are of
the fast type. Conditions in which MU recruitment, may
be the factor mostly affecting signal features are found in
low force level and long duration contractions. In these
cases, spectral variables and CV may show an initial de-
creasing pattern followed by an increase, as indicated in
Fig. 7 (21). Moreover, in the part of the contraction with
substantial MU recruitment, the relationship between
spectral variables and CV can no longer be predicted an-

alytically, due to the masking effect of the volume conduc-
tor and MU location in the muscle (17).

De-recruitment of MUs has been suggested as a com-
pensating effect against MU overload (56). As recruitment,
de-recruitment would determine similar, unpredictable
effects on the EMG variables, depending on the depth of
the recruited/derecruited MUs.

5. MYOELECTRIC MANIFESTATIONS OF MUSCLE FATIGUE
IN ISOMETRIC ELECTRICALLY ELICITED CONTRACTIONS

The peripheral physiological phenomena taking place dur-
ing voluntary contractions occur during electrically elic-
ited contractions as well. They can be accelerated using
high stimulation frequencies and can be observed more
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clearly because of fewer confounding factors (40). Because
of the total synchronization, in electrically elicited con-
tractions the MU CV spread plays a more important role
on spectral variables than in voluntary contractions. If
different MUs change their CV with different rates, the
spread of CVs increases and the single MU action poten-
tials contributing to the M-wave become progressively
desynchronized as they propagate along the muscle fibers
so that the M-wave becomes progressively wider and
smaller and may show more than one peak, as shown in
Fig. 8. On the other hand, if the MUs with higher CV de-
crease their CV more than those with lower CV, the CV
spread may be reduced.

Fatigue plots resulting from electrically elicited con-
tractions show very limited fluctuations and smooth
curves. As a consequence, a small difference between mus-
cles and individuals are more evident than in voluntary
contractions. Figure 9 shows the fatigue plot of the vastus
medialis of four healthy individuals. Different behaviors
are evident from these plots and suggest differences in the

anatomical or histological structure and/or physiological
behavior of these muscles.

The changes of intracellular action potential shape and
duration have similar effects on the signal power spectrum
as for the voluntary contractions. De-recruitment may oc-
cur also in stimulated contractions if the sarcolemma ex-
citability decreases due to repeated stimulations. In some
pathologies the latter effect may be the dominant one (8),
resulting in amplitude decrease and changes in spectral
frequencies and CV.

Disadvantages of the technique are (1) the sensitivity of
the response to stimulation electrode location and (2) the
truncation of the M-wave by the next stimulus when stim-
ulation is applied at frequencies near or above 30–35Hz
and the interstimulus time becomes shorter than the M-
wave duration. The latter problem has been addressed by
Mesin & Farina (47), and an algorithm has been proposed
to correctly estimate the scaling factor despite the trun-
cation.
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6. MYOELECTRIC MANIFESTATIONS OF MUSCLE FATIGUE
IN DYNAMIC CONTRACTIONS

Although isometric contractions may provide a useful test
condition for muscle assessment, for most applications the
EMG must be analyzed during sustained or sporadic,
force-varying, posture-varying (hereafter termed ‘‘dy-
namic’’) contractions. In this case, a highly nonstationary
signal results due to the rapid change in the active motor
unit pool and joint angle. The segmentation of the signal
in short epochs and the spectral analysis of these signal
portions may thus not be appropriate.

Bonato et al., (4) applied time-frequency transforma-
tions to obtain estimates of instantaneous mean frequency
during dynamic tasks. This technique has been later used
by other investigators (26) to analyze spectral changes of
the EMG signal during sustained dynamic contractions.

Since the change in joint angle may determine a rela-
tive shift of the muscle with respect to the detection elec-
trodes (16), in dynamic contractions spectral properties of

the EMG signal may be affected by geometrical effects in
addition to the physiological mechanisms underlying fa-
tigue. Thus, spectral analysis is usually applied to cyclical
contractions at time instants corresponding to the same
joint angle at each cycle. It has been shown experimen-
tally that this approach strongly reduces the variability of
the estimates with respect to assessing the muscle at
varying joint angles (5,37).

An alternative technique to investigate muscle fatigue
during a dynamic task consists of the estimation of muscle
fiber conduction velocity (19). For this purpose, surface
EMG signals must be detected with the use of adhesive
arrays with at least two signals recorded between the in-
nervation zone and tendon. Direct estimation of conduc-
tion velocity is preferable with respect to characteristics
spectral frequencies in cases of significant variation in the
number of active motor units, which is a common condi-
tion in dynamic contractions (46).
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cruitment of fresh MUs during the contraction. Re-
produced from M. Gazzoni, D. Farina, R. Merletti,
Motor unit recruitment during constant low force
and long duration muscle contractions investigated
by surface electromyography, Acta Physiol.

Pharmacol. Bulg. 2001; 26:67–71.
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7. FIBER TYPING AND MYOELECTRIC MANIFESTATIONS
OF MUSCLE FATIGUE

Muscle fiber CV and myoelectric manifestations of muscle
fatigue are affected by (and therefore partly reflect) mus-
cle fiber constituency (22,32,33,49,53). Fast motor units
produce short and large force twitches, while slow fibers
produce longer and smaller twitches. Larger (mostly type
II) motor units usually have larger fibers and higher CV
values, whereas smaller (mostly type I) motor units usu-
ally show the opposite. Hopf et al. (24) observed this cor-
relation by electrically evoking single twitches in human
biceps brachii muscle estimating both the contraction
times (defined as the time from the onset of the deflection
to the peak) and muscle fiber CV. Andreassen & Arendt-
Nielsen (1) provided further evidence of this correlation.

When the contraction is sustained over time, type II
fibers change their mechanical and membrane properties
faster than type I fibers. The work by Kupa et al. (28)
provides a clear demonstration, in an animal model, of the
positive correlation between variations of the EMG signal
power spectrum with fatigue and the relative proportion
of the two fiber types. Similar results have been obtained
on humans in vivo by Mannion et al. (36).

Although many confounding factors interfere with the
noninvasive assessment of muscle fiber constituency (20),
the available evidence indicates that changes due to age,
inactivity, permanence in microgravity environments,
sport training, etc., may be estimated and monitored us-
ing either global or single MU EMG features such as spec-

tral variables, conduction velocity, fatigue indexes, and
mechanomyogram properties.

8. REPEATABILITY OF ESTIMATES OF EMG VARIABLES
AND FATIGUE INDEXES

The issue of repeatability of estimates of EMG variables
and fatigue indexes is associated with the problem of stan-
dardization, proper electrode positioning, and distance
and correct use of statistical tools. This issue has a dra-
matic importance in the clinical validation of EMG-based
fatigue assessment. To assess repeatability, it is necessary
(1) to define a standard so that data recorded in different
laboratories and by different operators are comparable
and (2) to define indices that allow quantification of the
random fluctuations due to experimental noise as well as
between and within healthy subject variability.

In the last 15 years, several studies have been con-
ducted on the repeatability of surface EMG variables and
fatigue indexes on different muscles (including elbow flex-
ors, quadriceps, back, and respiratory muscles)
(3,9,10,12,14,25,27,29,34,35,41,43,48,51,52), among many
others (Table 1). The efforts toward standardization pro-
moted by the European Concerted Action ‘‘Surface EMG
for Non-Invasive Assessment of Muscles’’ (SENIAM) (23)
provides an important contribution and should be consid-
ered with great attention by EMG clinical researchers.
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Table 1. Indexes of Repeatability Reported in the Literature for MNF, ARV, and CV Values in Different Muscles

MUSCLE (number of subjects)
MNF ARV CV

Source of Data
ICC (%) nSEM (%) ICC (%) nSEM (%) ICC (%) nSEM (%)

Sternocleidomastoid (N¼9) 43.9 3.0 70.6 16.8 42.5 2.8 (14)
Anterior scalens (N¼9) 74.3 7.15 25.7 13.6 28.0 2.6 (14)
Biceps brachii (N¼10) 71.8 4.4 77.7 18.3 o0 1.5 (51)
Trapezius superior1 (N¼12) — — — 6.7 — — (55)
Longissimus} (N¼10) 87.0 — 73.7 — — — (54)
Multifidus} (N¼10) 87.5 — 49.5 — — — (54)
Iliocostalis} (N¼10) 88.5 — 71.0 — — — (54)
Rectus femoris (N¼18) 88.7 — 73.7 — — — (27)
Vastus lateralis} (N¼9) 81.5 6.8 80.1 16.3 61.4 7.3 (52)
Vastus medialis} (N¼9) 70.1 4.3 73.9 14.7 o0 5.3 (52)
Vastus medialis* (N¼9, 30 s, 30Hz) 85.2 2.3 21.6 7.4 35.7 3.1 (43)
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Figure 9. Fatigue plots showing myoelectric manifestations of muscle fatigue of the electrically
stimulated vastus medialis muscle in four healthy male normal subjects. Case (a) shows the same
rate of change for CV, MNF, and MDF, suggesting that Equations 1 to 4 apply for this muscle. Case
(b) shows the frequently observed pattern of MDF and MNF changing more than CV, a pattern
even more evident in case (c). Case (d) shows a relatively uncommon pattern of decrement of MDF
and MNF with no change of CV. Electrical stimulation amplitude was supramaximal in all cases,
that is, it was increased slightly above the value producing the maximal M-wave.
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MYOELECTRIC SIGNAL PROCESSING

EVELYN MORIN

Queen’s University
Kingston, Canada

1. INTRODUCTION

The myoelectric signal or electromyogram (EMG) is gen-
erated during voluntary contraction of skeletal muscle.1

The functional unit of skeletal muscle is the motor unit—a
single motor nerve and several associated muscle fibers.
Activation of the motor nerve in turn activates all asso-
ciated muscle fibers, and action potentials travel along the
length of the fibers in both directions away from the
innervation point. These potentials, which are due to the
movement of sodium and potassium ions across the cell
membrane, generate electromagnetic fields in the region
of the active fibers and the summation of these fields is the
motor unit action potential (MUAP). To produce even very
low force contractions, multiple motor units are activated,
where the underlying activation sequence for each motor
unit is stochastic. De Luca has developed a comprehensive
model of EMG signal production, based on the underlying
physiological process (1,2).

The EMG is detected using transducers, called electro-
des, which convert the electrolyte potentials within the
muscle into an ohmic potential. The EMG is the spatial
and temporal summation of the motor unit action poten-
tials in the vicinity of the recording electrodes. These
potentials are shaped by the characteristics of the fibers
that comprise the motor unit, by the intervening tissue
that attenuates and filters the potentials as they travel
from the activated muscle fibers to the recording point,
and by the shape of the electrodes. The amplitude of the
resulting signal varies stochastically, and the probability
density function (pdf) for EMG recorded during an iso-
metric (constant length), isotonic (constant force), non-
fatiguing contraction is generally considered to be Gaus-
sian. Clancy and Hogan have reported, however, that the
pdf of recorded EMG falls between the Gaussian and the
Laplacian densities (3).

This article will focus on the surface EMG (sEMG),
which is detected using electrodes attached to the skin
surface over the muscle of interest. There are two primary
recording configurations: monopolar and bipolar.2 In
monopolar recording, a single active electrode is placed
over the muscle and a reference electrode is placed over a
nonactive site; in bipolar recording, pair of active electro-
des is placed over the muscle and oriented such that the
electrode axis is parallel to the underlying muscle fibers
and the electrodes are between the innervation zone (the

region where the motor nerves make contact with the
muscle fibers) and the terminal tendon. The bipolar signal
is differentially amplified, to achieve a good signal-to-noise
ratio (SNR) through attenuation of noise signals that are
common at the two electrodes. The detected sEMG is
amplified, filtered, stored, and processed to extract rele-
vant information. The most common means by which
EMG data are stored is sampling and storage on a digital
computer. sEMG signal power generally lies between 10
and 300 Hz, but there may be components up to 500 Hz or
greater. Before sampling, the detected sEMG should be
filtered using a low-pass filter (often referred to as an anti-
aliasing filter) with a corner frequency at slightly less
than half the sampling frequency to ensure that the signal
can be adequately reconstructed from its samples (6).

Because the EMG is a stochastic signal, it can be
considered to fall into two general categories: stationary
(or quasi-stationary) or nonstationary. A random process
{x(t)} comprising an ensemble of time-history records is
wide sense stationary (WSS) if the mean mxðtiÞ and auto-
correlation Rxxðti; tiþ tÞ computed across the ensemble do
not vary with time ti. A random process is corretation-
ergodic (CE) if the time-averaged mean value and auto-
correlation function, obtained from any record in the
ensemble, is equal to the ensemble averaged mean value
and autocorrelation function. In practice, data recorded
from a stationary process are CE. Stationarity can be
assessed for a recorded, time-domain signal by computing
time-averaged mean values and autocorrelation functions
over short segments of the record. If the time-averaged
values do not vary significantly from segment to segment,
the signal can be considered WSS. If the time-averaged
values do vary significantly over time, the signal is non-
stationary and an appropriate signal model is necessary to
determine how the signal can be processed (7). EMG
records obtained during isometric, isotonic (or static)
contractions are generally considered WSS. EMG records
obtained under dynamic conditions, including changing
output force level and/or joint angle, are nonstationary.
Most natural activities, e.g., walking, involve dynamic
activation of the muscles and recorded EMG signals are
nonstationary.

The information to be extracted from recorded EMG
data is a function of the application for which the EMG
data have been obtained. Two major processing paradigms
will be discussed here: amplitude estimation, in which the
level (or standard deviation) of the recorded EMG is
estimated, and spectral analysis, in which the EMG signal
is analyzed with respect to its frequency domain charac-
teristics.

2. EMG AMPLITUDE ESTIMATION

The sEMG varies stochastically about a zero mean value3

and is the spatial and temporal summation of the MUAPs
in the vicinity of the recording electrodes. The variance of

1Evoked EMG signals are recorded after artificial stimulation of
the muscle fibers or associated motor nerves, such as in functional
electrical stimulation (FES). Such signals will not be considered
here.
2Other configurations have been reported in the literature, in-
cluding the double differential electrode (4) and electrode arrays,
which provide a high spatial resolution of the EMG (5).

3A zero-mean signal is ensured by capacitively coupling the
electrodes to the recording instrumentation, which removes any
dc signal.

1
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the signal increases with increasing contraction level or
force output, corresponding to an increasing number of
activated motor units (recruitment) and an increasing
rate at which the activated motor units fire (rate coding).
The pattern of recruitment and rate coding for an increas-
ing force contraction is muscle specific (2). Amplitude
estimation involves estimating the time-varying standard
deviation of the stochastic sEMG signal. The estimated
amplitude provides information about the muscle activa-
tion level, which can be used for control of myoelectric
prostheses, to estimate the output force of the muscle, or
to determine ON/OFF patterns of muscle activation for
certain activities.

To estimate EMG signal amplitude, the signal must
first be converted from a zero mean to a nonzero mean
signal. This conversion is generally done by rectifying or
taking the absolute value of the recorded signal m(t). In
classic processing, the rectified signal was then integrated
to generate the integrated EMG or IEMG:

IEMG¼

Z tþT

t

jmðtÞjdt; ð1Þ

because full-wave rectification and integration could be
readily implemented in hardware. In many early studies
of the EMG-force relationship, the IEMG was used as the
EMG signal parameter (see Table 7.1 in Ref. 2). The
advent of digital computers has facilitated the computa-
tion of other EMG amplitude estimates, principally the
smoothed, rectified EMG ðSREMGÞ and the RMS value of
the EMG (RMSEMG). The smoothed, rectified EMG is
obtained by applying a low-pass filtering operation to
the rectified signal. Filtering is often implemented using
a moving average window:

SREMG¼
1

Nþ1

X

N=2

i¼�N=2

jmiðtÞj; ð2Þ

where the miðtÞ are the sampled values of the recorded
EMG and SREMG is computed over a fixed interval of Nþ 1
samples. The degree of smoothing is determined by the
length of the fixed interval. Note that the equation given
represents a noncausal filtering operation because the
filter is centered around the current sample. A causal
moving average filter would sum over N samples from i¼
1 to i¼N.

Basmajian and De Luca (2) argue that a better para-
meter to estimate EMG signal amplitude is the RMS value

(RMSEMG):

RMSEMG¼
1

Nþ 1

X

N=2

i¼�N=2

m2
i ðtÞ

2

4

3

5

1=2

: ð3Þ

Based on his model of EMG generation, De Luca (1)
determined that the SREMG is a function of the general-
ized firing rate of the active motor units, the area under
the rectified MUAP, and cancellations due to the super-
position of opposing phases of the detected MUAPs.
RMSEMG is also a function of the motor unit firing rate
and the area under the rectified MUAP, but it is not
affected by the cancellations in the signal. Instead the
expression for the RMS value includes a term that de-
pends on the cross-correlations of the MUAP trains.
RMSEMG is an estimate of the standard deviation of the
measured EMG, where the variance of the EMG repre-
sents the ac power in the signal (2).

For a single channel of recorded EMG, the RMSEMG is
obtained using the estimator shown in Fig. 1.4 The signal-
to-noise ratio for the EMG amplitude estimate is defined
as

SNR¼
ðmsÞ

2

s2
s

" #1=2

; ð4Þ

where ms is the mean value of the estimate and s2
s is the

variance in the estimate. For an isotonic, isometric, non-
fatiguing contraction, the SNR for the estimator of Fig. 1
can be approximated as

SNR¼ ½2 � 2Bs � T�
1=2; ð5Þ

where Bs (Hz) is the equivalent statistical bandwidth of
the EMG and T(s) is the length of the smoothing window:
T¼N=fs, where N is the number of samples in the
smoothing window and fs(Hz) is the sampling frequency
(8). The above expression gives a reasonable approxima-
tion of the SNR for large N. A more accurate expression for
the SNR is given in Ref. 8.

Hogan and Mann (9) explored the effect of using multi-
ple channels of EMG on the SNR of the amplitude
estimate. If L EMG signals that are uncorrelated, Gaus-
sian distributed, and have equal variance are squared and
added, the SNR can be reasonably approximated using

SNR¼ ½4Bs � L � T�
1=2: ð6Þ

The theoretical SNR improvement of L1/2 is based on
having L channels of uncorrelated EMG data. EMG
signals recorded from multiple electrodes on a muscle

[ ] 2

squarer Square root

m(t)  RMSEMG

Non-linearity Smoothing
function 

Re-linearizer

averager

N
i =1N

1 ∑

Figure 1. EMG amplitude estimator. The va-
lue RMSEMG is the estimated signal amplitude.
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are correlated, and the SNR improvement in the ampli-
tude estimate is reduced proportional to the degree of
correlation.

For both single- and multichannel EMG recordings, the
SNR for the RMSEMG estimate can be improved by in-
creasing the signal bandwidth Bs or the averaging time T.
The equivalent statistical bandwidth Bs of the EMG can be
estimated from

Bs¼

R1

0 Gðf Þdf
� �2

R1

0 G2ðf Þdf
; ð7Þ

where G(f) is the power spectral density of the EMG (10).
Bs is a function of the underlying signal generation
process and the signal recording configuration. Parker
and Scott (11) analyzed EMG signal statistics for mono-
polar and bipolar recording configurations, where the
bipolar electrodes were oriented parallel to the muscle
fibers. Their signal model predicts that there is an optimal
electrode separation d for which Bs is maximized. The
dependence of Bs on d is illustrated in the following simple
analysis. If a bipolar electrode pair is aligned parallel to
the direction of the muscle fibers and between the inner-
vation point and the terminal tendon of the muscle, the
signal at the skin surface ms(t) propagates under the
electrodes at a velocity v as shown in Fig. 2. The differen-
tially amplified signal can be modeled as

mðtÞ¼ms tþ
d

2v

� �

�ms t�
d

2v

� �

¼msðtÞ
� d tþ

d

2v

� �

� d t�
d

2v

� �� �

;

ð8Þ

referred to the midpoint between the electrodes. The
transfer function between Msðf Þ¼IfmsðtÞg and
Mðf Þ¼IfmðtÞg is Hðf Þ¼ 2j sinðpf d

vÞ, where
Mðf Þ¼Hðf Þ �Msðf Þ.

The function H(f) is a comb filter, where |H(f)| will go
to zero when d

v ¼
k
f , k¼ 1;2; 3; . . . .

Thus, as electrode separation is decreased, the first
spectral null occurs at higher frequencies, which has the
effect of broadening the spectrum or whitening the re-
corded EMG. During a muscle contraction, several
MUAPs are activated, and the average propagation velo-
city of activity along the fibers of each MUAP will be

different. This distribution of velocities has the effect of
blurring the spectral null in the bipolar filter, where
spectral nulls occur at lower frequencies for MUAPs
with slower propagation velocities. Also, there are prac-
tical limitations to the spectral whitening attainable by
adjusting bipolar electrode separation. There is a limit on
how closely electrodes can be placed before they short
together, and there is a tradeoff between bandwidth and
signal amplitude, as signal amplitude decreases with
decreasing electrode spacing (11).

Clancy and Hogan (12) examined the SNR of the
amplitude estimate for EMG processed with a prewhiten-
ing filter, which orthogonalizes the samples of the detected
signal, followed by a moving average RMS estimator with
a 245-ms window length. The SNR of the amplitude
estimate increased with whitening filter order for EMG
recorded during isotonic, isometric, nonfatiguing flexions
and extensions of the elbow. When multiple channels of
prewhitened EMG were combined, SNR increased as the
number of channels was increased to 2, 4, 6, and 8 (13).
Processor performance was not affected by elbow joint
angle, and it was found that spatial decorrelation of the
EMG channels was not necessary for good performance
(14). Processor performance was poor, however, when
amplitude was estimated for EMG recorded during con-
tractions of less than 10% MVC (12). Thus, an adaptive
whitening technique, in which a nonadaptive whitening
filter was cascaded with an adaptive Weiner filter and an
adaptive gain, was developed (15). When adaptive whiten-
ing was applied to EMG recorded during a force tracking
task, processor performance depended on the tracking
bandwidth, where improved performance was obtained
for a 0.25-Hz bandwidth, but not for a 1-Hz bandwidth, in
part reflecting the subjects’ inability to reliably track the
force target at the higher bandwidth (15).

The effect of averaging time T on the SNR of the
amplitude estimate has also been investigated. Increasing
T, or equivalently increasing the number of samples N, in
the moving average window, introduces a longer delay into
the processing channel and, except for highly stationary
signals, results in an increased bias error in the estimate.
Thus, the selection of an averaging time is a tradeoff
between reducing the variance in the amplitude estimate,
via a long averaging time, and reducing the processing
delay and bias error, via a short averaging time. Theore-
tically, SNR¼ ½cT�1=2, where c¼2 � 2Bs � L and T is the
window length.

St Amant et al. (16) found that the SNR of the
amplitude estimate increased with smoothing window
length for both RMS and mean absolute value (MAV)
processors, where window length varied from 2.45 to
500 ms. Their study was done using EMG data from
isometric, isotonic contractions; thus, a longer smoothing
window length resulted in reduced signal variance and no
change in bias error. Clancy (17) and D’Alessio and Con-

+
d

signal, ms(t) propagates at velocity, v

parallel muscle fibers 

m(t )

Figure 2. A simple model for sEMG m(t) recorded from a pair of
bipolar electrodes.

4This processing channel is essentially the myoprocessor derived
by Hogan and Mann (9) for continuously estimating muscle
activity level from the EMG, with the exception that Hogan and
Mann’s processor includes a processing block at the end to
estimate muscle force from the amplitude estimate.
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forto (18) have developed EMG amplitude processors that
incorporate an adaptive smoothing window length for
tracking dynamic or time-varying EMG amplitudes. The
optimum number of data points N in the smoothing
window was found to be a function of a scaled ratio of
the EMG amplitude and its first-order derivative. Thus,
for more rapid changes in amplitude, the value of the
derivative is larger and the length of the smoothing
window is shorter.

The accuracy of EMG amplitude estimates for constant
level, nonfatiguing contractions has been improved by
prewhitening and combining multiple channels of sEMG,
where SNRs of 30 dB or better are attainable (12). Track-
ing the amplitude of dynamic EMG is more challenging,
particularly where there are rapid transitions in contrac-
tion level, however, reasonable tracking has been achieved
with the use of adaptive smoothing (17). Analyzing EMG
at low force contraction levels remains a challenge be-
cause of the relatively low SNR of the recorded signal
(12,15).

3. EMG SPECTRAL ANALYSIS

Spectral analysis involves describing a signal, recorded in
the time domain, in terms of basis functions in the
frequency domain. In classic Fourier analysis, the basis
functions are sinusoids, generally cosine functions, ex-
tending in frequency over some range, which depends on
the characteristics of the original time-domain signal.
These basis functions exist, in general, over all time, and
thus, any changes in signal frequency content with time,
or sharp spikes or discontinuities in the signal, are not
resolved using Fourier analysis. Fourier analysis is most
often applied to stationary signals, where the signal
frequency content does not vary over time. EMG signals
are WSS when recorded under certain restricted condi-
tions, most commonly during isometric, isotonic contrac-
tions. For nonstationary signals, time-frequency analysis
can be used to characterize changes in the signal fre-
quency content with time. There are many time-frequency
representations (19); some that have been applied to EMG
signal processing include the short-time Fourier trans-
form or spectrogram, the Wigner–Ville and Choi–Williams
distributions and wavelet analysis.

Spectral analysis of EMG signals has been done to: (1)
test and verify EMG signal generation models; (2) opti-
mize the frequency response of amplifiers, filters, and
signal processing instrumentation used to obtain and
record EMG or for myoelectric control of prosthetic de-
vices; (3) assess anatomical and/or biomechanical effects
on the EMG; and (4) quantify changes in the EMG due to
changes in the physiological state of the muscle, in
particular, muscle fatigue and changes due to muscle
pathologies.

3.1. Spectral Analysis of Stationary Signals

A stationary stochastic signal can be described by its
statistical parameters. In the time domain, these include
the signal mean and variance, mean-square value, and
autocorrelation function. In the frequency domain, sto-

chastic signals are described by the power spectral density
(PSD) function,5 which represents the rate of change of
the mean square value with frequency (7). For a station-
ary random process {x(t)}, the autocorrelation function
RxxðtÞ and the PSD SxxðoÞ form a Fourier transform pair
(often called the Wiener–Khinchine relations):

SxxðoÞ¼
Z 1

�1

RxxðtÞe�jotdt;

RxxðtÞ¼
Z 1

�1

SxxðoÞejotdo;

ð9Þ

where Rxx is a function only of the time delay t and RxxðtÞ
is absolutely integrable. For practical signals, RxxðtÞ is
real, even, and time-limited. The resulting Fourier trans-
form SxxðoÞ is two-sided and defined for o over ð�1;1Þ. In
general, the Fourier transform is complex:
SxxðoÞ¼ jSxxðoÞjejyðoÞ and is represented by its amplitude
spectrum jSxxðoÞj and phase spectrum yðoÞ. However, for
real signals, SxxðoÞ is real and even; i.e., yðoÞ is zero, by the
symmetry property of the Fourier transform (6) and thus
is represented strictly by the amplitude spectrum. Be-
cause the PSD is real and even, the one-sided spectrum
can be defined as

Gxxðf Þ¼ 2Sxxðf Þ; 0�fo1: ð10Þ

Now, for a stationary process fxkðtÞg, with 0 � t � T, define

Sxxðf ;T;kÞ¼
1

T
X�k ðf ;TÞXkðf ;TÞ; ð11Þ

where Xkðf ;TÞ is the Fourier transform of xkðtÞ and X�k ðf ;TÞ
is the complex conjugate of Xkðf ;TÞ. The PSD for the
process is

Sxxðf Þ¼ lim
T!1

E½Sxxðf ;T; kÞ�; ð12Þ

where the expectation is taken over the ensemble index k.
It can be shown that

lim
T!1

E½Sxxðf ;T; kÞ� ¼

Z 1

�1

RxxðtÞe�jotdt

¼ lim
T!1

1

T
E½jXkðf ;TÞj

2�:

ð13Þ

Thus, the PSD can be obtained by squaring the Fourier
transform of the random process, taking the expectation
over the ensemble and scaling by the finite duration T.
The one-sided PSD is

Gxxðf Þ¼2 lim
T!1

1

T
E½jXkðf ;TÞj

2�; ð14Þ

where, in practice, the record length T will be finite (7).

5The power spectral density function is also referred to as the
autospectral density function.
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The Fourier transform of a sample function of a sto-
chastic process Xkðf ;TÞ is a stochastic sample function in
the frequency domain. The PSD of the process is obtained
by averaging over the PSDs of the ensemble of functions.
This is equivalent to taking the expectation in Equation
14.

When a signal xkðtÞ is sampled at a frequency
os¼ 2pfs¼ 2p

Ts
, a finite sequence xkðnÞ is obtained. This

sequence can be transformed into a finite sequence in
the frequency domain XkðlÞ using the discrete Fourier
transform (DFT). The maximum frequency in the discrete
spectrum omax¼ 0:5os. The resolution of the spectrum is
determined by the record length of the sampled signal
xkðtÞ : ½0;T�, where the resolution Do¼ 2p

T . As noted, the
sampling rate os, must be at least twice the highest
frequency in the signal. If this is not the case, those
frequency components in the signal that are greater
than 0:5os will appear as lower frequency components in
the discrete spectrum. This phenomenon is called aliasing.
If aliasing is present, the signal spectrum is distorted and
the original signal cannot be reconstructed from the
spectrum (6).

A signal spectrum can be described by spectral para-
meters. The parameters most commonly used in EMG
studies are the mean power frequency (fmean), the median
frequency (fmed), and the equivalent statistical bandwidth

(Bs), where:

fmean¼

R1

0 fGðtÞdf
R1

0 Gðf Þdf
; ð15Þ

Z fmed

0

Gðf Þdf ¼

Z 1

fmed

Gðf Þdf ¼
1

2

Z 1

0

Gðf Þdf ; ð16Þ

and Bs has been defined (Equation 7).

3.2. Spectral Characteristics of WSS EMG Signals

The spectral characteristics of recorded EMG have been
reported in numerous studies. Some reports have pre-
sented EMG power spectra of normal muscles (20) and of
normal and residual limb muscles in amputees (21,22). In
other studies, EMG spectral parameters have been com-
puted to assess the effects of the recording arrangement,
(23–29) and of physiological, anatomical, and biomechani-
cal changes in the muscle (26–35). In these studies,
spectra were computed for EMG records that were ap-
proximately WSS. This is generally achieved by having
subjects produce isotonic, isometric, nonfatiguing contrac-
tions, for some reasonable duration; the contractions may
be repeated several times. The time-domain records are
then windowed to obtain an ensemble of signal epochs.
The PSD is calculated for each epoch, and the individual
PSDs are ensemble averaged to improve the SNR in the
spectral estimate.
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Figure 3. a) and b) PSDs for the first and eighth 512-ms epochs of WSS EMG recorded from the
biceps brachii, while the subject maintained a 901 elbow angle and held a constant load. c)
Averaged PSD: PSDs from eight 512-ms epochs were averaged. d) Smoothed-averaged PSD: The
averaged PSD was smoothed using a four-point moving average window.
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In general, EMG signal power lies between 10 and
300 Hz6 and the spectrum peaks between 50 and 100 Hz.
Fig. 3a and b shows two PSDs computed from single 512-
ms epochs of EMG recorded from the biceps brachii during
a constant force contraction. The spectra are samples of a
stochastic process with some apparent spectral shape. To
improve the SNR of the spectral estimate, PSDs were
computed for eight 512-ms epochs (extracted using a
rectangular window) and ensemble averaged. The SNR
is improved by a factor of 81/2

¼ 2.83. To further reduce the
variance in the PSD estimate, the ensemble averaged PSD
was smoothed using a four-point moving average window.
The averaged and smoothed-averaged PSDs are shown in
Fig. 3c and d.

Lindstrom and Magnusson (36) developed a model of
the EMG spectrum based on muscle anatomy and the
underlying physiological signal generation process. Mus-
cle fibers are modeled as long cylinders with radius, a.
Single-fiber action potentials (APs) propagate along the
fibers with conduction velocity v in both directions away
from the innervation point (the point at which the motor
nerve synapses with the fiber). The AP is modeled as a
traveling wave, observed at some distance x0 from the
innervation point. The Fourier transform of the AP is

Z 1

�1

y t�
x0

v

� �

e�jotdt¼GyyðjoÞe�jo
x0
v ; ð17Þ

where GyyðjoÞ is the Fourier transform of the action
potential y(t) and e�jo

x0
v represents the delay between

signal generation at the innervation point and detection
at the observation point.

Single muscle fibers are organized into functional
units, called motor units (MUs), and the basic potential
that can be measured is the motor unit AP (MUAP), which
is the spatial and temporal summation of the single fiber
APs (2). The arrival times of the APs at the observation
point are dispersed due to the following factors:

* Variation in AP travel times in the motor nerve
endings

* Variations in delay times at the synapses between the
nerve endings and associated muscle fibers

* The geometrical spread of the synapses, which causes
variation in the AP travel times between the sy-
napses and the observation point

* Variation of the conduction velocities along the in-
dividual muscle fibers

The overall effect of the dispersion is to increase the
duration of the MUAP with respect to the single fiber
APs, thus decreasing the high-frequency content of the
signal (36).

During a voluntary contraction, several MUs are con-
tinuously activated and the EMG can be modeled as the
summation of this activity within the vicinity of the
recording electrodes. The underlying MU activation pro-
cess is stochastic and can be represented as an impulse
train rðtÞ¼

P1

i¼�1 dðt� TiÞ. For N active MUs, EMG
generation can be modeled as shown in Fig. 4a (adapted
from Refs. 37 and 38). If the simplifying assumption that
hiðtÞ¼hðtÞ, i¼ 1; . . . ;N (i.e., that the MUAP shape is the
same for all active MUs) is made, then the model simpli-
fies to that shown in Fig. 4b and the detected EMG is

mðtÞ¼

Z 1

�1

rðPÞðtÞhðt� tÞdt

¼

Z 1

�1

X

N

k¼ 1

X

1

i¼�1

dðt� tkiÞhðt� tÞdt:

ð18Þ

The interspike interval times of rðPÞ are random with some
mean interval mp, mean firing rate lp¼ m�1

p , and pdf f ðPÞðtÞ.
It has been shown analytically that the spectrum of a
single MUAP train ulðtÞ, with a Gaussian interspike
interval pdf, will exhibit peaks in the low-frequency region
at the mean firing rate li and its harmonics7 (37,38). Pan
et al. (38) also demonstrated the effect on simulated and
experimentally recorded EMG signals. If multiple MUs
are activated, the standard deviation about the pooled
mean firing rate becomes large with respect to lp, and the
individual firing rate peaks will be obscured (2,38).

As a MUAP propagates along an activated MU, an
electric field is set up that radiates outward from the
MU and is detected by recording electrodes at a distance h
from the source, as shown in Fig. 5. Solving Laplace’s
equation for the region between the active MU and the

h1(t)

hN (t )

r1(t )

rN (t )

t

(a)

(b)

t

 =
N

k=1
ku  (t)m(t)

u1(t)

uN (t)

: : :

h(t)
=

N

k=1
k

P trr )( )( m(t )

∑

∑

∑

Figure 4. (a) A model of the EMG signal genera-
tion process; riðtÞ is the input impulse train to the
ith MUAP, hiðtÞ represents the shape of the ith
MUAP, uiðtÞ is the ith MUAP train, and m(t) is the
observed EMG. (b) A simplified model where rðPÞ is
a pooled input impulse train and hðtÞ represents a
general MUAP shape.
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electrodes, it can be shown that the Fourier transform of
the MUAP is modified by a term, HdðoÞ¼

K0ðoh=vÞ
K0ðoa=vÞ

, where
K0ðzÞ is a modified Bessel function of order zero and
argument z and h, a, and v are as shown in Fig. 5 (36).
HaðoÞ has the characteristics of a low-pass filter with a
cutoff frequency inversely proportional to h and an at-
tenuation directly proportional to h. Thus, MUAPs re-
corded from active MUs, which are closer to the recording
site, i.e., nearer the surface of the muscle, will have a
relatively larger amplitude and higher frequency content.

The model described above indicates that the MUAP
spectrum provides the basis for the EMG power spectrum
and is modified at low frequencies by the firing rate
information lp and at high frequencies by a tissue filtering
function HaðoÞ. The spectral content of the EMG is
affected by properties of the muscle including muscle
and motor unit size and fiber type proportion and dis-
tribution. In larger muscles, the distance from the record-
ing electrodes to the furthest active MU is greater than in
smaller muscles. This results in increased power in the
low-frequency region of the EMG spectrum, because sig-
nals that originate further from the recording location will
be more highly attenuated and low pass filtered by the
intervening tissue (36). It has also been proposed that
MUs having a larger number of fibers will exhibit rela-
tively greater dispersion across the single fiber APs than
MUs with a smaller number of fibers, resulting in a shift in
the EMG spectrum to lower frequencies. However, if the
larger MUs have larger diameter fibers, then the disper-
sion effects will be offset by increased conduction velocity
in the individual fibers.

The spectral content of the EMG is affected by other
physiological factors, biomechanical factors, and the re-
cording arrangement. A relationship between the conduc-
tion velocity of APs in the activated muscle fibers and
EMG spectral parameters has been demonstrated. Stulen
and DeLuca (23) calculated that fmed and fmean are linearly
proportional to conduction velocity. Using simulated
EMG, they found that fmed is more robust to low SNR
and that fmed was suggested as the best parameter to use
to follow changes in conduction velocity. Analysing re-
corded EMG, Broman et al. (24) found that conduction

velocity fmed and fmean increased as contraction level
increased. Conduction velocity fmed and fmean decreased
during fatigue, with the spectral parameters declining
more rapidly than conduction velocity and returned to
pre-fatigue values during recovery from fatigue, with the
spectral parameters changing proportionally with conduc-
tion velocity. A similar result was reported by Zwarts et al.
(25). Several studies have reported that the frequency
content of the EMG varies as a function of contraction
level or joint torque. It has been observed that fmean

generally increases with contraction level for an increas-
ing force contraction of the biceps brachii (27,28). In
contrast, Elfving et al. (29) found that fmed of EMG
recorded from the erector spinae muscles was lower for
an 80% MVC contraction than for a 40% MVC contraction.
The upward shift in the frequency content of the EMG
with increasing contraction level is often considered to be
related to recruitment of higher threshold type II MUs,
which have larger fiber diameters and higher conduction
velocities (28). In lumbar muscles, type II fibers have
smaller diameters and decreased conduction velocities,
resulting in a downward shift in the PSD (29). The EMG
power spectral estimate is also modified by the signal
recording arrangement. As described, when EMG is re-
corded using bipolar recording electrodes, the electrodes
introduce a filter function, which has nulls at frequencies:
f ¼ kv

d , where k is an integer, v is conduction velocity, and d
is electrode separation. As the electrode separation in-
creases, the position of the first null is shifted downward,
effectively restricting the bandwidth of the EMG signal.
This effect has been confirmed by Zipp (23), Gerdle et al.
(26), and Elfving (29).

From the foregoing discussion, it is evident that EMG
spectral content varies from muscle to muscle and as a
function of recording conditions, including electrode size,
separation and placement, and signal preconditioning.
There is also substantial intersubject variability in EMG
power spectra and spectral parameters. Subcutaneous
tissue depth can vary considerably across individuals,
dependent on the subject’s fitness level and body mass
index, and this will result in differing levels of tissue
filtering. Electrode positioning, relative to the muscle
innervation zone, terminal tendon, and fiber direction, is
approximated using a knowledge of the underlying muscle
anatomy and, as such, is subject to variability across
individuals. Noise, from a number of sources, can be
present in EMG recordings and is particularly proble-
matic at low contraction levels, where SNR is low.
Although noise can be removed from EMG by post-proces-
sing, the best practice is to minimize noise sources by good
skin preparation before EMG recording (40,41). Changes

+

Active MU with N
fibers and mean fiber
radius, a

MU conduction
velocity,v

h

MUAP

Figure 5. A MUAP detected by surface electro-
des at a distance h away from the activated MU.
The APs propagate along the N fibers of the MU
at an average conduction velocity v. The mean
fiber radius of the MU is a.

6EMG recording instrumentation generally includes a high-pass
filter, with corner frequency between 10 and 20 Hz to remove a
low-frequency motion artifact.
7The effect of MU firing rate on the EMG spectrum depends on the
form of the interspike interval pdf (37). Clamann (39) reported
that interspike intervals from the biceps brachii exhibited a
Gaussian pdf, but this does not necessarily hold for all muscles
(e.g., Figure 3.7, p. 78, in Ref. 2).
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in subject position can alter the joint angle, changing the
length of the muscle under consideration, and there is
evidence that the EMG spectrum shifts toward lower
frequencies as the muscle is lengthened (32,35). Given
these observations, careful subject positioning at the
beginning of each data collection session is essential.

The body of work that exists on spectral characteriza-
tion of sEMG shows that the sEMG spectrum can provide
useful information on the underlying physiological process
and state of the muscle. However, sEMG spectral char-
acteristics are affected by the recording setup and instru-
mentation, the experimental protocol and interindividual
differences. These factors must be kept in mind when
recording and processing sEMG and, when comparing
results, either within a study or across studies.

3.3. Spectral Analysis of Nonstationary EMG Signals

As noted in the previous section, sEMG can be considered
WSS only under restricted experimental conditions, i.e.,
during isometric, isotonic, nonfatiguing contractions. It is
of interest to investigate sEMG recorded under dynamic
conditions, as this better represents how muscles are
normally used in task performance and activities of daily
living. Dynamic sEMG is inherently nonstationary be-
cause, in general, contraction level, muscle length, the
velocity of muscle lengthening and/or shortening, and the
position of the recording electrodes with respect to the
innervation point and terminal tendon will vary over the
course of an activity. This will lead to variations in the
signal amplitude and spectral content with time. As well,
in the longer term (over several seconds), if the muscle
fatigues during dynamic EMG recording, the spectral
content will progressively shift toward lower frequencies
(42,43). To localize spectral changes, nonstationary signals
can be processed using a class of transforms called time-
frequency representations (TFRs). In this section, the
application of certain TFRs to dynamic sEMG processing
will be introduced.

Short-time Fourier transform (STFT) analysis involves
applying the Fourier transform to fixed-length segments
of the signal under investigation. Successive segments, or
windows, of the signal are transformed to obtain a time-
frequency map or spectrogram. The STFT of a signal s(t) is
expressed as

STFTðt;oÞ¼
Z

w�ðt� tÞsðtÞe�jotdt; ð19Þ

where w�ðtÞ is the conjugate of the window function w(t).8

There is a tradeoff between time and frequency resolution
in the STFT—a shorter window will give good time
resolution but poor frequency resolution, and a longer

window will give good frequency resolution but poor time
resolution (43). The STFT is generally plotted as a spectro-
gram with time along the x-axis and frequency along the y-
axis; spectral energy or power is encoded, e.g., using gray
scales or color coding.

Hannaford and Lehman (44) applied STFT analysis to
EMG recorded during both isometric and dynamic con-
tractions. They showed that the spectral content of the
isometric EMG varied over a shorter time interval than
the spectral shifts due to fatigue and that dynamic EMG
spectral content shifted downward over the time course of
the contractions. Although these results were promising,
STFT analysis is limited because rapid events occurring in
time or rapid spectral changes are not well resolved due to
the inherent tradeoff between time and frequency resolu-
tion.

Other TFRs include Cohen’s class of quadratic TFRs,
where any Cohen class TFR for a signal s(t) can be written
in the general form:

Cðt;o;fÞ¼
1

2p

ZZZ

s uþ
t
2

� �

s� u�
t
2

� �

�fðy; tÞe�jðyðt�uÞÞe�jotdudtdy;

ð20Þ

where the limits of integration are ð�1;1Þ, t is a time
shift, y is a frequency shift, and fðy; tÞ is the kernal of the
transform. The fundamental Cohen class TFR is the
Wigner–Ville distribution (WVD) defined as

WVDðt;oÞ¼
1

2p

Z

s uþ
t
2

� �

s� u�
t
2

� �

e�jotdt: ð21Þ

The WVD is a high-resolution TFR that is real valued and
preserves time and frequency shifts in the signal; how-
ever, it has no implicit smoothing to reduce cross terms.9

The Choi–Williams distribution (CWD) is a Cohen class
TFR with an exponential kernal fðy; tÞ expð�ðytÞ2=aÞ,
a > 0, which was designed to reduce the cross-terms.
Selection of the scaling factor a provides a tradeoff be-
tween good auto-term preservation and good cross-term
reduction (19,43). The wavelet transform (WT) is a linear
TFR that partitions the time-frequency plane to provide
good localization both in time and frequency. For an input
signal s(t), the WT is defined as

WTða; bÞ¼

Z

sðtÞc�a;bðtÞdt; ð22Þ

where the mother wavelet cðtÞ is scaled by the factor a and
translated by the factor b:

ca;bðtÞ ¼
1
ffiffiffi

a
p c

t� b

a

� �

: ð23Þ

The wavelet is stretched when a takes on large values,

8Many windowing functions can be used to extract fixed segments
of data. The most common windows used in EMG processing are
rectangular window ðwðiÞ¼1 for i0 � i0þM, 0 otherwise, for a
window of length M points), the Hamming window ðwðiÞ¼0:54�
0:46 cosð2pi=MÞ for i0 � i � i0þM, 0 otherwise), and the Hanning
window ðwðiÞ¼0:5½1� cosð2pi=MÞ� for i0 � i � i0þM, 0 other-
wise). In the frequency domain, the FT of the signal Sðf Þ is
convolved with the FT of the window function.

9Cross terms are implicit to quadratic TFRs. They are a byproduct
of the cross-spectral density between components of the signal,
and they are usually unwanted as they distort the information in
the TFR.
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which allows for analysis of low-frequency components in
s(t), and compressed when a takes on small values, allow-
ing for analysis of high-frequency components. Thus, the
time-frequency plane is not equally partitioned, as for the
STFT, but it has wide time windows for low-frequency
components and narrow time windows for high-frequency
components (43,45). The continuous WT (CWT) varies the
scale on a continuum—from that of the original function
up to a user-defined maximum—and the wavelet is
smoothly shifted over the full domain of the signal. The
discrete WT (DWT) uses scales and translations based on
powers of 2, i.e., dyadic scales and translations, and is less
computationally intensive than the CWT (46). The wave-
let packet transform (WPT) encodes a signal in an over-
complete set of time-frequency windows, and the most
suitable encoding for a particular application is selected
based on some criterion (46).

Time-varying frequency parameters can be obtained
from time-frequency representations. The instantaneous
mean and median frequencies, IMNF(t) and IMDF(t),
respectively, can be expressed as

IMNFðtÞ¼

R F
0 oPðt;oÞdo
R F

0 Pðt;oÞdo
; ð24Þ

Z IMDFðtÞ

0
Pðt;oÞdo¼

Z F

IMDFðtÞ
Pðt;oÞdo¼

1

2

Z F

0
Pðt;oÞdo;

ð25Þ

where Pðt;oÞ is the time dependent PSD obtained using a
TFR and F is the Nyquist frequency (42,43).

Bonato et al. (42) followed IMDF(t), computed using
CWD, over 75 cycles of a dynamic contraction. IMDF(t)
values decreased over the 75 cycles, demonstrating that
the technique is sensitive to EMG spectral compression
due to muscle fatigue. Karlsson et al. (47) compared the
accuracy and reliability of four TFRs—the STFT, WVD,
CWD, and CWT—for detecting the spectral characteristics
of simulated EMG. In all cases, IMNF(t) estimates com-
puted using CWT exhibited the best performance in terms
of bias, variance, and relative error. For EMG recorded-
during dynamic fatiguing and increasing force contrac-
tions, IMNF(t) computed using CWT was found to be
sensitive to spectral changes in the signal due to biome-
chanical and physiological factors (43,47,48). Time-fre-
quency analysis of EMG has also been used to derive
featuresets for improved pattern classification for multi-
function prosthetic control (49), artifact reduction in EMG
records (50), and EMG onset detection (51,52).

This section has introduced the use of time-frequency
methods in EMG signal analysis and does not provide a
comprehensive review of this topic. However, it is appar-
ent that such methods are useful in diverse applications of
EMG analysis, and continued progress in the analysis of
EMG using time-frequency techniques promises to im-
prove our understanding of dynamic muscle function and
the underlying processes that control how our muscles
work.
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1. INTRODUCTION

Instruments based on nanometer-scale probes, commonly
known as scanning probe microscopes, have revolutio-
nized researchers’ ability to characterize materials at
the nanometer scale. These instruments can determine
the nanometer-scale properties of material surfaces, in-
cluding topography, electric charge density, optical reflec-
tivity, mechanical stiffness, magnetic field strength, and
thermal conductivity. Probes can take the form of atom-
ically sharp metal wires, tapered optical fibers with a sub-
wavelength aperture, and microfabricated cantilevers
with a tip several nanometers in radius.

Scanning probe microscopy extends surface measure-
ment capabilities beyond conventional metrology techni-
ques. Prior to the development of nanometer-scale probes,
knowledge of material properties was limited by the
spatial resolution and contrast mechanisms of optical
microscopy, electron microscopy, and related techniques.
For example, diffraction-limited optical microscopy cannot
resolve features smaller than approximately half the
wavelength of light (B250 nm), and electron microscopy
cannot be performed in water or air at atmospheric
pressures. Using nanometer-scale probes in close proxi-
mity to a sample, information can be obtained from one
point (known as point spectroscopy) or across an entire
sample by scanning multiple points serially (hence the
name scanning probe microscopy).

Scanning probe microscopes consist of three essential
parts: (1) a local probe that interacts over a nanometer-
scale region of the sample, (2) a high-resolution transla-
tion stage that moves the probe in precisely-controlled
steps relative to the sample to collect images, and (3) a
feedback control system that records and adjusts the
probe-sample distance as the probe is scanned relative to
the sample (Fig. 1). Most scanning probe microscopes can
operate in several different imaging configurations, or
modes, depending on the feedback control signal. Precise
sample positioning is required for accurate sample ima-
ging, which is normally accomplished by piezoelectrically-
actuated translation stages with position feedback sen-
sors. Also important for data collection with nanometer-
scale probes is effective thermal, vibration, and acoustic
isolation from ambient sources that can introduce noise
and artifacts into an image.

Beginning with the development of several new ima-
ging techniques in the 1980s, an extended family of
scanning probe microscopes has been created over the
last two decades. Although the general idea of using a
probe to locally interact with a sample has been around for
over 100 years (e.g., the phonograph), it became clear only
in the last two decades that information on the scale of
atoms and molecules can be directly obtained without

damaging the sample or altering its properties. The
spatial resolution of scanning probe microscopy is defined
as its ability to resolve two adjacent objects and depends
primarily on the size and shape of the local probe. This
two-point spatial resolution should not be confused with
localization, which is the ability to identify the position of
a single object, usually by computing a centroid. The
contrast and sensitivity of scanning probe microscopy
depends on the nature of the interaction between the
probe and sample — electrical, optical, mechanical, and
so one — and the magnitude of ambient and instrumenta-
tion noise.

The three most common techniques, scanning tunnel-
ing microscopy (STM), scanning near-field optical micro-
scopy (SNOM), and atomic force microscopy (AFM), are
among the basic tools of nanoscience and have found
biomedical applications ranging from biomaterial charac-
terization to single-protein mechanics. This chapter re-
views the fundamental concepts, designs, and applications
of modern scanning probe microscopy techniques using
nanometer-scale probes. For each technique, the primary
advantages and disadvantages are discussed, and recent
technology advances are presented.

2. SCANNING TUNNELING MICROSCOPE

The scanning tunneling microscope (STM) was invented
in 1982 by Binnig and Rohrer, who received the 1986
Nobel Prize in Physics for the technique, as a method for
imaging conducting surfaces with nanometer resolution.
In STM, an atomically sharp conducting tip is positioned
close enough to a conducting sample surface that electrons
can tunnel between the tip and sample, a quantum
mechanical effect that occurs when the electron densities
of two surfaces overlap. The tunneling current depends on
the electronic structure of the surface atoms and on the
separation distance between the two conductors, making
it sensitive to both surface composition and topography.
By raster-scanning the tip laterally across the sample
surface, an image of the sample’s local electronic density
of states can be collected with spatial resolution governed
by the probe size and shape. Atomic resolution of surfaces
can be achieved with the STM’s low-energy tunneling
electrons, and it has recently been used to assemble low-
temperature structures in vacuum with atomic detail by
lifting and dropping atoms on a surface. STM can only be
used with electrically conducting samples typically in a
nonconductive environment, but recent work has shown
that imaging in conductive media is possible with some
reduction in spatial resolution.

The basic instrument design of an STM consists of a
sharp metal tip, scanning stage, and feedback system. The
STM’s nanoscale probe, a sharp metal tip, can be formed
by chemically etching the end of wire isotropically or by
cutting a wire while plastically deforming it. When the
sharp tip is held close to a sample, a single atom or group
of atoms closest to the tip will dominate the tunneling
interaction. The tunneling current flowing between the tip
and the conducting surface decays exponentially with
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distance, enabling subnanometer-scale sensitivity to dif-
ferences in sample height.

Two primary modes of operation are used for STM
imaging: (1) constant current mode and (2) constant
height mode. In constant current mode, the feedback
electronics are used to adjust the height of the tip above
the surface so that the tunneling current remains the
same as the probe is scanned across the surface. Regions
with low electron density require the tip to be closer to the
sample for constant current than regions with high elec-
tron density, and the resulting image gives a constant
current topography. In constant height mode, the initial
position of the tip above the sample is held constant as the
sample is scanned beneath the tip. Changes in surface
topography alter the actual tip-sample distance and, con-
sequently, the current flowing between them, but the tip
position is not altered. The recorded tunneling current at
each point on the surface defines the constant height
image. In high vacuum and at low temperatures, subAng-
strom spatial resolution can be obtained, making STM one
of the highest resolution imaging techniques available. At
room temperature conditions, STM resolution can be on
the order of nanometers.

3. SCANNING NEAR-FIELD OPTICAL MICROSCOPY

The scanning near-field optical microscope (SNOM) was
first demonstrated in 1985 by Pohl et al. In contrast to the
‘‘far-field,’’ imaging of conventional diffraction-limited op-
tical microscopy, SNOM offers a method for optical ima-

ging in the ‘‘near-field,’’ where characteristic interaction
lengths can be on the order of nanometers. Illumination or
collection of light from a sample is confined by a probe,
such as an optical fiber, with an aperture that is typically a
small fraction of the optical wavelength. In the same way
that electronic interactions with a conducting sample are
localized in STM with an atomically sharp probe, the
optical interactions with a sample are localized in
SNOM by holding the aperture close to the sample. Light
collected or emitted by the SNOM probe changes with the
optical properties of the sample and the separation be-
tween probe and sample. By raster-scanning the optical
probe above the sample surface, images of the surface
optical properties and topography can be collected.

Like the STM, the basic instrument design of a SNOM
uses a scanning stage and feedback system to move a
sample relative to a nanoscale optical probe, the most
common of which is made from an optical fiber. The optical
fiber is heated and pulled until it breaks, forming a
tapered optical fiber with a sharp tip typically 20–
100 nm in diameter. Metal can be deposited on the surface
of the taper to prevent light leakage anywhere except the
very tip of the optical fiber, which is typically a small
fraction of a wavelength in diameter. As light cannot pass
through a sub-wavelength aperture as a propagating
wave, a rapidly decaying electromagnetic field known as
an evanescent field is created at the aperture. Like the
tunneling current of the STM, the evanescent wave am-
plitude decays exponentially with distance from the fiber.
The field extends beyond the aperture and can be scat-

Tr anslation stag e

Deflection detection system

Flexible cantilever

Sample surface

Translation stage

Display

Feed-back
control

Nanometer-
scale probe

Figure 1. Schematic diagram of a scanning
probe microscope based on a nanometer-scale
probe. The three essential parts of the microscope
are (1) the local probe, (2) a high-resolution
translation stage that moves the probe relative
to the sample, and (3) a feedback control system
that records and adjusts the probe-sample dis-
tance as the probe is scanned. The instrument
depicted here is an atomic force microscope, and
the nanometer-scale probe is a microfabricated
cantilever with an etched tip.
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tered by a surface near the optical fiber tip, converting the
evanescent field into a propagating wave that can be
collected by a photodetector and used as a feedback signal
to control fiber height. If the optical fiber tip is held within
a distance of approximately one aperture diameter from
the sample surface, the spatial resolution of an image
collected by scanning the sample relative to the fiber will
be close to the aperture diameter, which can be as high as
l/20.

SNOMs are operated in two primary modes: (1) illumi-
nation mode and (2) collection mode. As described above,
illumination mode involves passing light through a ta-
pered optical fiber to illuminate a nanometer-scale part of
a sample. The sample then scatters or absorbs the light to
create contrast, or the illumination may be used to excite
another photo-induced process such as fluorescence. In
collection mode, the sample is illuminated uniformly, such
as by total internal reflection or epi-fluorescence, and the
local evanescent fields at the sample surface are collected
and converted into propagating waves by the tapered
optical fiber. As in illumination mode, the spatial resolu-
tion of collection mode is comparable with the aperture
diameter if the fiber tip is held within a distance of
approximately an aperture diameter. The light measured
from the tip-sample interaction in both modes can be used
as a feedback signal, but in some cases it is preferable to
follow the topography of the sample and measure the
optical properties of a surface at a fixed height above the
sample, which can only be accomplished if height can be
measured separately from optical interactions, and sev-
eral methods have been developed to do this. As the tip of
the optical fiber will begin to physically interact with the
sample surface as it approaches, any induced oscillation of
the tip will be attenuated as the tip moves into contact. By
monitoring this oscillation optically or capacitively, the
height of the tapered fiber tip can be determined and used
as a feedback signal.

The tapered optical fiber is only one of many nanoscale
optical probes that can be used with a SNOM. Etched
optical fibers, cantilevered optical fibers, and microfabri-
cated optical waveguides have all been used to create sub-
wavelength apertures for illumination or collection of
light. Although optical resolution can be a factor of 5–10
better than diffraction-limited microscopes, all SNOM
probes share the problem of optical throughput. The
transmittance of light through a sub-wavelength aperture
falls with the 6th power of diameter, making SNOM
optically very inefficient. High illumination intensities
are required for good signal-to-noise but can damage
samples.

4. ATOMIC FORCE MICROSCOPY

The atomic force microscope (AFM) was invented in 1986
by Binnig, Quate, and Gerber as a way of measuring forces
exerted between a nanometer-scale probe and a surface.
Rather than the vertical configuration of the STM and
SNOM probes in which tunneling current and evanescent
wave emission are controlled, respectively, the AFM uses a
horizontal cantilevered probe that can be used to measure

force and topography. By controlling the stiffness and
deflection of the cantilever, the forces exerted on a sample
or by a sample can be measured without damaging the
surface, and measurements are possible on all types of
surfaces (conducting, semiconducting, and insulating) in
all types of environments (vacuum, air, and liquid). Early
AFM measurements were made with bent metal wires or
foils, but modern AFMs use cantilevers microfabricated
from silicon or silicon nitride. Like the STM and SNOM,
spatial resolution of the AFM depends on probe size and
geometry, and raster-scanned images with subnanometer
resolution and piconewton force sensitivity can be ob-
tained.

The configuration of a modern AFM consists of a
flexible microfabricated cantilever, feedback control, and
a scanning stage. In addition to tip sharpness, which is
important in all nanometer-scale probes for high spatial
resolution, the essential feature of an AFM probe is its
spring constant, or stiffness. In order not to damage a
surface and be responsive to forces on the atomic scale, the
probe stiffness must be below typical atomic bond stiffness,
which is on the order of 10 N/m. Appropriate AFM
cantilevers with sitffnesses ranging from 0.01 to 1 N/m
can easily be made from metal foils or microfabricated
materials such as silicon or silicon nitride by controlling
probe geometry.

AFMs are operated in three primary modes that reflect
different force regimes between tip and sample: (1) contact
mode, (2) noncontact mode, and (3) intermittent contact or
tapping mode. The interaction between an atom on the
sample surface and an atom of the probe tip can be
described by a Lennard–Jones or equivalent potential, in
which the atoms experience a repulsive force at short
distances, an attractive force at intermediate distances,
and no force at long distances. In contact mode, the probe
tip is in the repulsive regime, and the force applied toward
the sample to remain in contact is used as the feedback
signal as the sample is imaged. In noncontact mode, the
probe tip is in the attractive regime, and the force applied
away from the sample is used as the feedback sample. In
intermittent contact, the probe is periodically oscillated
into and out of contact with the sample, creating a tapping
motion that interacts with the sample once every cycle.
The amplitude of tapping is damped as the tip moves into
closer contact with the sample and is used as the feedback
signal during imaging. For soft samples such as biological
materials that can be damaged by lateral forces, tapping
mode provides the advantage of only applying normal
forces to the sample. In contact and noncontact modes,
lateral forces will be applied to the sample as the probe
moves over a topographical step. In tapping mode, the step
will be felt as a decreased tapping amplitude, but no
lateral forces will be applied.

All modes of AFM operation require sensitive measure-
ment of cantilever deflection, and a range of techniques
have been developed. The first AFM used a cantilever
made from metal foil and an STM to detect cantilever
displacement. Tunneling current between the sharp metal
probe of the STM and the cantilever monitored deflection
and, with knowledge of the cantilever spring constant,
was used to calculate force. The most common method of
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deflection detection for feedback control used in commer-
cial AFMs today is the optical lever or ‘‘beam-bounce’’
technique. In this technique, a laser is focused at an angle
onto the undeflected cantilever, and its reflection is cen-
tered on a position-sensing photodetector (PSD). As the
cantilever is deflected by contact with a sample, the
position of the beam on the PSD is altered, and the
magnitude of the deflection can be determined. Other
deflection detection techniques that have been demon-
strated include capacitive coupling, optical homodyne,
optical heterodyne, laser-diode feedback, and optical po-
larization. In all cases, nanometer and subnanometer
displacement resolution is possible, although the beam-
bounce technique remains the simplest configuration.

Atomic force microscopy was originally developed to
measure and image interaction forces between atoms on a
surface and those of a nanoscale probe, but it can also be
made sensitive to other types of interaction forces. For
example, electric force microscopy (EFM) maps the elec-
trostatic forces across a surface, whereas magnetic force
microscopy (MFM) measures magnetostatic forces and
magnetic domain structure across a surface. In EFM,
both the tip and sample are conducting, and imaging
takes place in attractive mode. In MFM, both the tip and
sample are magnetic, and imaging takes place in either
attractive or repulsive modes. Spatial resolution of both
methods are worse than AFM because electrostatic and
magnetostatic phenomena are cooperative and will not
show atomic features. Surface thermal properties can be
measured with scanning thermal microscopy (SThM),
which uses a microfabricated thermocouple to respond to
local surface temperature on the sub-micron scale. A
technique known as apertureless near-field microscopy
uses the optical perturbations created by the interaction
of a sharp AFM tip with a nearby surface to probe optical
properties of material at the nanometer scale. As a result
of its sensistivity, versatility, and relative ease of use, AFM
has found the widest applications in biophysical and
biomedical research.

5. APPLICATIONS OF SCANNING PROBE MICROSCOPY
TO BIOLOGY

The nanometer-scale resolution of scanning probe micro-
scopy has motivated use of these techniques to study
biological and biomedical applications, including macro-
molecular imaging, single-molecule unfolding, and mea-
surement of whole-cell mechanics (Fig. 2). AFM is
becoming the tool of choice for biophysical measurements
of live cell dynamics, because it offers several important
advantages over other force measurement techniques
such as optical tweezers, magnetic traps, and glass micro-
needles: (1) cantilevers can measure a wide range of forces
from tens of piconewtons to micronewtons, (2) cantilevers
can obtain nanometer-scale spatial resolution on cell
surfaces; (3) data are typically collected at frequencies
up to the cantilever’s first resonance, which can be above
100 kHz; and (4) cantilever tips can be functionalized by
attaching ligands that target specific receptor binding.
Optical traps, although ideal for single-molecule experi-
ments that require single piconewton sensitivity, are
currently unable to measure forces greater than approxi-
mately 200 pN. Even if optical traps could measure large
forces, local heating from high-power trapping lasers may
affect cellular dynamics, and the use of spherical beads
prevents interaction with complex surface geometries.
Similarly, glass microneedles are limited by their cylind-
rical geometry as well as an inability to spatially localize
cell contact to a submicron region.

The rapid development of scanning probe microscopes
— STM, SNOM, AFM, and their progeny — is a testament
to their unique measurement capabilities and potential for
answering a broad range of fundamental and applied
questions. Further advancements in the spatial resolu-
tion, temporal resolution, contrast mechanisms, and sen-
sitivity of scanning probe microscopes and their
nanometer-scale probes will help to expand our under-
standing of the microscopic physical world.
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1. INTRODUCTION

Photonics refer to the use of light. In biomedical research,
many analytical tools for fundamental and applied re-
search utilized photonic systems and technologies. An
area of research that can potentially impact the field of
photonics is nanotechnology. Nanotechnology refers to
technology that involves materials in the sub-100-nm
size range; in this size range, photonics properties of the
material can be tuned by changing the particle’s size or
shape, which provides researchers with an endless
amount of precursors for building tools, devices, or sys-
tems for many biomedical applications. In this chapter, we
will describe the preparation and properties of gold nano-
particles and illustrate some of their applications in
biology and medicine. We will describe the integration
and use of gold nanoparticles with and in photonics
research for biomedical applications.

In 1857, Michael Faraday first synthesized colloidal
gold (1) and provided the first documented scientific work
on dispersions of fine particles of this metal. Recently,
these metal colloids are of great interest to diverse re-
search communities (from electronics to biology) because
of their interesting physical properties (2). Nanometer-
sized colloidal gold has properties that are significantly
different from those of the bulk or isolated atoms and
molecules. As a result, promising applications in photonics
(3), opto-electronics (4), biology (5–7), nonlinear optics
(8,9), and other technologies and medicine (10–15) are
envisioned.

2. SYNTHESIS OF NANOMETER-SIZED COLLOIDAL GOLD

Since the pioneering work of Faraday, many different
methods to synthesize colloidal gold have been reported.
These methods include condensation of metal vapors in
solvents (16–18), polymers (19), and other different ma-

trices and thermal decomposition of precursor metallic
compounds suspended in solvents. However, the most
widely used methods of producing gold colloids involve
reduction of gold iron complexes in aqueous (20) or non-
aqueous (21) solutions. The most famous method of produ-
cing gold colloids is the reduction of AuCl4

� ions in a
boiling citric acid solution (20,22). The size of the particles
formed can be varied between 15nm and 100nm by using
different citric acid concentrations. During the reaction,
the color of the solution changes as the chloroauric acid is
reduced with the final color of the colloidal gold solution
being vine red. The transmission electron microscopy
(TEM) images in Fig. 1(a–c) correspond to gold colloids
of sizes 20nm, 40nm, and 74nm, respectively, synthesized
by the citric acid reduction method. These final gold
particles are negatively charged because of the surface
adsorption of citric acid stabilizing ligands.

Gold colloids with sizes between 6nm and 15nm can be
produced using sodium ascorbate as the reducing agent
(23). The most popular method for synthesizing smaller
gold particles was developed by Brust et al., and this
method involves sodium borohydride reduction of gold salt
in the presence of an alkanethiol as a capping agent (24) to
produce 1–3nm particles. Size of these particles can be
tailored between 2nm and 5nm by varying thiol concen-
tration. Weare et al. synthesized 1.5 nm phosphine-capped
gold particles using a similar protocol to the Brust method
(25). Using these small particles as seeds, Jana et al.
developed a method to produce gold colloids with sizes
varying between 5nm and 50nm (26). In this method,
particle size was controlled by varying the ratio of seed to
metal salt.

Gold nanoparticles can also be synthesized using or-
ganic solvents, such as the two-phase Brust–Schiffrin
method (27) pioneered by Schriffin et al. However, the
organic solvents used in these techniques render them
unsuitable for solution-based biosensors for detection of
molecules like proteins without additional surface mod-
ification steps (which can be complicated).

Use of biological organisms in the synthesis of gold
nanoparticles is being investigated and is a very exciting
area of research with considerable potential development.
For example, Jose-Yacaman et al. demonstrated the synth-
esis of gold nanoparticles within live alfalfa plants by gold
uptake from solid media (28).

(a) (b) (c)

Figure 1. Transmission Electron Microscopy images of the 23nm (a), 40 nm (b), and 74 nm (c) gold
nanoparticles produced by citrate reduction method.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



Additionally, hybrid metallic nanostructures can also
be developed using solution-based methods. An example is
the gold-silica nanoshells. To prepare gold nanoshells,
aminated silica particles are initially added to a solution
of gold colloids. Gold colloids bind to the amine groups on
the silica surface, resulting in silica nanoparticles covered
with gold colloid. These gold-adsorbed nanoparticles can
then act as nucleation sites for further growth upon the
addition of HAuCl4 with the silica-colloid particles in the
presence of formaldehyde. This process reduces additional
gold onto the adsorbed colloid, causing the surface colloid
to grow and coalesce with the neighboring colloid. A metal
shell is formed on their surface. It is interesting to note
that the optical properties of these gold nanoshells are
different than gold nanoparticles (which are not grown on
colloidal silica).

3. OPTICAL PROPERTIES OF NANOMETER-SIZED
COLLOIDAL GOLD

For the last few decades, great interest in the optical
properties of gold colloids has developed, and these optical
properties make them appealing for use in photonics
(29,30) and in biomedical applications (6,7). The intense
red color of these gold colloids is caused by the collective
excitation of electrons on their surface and is known as the
surface plasmon absorption. Colloidal scattering can also
contribute to the absorption color.

The optical characteristics of metal can be explained
using two parameters, the refractive index (n0) and the
extinction coefficient (k0). According to the Beer Lambert’s
law (I¼ I0e

�2k0x), the extinction coefficient is related to the
exponential decay of the wave as it passes through the
medium. For colloids between 10nm and 100nm in size,
extinction coefficients vary between 1 � 108 and 1 �
1011M� 1 cm�1 (31). Hence, the transmitted radiation
will typically be absorbed in a distance of a wavelength
of the radiation. The characteristic color of the Au is
associated with reflection edges in the visible region of
the electromagnetic radiation. The red color of the gold is
caused by the absorption of blue-green and reflection of
yellow-red wavelengths.

In metallic nanoparticles, electromagnetic radiation
can induce the formation of dipole in the nanoparticle
because of the movement of the free conduction electrons
on surface (or the ‘‘surface plasmon’’) and restoring force
that is built up in order to compensate for this movement,
which results in the surface plasmon resonance (or oscil-
lation) wavelength. The use of UV-visible spectrophot-
ometer can measure the surface plasmon wavelength.
Particle size, shape, and nature of surrounding medium
can influence this oscillation wavelength (32). The obser-
vation of surface plasmon effects by these parameters is
only measured in nanometer-sized gold colloids and not in
bulk or individual atoms (or small clusters of atoms). The
reason is that the nanoparticles have a very high surface-
to-volume ratio, which plays a major role in generating
surface plasmons. Any changes in the surface plasmon are
essentially magnified.

In 1908, Mie theoretically modeled the surface plasmon
absorption by using Maxwell’s equations (33). His theory
describes the relationship between a metal nanoparticle
with a certain dielectric function and an electromagnetic
field. According to Mie’s theory, extinction cross section,
sext, of nanoparticles in a diluted solution can be written
as:

sext¼
9Vem3=2o

c
:

oe00ðoÞ

½e0ðoÞþ 2em�2þ e00ðoÞ2
; ð1Þ

where V is the particle volume, c is the velocity of light, o
is the angular frequency of the incident light, and em is the
frequency-dependent dielectric function of the surround-
ing medium. Real and imaginary part of the complex
dielectric function of the nanoparticle material considered
are e0ðoÞ and e00 oð Þ, respectively. This theory is valid for
particles with dimensions smaller than the wavelength of
the interaction radiation. If e00 is small or weakly depen-
dent on o, the approximate resonant condition is
e0ðoÞ¼ � 2em. The importance of Mie’s theory is that it
only requires dielectric constant of the metal in order to
calculate the absorption spectrum of the particle. In order
to derive dielectric functions for metallic nanoparticles,
the equations used for bulk materials can be used with
corrections included for the effect of the small particle size:

e0ðoÞ¼ eð1Þ �
o2

p

o2þ gðo;RÞ2
; ð2Þ

e00ðoÞ ¼
o2

pgðo;RÞ

o½o2þ gðo;RÞ2�
; ð3Þ

where eð1Þ is the high-frequency contribution of the di-
electric function of the bulk. The plasma frequency of the
electrons, op, depend on the electron density ne and
effective mass of electrons meff. Damping constant, g0, of
the bulk material is modified to g¼ g0þ vf =R in order to
account for the effect of small particle size. vf is the
electron velocity at the Fermi surface.

Figure 2 illustrates experimental surface plasmon ab-
soption spectra corresponding to colloidal gold nanoparti-
cles of different sizes (31). Surface plasmon resonance
wavelength shifts to a longer wavelength as the size of
the colloid gets bigger. The red shift of the plasmon
resonance is in accordance with Mie’s theory. The broad-
ening of the absorption spectrum as the size of the particle
gets bigger is also observed and is also in agreement with
Mie’s theory. As the size of the particle increases, higher-
order terms need to be considered because light cannot
polarize the nanoparticles homogeneously and the restor-
ing force is less compared with small particles. The red
shift of the surface plasmon as the size of the particle
increases is also associated with the retardation effects
caused by inhomogeneous polarization. The broadening of
the plasmon absorption spectrum as the size of the
particle increases is a result of superposition of several
modes appearing at different wavelengths. The surface
plasmon absorption can be manipulated by particle ag-
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gregation. The color of the solution can change from red to
blue upon particle aggregation.

4. SURFACE MODIFICATION OF GOLD NANOPARTICLES
AND THEIR APPLICATIONS IN BIOLOGY AND MEDICINE

In the last ten years, the biomedical community has
exploited the tunable optical properties of gold nanopar-
ticles in many applications. Some of them include metal-
assisted catalysis, biosensors, molecular markers, biola-
beling, and drug delivery. As a first step, many research-
ers have been focused on the modification of the
nanoparticle’s surface chemistry so they can interface
with biological systems. Specifically, different biorecogni-
tion molecules, such as antibodies, oligonucleotides, or
peptides, are coated onto the surface of the gold colloids.
The biorecognition molecules add specificity to the gold
nanoparticle (for sensing or drug delivery applications).
Several methods exist to link biorecognition molecules
onto gold colloid. The first method is the adsorption of
the biorecognition molecule onto the surface of the gold
nanoparticles. The biorecognition molecule can adsorb
onto the surface via hydrophobic-hydrophobic interactions
and thiol-, amine-, and oxide-mediated binding. The sec-
ond method incorporates covalent conjugation, where the
surface of the gold nanoparticle is initially modified to
contain functional groups such as carboxylic acids and
amines. A catalyst is then added to the reaction mixture so
that the biomolecule can be directly linked to the gold
nanoparticle via covalent chemical bonding. However, this
method is much more complicated than the direct adsorp-
tion approach.

As adsorption is popular for linking biorecognition
molecules to gold surfaces, many studies have focused on
gold-to-organic molecule interactions. These studies
showed that thiol-mediated binding of ligands to the
gold particle surface is one of the strongest noncovalent-
binding interactions. However, amine groups can also bind
to the surface of gold nanoparticles fairly strongly (34). As

the optical properties of gold nanoparticles are dependent
on surface interactions, spectrophotometry is commonly
used to monitor the surface modifications.

Already, several clinical products are available for gold
nanoparticles in biosensing applications. For example,
gold nanoparticles (coated with biorecognition molecules)
are an important component of the over-the-counter preg-
nancy test. For biosensor applications, the overall design
of the gold nanoparticles is important. In a typical design,
the gold nanoparticle is coated with biorecognition mole-
cules (as discussed already). The function of the biorecog-
nition molecule is to direct the nanoparticles to the
molecule of interest while the electronic or color properties
of the nanoparticles are used to signify or detect that an
event has occurred. For example, gold nanoparticles con-
jugated to antibodies have provided excellent detection
qualities for cell labeling using electron microscopy and
optical microscopy (35). In this example, the antibody
directed the gold to specific receptors on the cell surface
and electron-densed gold nanoparticles are imaged by
electron microscopy. Why use gold nanoparticles in these
applications? As a probe for biosensing, these colloids can
overcome the disadvantages of radioactive labels as well
as fluorescence quenching associated with fluorescence
probes with reported detection sensitivity of femtomolar
(36). Finally, the gold probes are nontoxic and relatively
inexpensive to use. Ivan et al. have used surface plasmon
resonance absorption spectroscopy generated from anti-
body-conjugated gold colloids for diagnosis and investiga-
tion of cancer cells in vivo and in vitro (37).

Other examples of direct applications of gold nanopar-
ticles in biosensing are for genetic and protein detection.
Mirkin et al. exploited the surface plasmon shifts of the
gold colloids for genetic analysis (38). In their studies,
DNA hybridization mediates the surface plasmon absorp-
tion properties of gold nanoparticles. The gold nanoparti-
cles can be aggregated when oligonucleotide (which are on
the particle’s surface) recognizes a matching oligonucleo-
tide sequence (from a gene of interest). This matching
sequence acts as a molecular bridge to join the gold
nanoparticles (which causes the shift in solution color,
from red to blue). In Fig. 3 (38), we illustrate another use
of gold nanoparticles—a probe for detection of molecules
on surfaces. Gold nanoparticles coated with oligonucleo-
tide recognize specific genetic sequences on a glass surface
and stains the surface upon hybridization. Measurements
of the glass-absorption properties will indicate concentra-
tion. These examples depict how one can take advantage
of the photonics properties of the gold nanoparticles to
build biosensors.

Colloidal gold nanoparticles are also being developed as
a possible drug delivery system to fight cancer. For
example, anticancer protein, TNF (Tumor Necrosis Fac-
tor), can be placed on a gold particle surface using PEG
(polyethylene glycol) as a crosslinker. A colloidal gold
particle of 30nm size can carry 200–300 TNF molecules.
Once the particles pass into the tumor, the TNF is
released for biological activity. According to the research
carried out by scientists at CytImmune Sciences, Inc.,
these colloidal gold particles can deliver 10 times more
TNF to tumors than before. These particles are also good
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Figure 2. UV-vis absorption spectra of 9nm, 22nm, 48nm, and
99nm gold nanoparticles in water. All spectra are normalized at
their absorption maximum, which are 517nm, 521nm, 533nm,
and 575nm, respectively. This figure is reproduced with the
permission from the American Chemical Society (31).
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candidates for targeted thermal agents for use in drug
delivery and medical therapies.

Gold nanoshells have been used as a promising tool for
photothermal therapy of tumors. Their intense absorption
in the near-infrared (NIR) makes them ideal for imaging
and therapy because absorbance by tissue is minimum in
the NIR. West et al. have demonstrated the localized
photothermal destruction of carcinoma cells in vitro (39).
On laser exposure at 35W/cm2 for 7min, it was found that
the cells did not compromise cell viability [see Fig. 4 (a)]
even after exposure to NIR laser radiation, but all nano-
shell-treated samples underwent photothermal destruc-
tion within the laser spot [see Fig. 4 (b)] (39).

We have described only a couple of applications of gold
nanoparticles. However, we direct the interested reader to
some excellent review articles that provide a more exten-
sive list of gold nanoparticle applications (40,41).

5. CONCLUSIONS

Photonics is a very important area of research. In this
chapter, we described a specific area of photonics research,
that is, the development of colloidal gold nanoparticles.
Colloidal gold nanoparticle is commonly synthesized in
most research labs, and their optical properties are heav-
ily investigated. We focused on this particular material
because clinical products with gold nanoparticles are

X = A (complementary),
        G,C,T (mismatched)

(target DNA)1.

2.

Au

Au

Au
Au

Ag+

hydroquinone
(pH 3.8)

Ag(s)
quinone

Ag

Figure 3. Use of gold nanoparticle probes in
recognizing DNA segments immobilized on a
chip. This figure is reproduced with the permis-
sion from the AAAS (38).

Laser only Nanoshells + laser

(a) (b)

Figure 4. Gold nanoshells for therapeutic ap-
plications. (a) Cells irradiated in the absence of
gold nanoshells maintain both viability and
membrane integrity. (b) Cells irradiated with
nanoshells possess well-defined circular zones
of cell death. This figure is reproduced with the
permission from NAtional Academy of Science
(39).
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already in the market. As the field continues to evolve, we
will see more developments in biomedical engineering
applications.

Acknowledgments

We will like to thank Canadian Institute of Health Re-
search, Natural Sciences and Engineering Research
Council (NSERC), Canadian Foundation for Innovation,
Ontario Innovation Trust, and University of Toronto for
research support. D.B. would like to acknowledge NSERC
for fellowship.

BIBLIOGRAPHY

1. M. Faraday, Experimental relations of gold (and other metals)
to light. Phil. Trans. Roy. Soc. 1857; 147:145–181.
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1. INTRODUCTION

The past two decades (1985–2005) have seen explosive
growth worldwide in the physical, chemical, and biological
synthesis and study of a wide range of nanoscale building
blocks with unique properties that can be assembled into
so-called nanophase materials (211,213,209). These build-
ing blocks can exist in ‘‘zero’’ (clusters or nanoparticles),
one (nanotubes or nanorods), two (nanolayers), or three
(dendrimers or aggregates) dimensions. Each, by defini-
tion, has at least one of their dimensions less than about
100 nm, and in some cases (clusters, nanoparticles) all
dimensions can be this small. Frequently, these nanoscale
entities, owing to their unique characteristics, could be
used directly in biomedical applications. Most others,
however, need to become the constituents of hierarchical
assemblies (materials, devices) for such applications.
Great strides are now being made worldwide in our ability
to assemble nanoscale building blocks to create advanced
materials and devices with novel properties and function-
alities (100,79,212,101).

The novel properties of nanophase materials are derived
from the confined sizes and/or the very large surface-to-
volume ratios of the objects themselves or their nanoscale
constituents. The former (confined sizes) give rise to unique
size-dependent properties in the nanoscale (1–100 nm)
regime, while the latter (large surface-to-volume ratios)
also give rise to the ability of nanoscale additions to
conventional material matrices, such as polymers or cera-
mics, to dramatically change the host material’s properties.

Confinement or size effects are general and affect any
and all material properties when the size of the piece of
material becomes small enough (usually below 100 nm)
that a critical length scale associated with and controlling
a given property is impacted. For a simple example, when
nanoparticles become smaller than about a quarter of the
wavelength of visible light, they no longer scatter the
visible light effectively and they become essentially trans-
parent. However, if their size is nevertheless larger than
that required to strongly scatter ultraviolet (UV) light,
they can then be a very efficient and commercially useful
transparent UV-blocking agent or ‘‘sunscreen’’ when dis-
persed in an appropriate medium. Another example is the
quantum confinement exhibited by nanoparticles of a
number of wide band-gap semiconductors, whose optical
absorption edges (the maximum wavelengths at which
they absorb optical radiation) are shifted to lower wave-
lengths as their size is reduced below a few nanometers
(216). As such, their observed color changes (particularly
brilliantly under fluorescent conditions) with changing
size in this nanoscale regime. Such ‘‘quantum dots’’ are

beginning to find a number of applications in the biome-
dical arena from diagnostics to therapy delivery. A third
example can be found in the area of mechanical behavior.
Metals are normally rather ductile and easily deformed
due to the largely nondirectional bonding among their
constituent atoms and the presence of linear defects called
dislocations that through their motion under an applied
stress effect deformation. However, when a metal is re-
duced in size below about 50 nm it becomes increasingly
harder and more difficult to deform as its size is even
further reduced (165,210). The reasons are that disloca-
tions, with their associated long-range strain fields, be-
come increasingly unstable in these very small systems
and the normal ability in metals to generate new addi-
tional dislocations under applied stress becomes ever more
untenable with decreasing particle size. On the other
hand, ceramics, which are normally very brittle, become
increasingly ductile and more easily deformed as their
constituent grains are reduced in size well below 100 nm
(148).

The increasingly large surface-to-volume ratios and
hence, specific surface areas, of nanoscale building blocks
as they are reduced in size below about 100 nm affect both
their intrinsic properties and their sometimes dramatic
influence on the properties of the media in which they are
dispersed. An example of the first is the observed increas-
ingly strong melting temperature suppression (by up to
hundreds of degrees) in nanoparticles as they are reduced
in size below about 20 nm and increasing fractions of their
constituent atoms reside in surface states (25). Many
examples of the second can be found in the recent research
literature on polymer nanocomposites, in which small
(often less than a few percent) additions of well-dispersed
nanoparticles or nanotubes can effect rather large, and
often quite dramatic, changes in the bulk structure and
properties of the filled polymer (2). One such example is
the observed change from the normally very brittle me-
chanical behavior of neat poly(methyl methacrylate) or
PMMA to the very ductile behavior of PMMA filled with
about 5 weight %, 38-nm diameter, well-dispersed alu-
mina nanoparticles due to their suppression via void
formation of the normal crazing found in neat PMMA
that leads to brittle fracture (5). On the other hand,
nanoparticles normally impart considerably greater
strength, and scratch and wear resistance, as well as
novel optical and electrical behavior, to polymers in which
they are dispersed. The ability to thus tailor the properties
of nanophase materials will undoubtedly contribute sig-
nificantly to such areas as tissue engineering and regen-
erative medicine in the coming years. An additional
advantage to nanophase materials constituted from or
with nanoscale building blocks in these areas of biomedi-
cal engineering will come from the nanoscale features on
their surfaces.

Nanostructured surfaces, as shown in Fig. 1 (either
surfaces on nanophase materials or materials with nanos-
cale features), have been shown in recent years to elicit
more favorable and selective biomolecule and cellular
responses than surfaces at coarser length scales. In the
case of nanophase ceramics and osteoblasts, for example,
the benefit results from protein (vitronectin) unfolding at
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the nanostructured surface features. More recently, in
order to elucidate the fundamental bases for changes of
protein conformation and function on nanostructured
ceramic surfaces, and hence select cellular responses, a
number of model experiments have been carried out.

For many cell types, anchorage is a vital prerequisite
for continuation of the cellular life cycle and critical
processes, such as migration, production of extracellular
matrix components, or proliferation (63,145,266). The
reactions of cells to a surface vary for different mamma-
lian cell types; however, the same underlying mechanisms
of cell–surface interactions apply to most cell types. At the
cellular level, being within the characteristic dimension of
1 to 20 microns, a cell must come into close contact with a
surface before further interactions can occur. Concurrent
to cells coming in contact with a surface, at the molecular
level (generally 1 to 100 nm in dimension) proteins are
adsorbing, desorbing, diffusing, and potentially changing
conformation on the surface. Once a cell contacts a sur-
face, interactions between the cell and proteins take place
at the molecular level, some 1,000 to 5,000 times smaller
than the cell itself. These interactions that occur at the
size scale of proteins are often manifested at the cellular
level through changes in cell behavior.

The ability of nanostructured materials to elicit cell
type-specific behavior has been attributed to alteration of
protein structure upon adsorption to the material surface.
Undoubtedly, proteins that adsorb to a material surface
play a critical role by mediating subsequent cell interac-
tions with the surface. However, the specific mechanisms
detailing how proteins and cells are altered by nanophase
materials, strictly by the size of surface features, has yet
to be fully elucidated. One recent thrust within the
biomaterials field has been to investigate the behavior of
differing cell types cultured on nanostructured materials.
In the past several years, a great deal of research has been
conducted in this area and has clearly illustrated that
various cell types react differently to nanostructured
surfaces than they do to microstructures or flat formula-
tions of the same material. As such, much current re-
search within the biomaterials field is focused on
understanding how selective and directed modulation of

cellular-level behavior, mediated by proteins at the mate-
rial surface, is achieved by nanophase materials. Table 1
outlines the specific cell lines, material types, and refer-
ences to prominent publications dealing with cell–mate-
rial interactions in the nanophase regime for those
interested in additional breadth and depth.

2. CELL–PROTEIN INTERACTIONS

Much of the current understanding of cell–protein inter-
actions stem from the natural in vivo environment within
a tissue, which is characterized by the spatial juxtaposi-
tion of cells and related extracellular matrix (ECM) and/or
the specialized structure called a basement membrane.
The ECM is made up of multifunctional collagenous
proteins, noncollagenous proteins, and polysaccharides
(secreted and organized by surrounding cells), which serve
as a support structure for the cells within a tissue
(29,73,195,239). The basement membrane and ECM are
constituted by similar molecules, are not necessarily
smooth on a submicrometer scale, and can possess nanos-
cale pores and fibrils (93,95,226). The same proteins that
constitute the ECM and basement membrane are found in
the serum used to supplement cell culture media for in
vitro experiments (251,276).

The ECM is a dynamic structure that also encases
growth factors and acts as a functional locale for attach-
ment of anchorage dependent cells. One mechanism that
cells utilize to attach to proteins of the ECM is via
transmembrane receptors, called integrins. The integrins
recognize and bind specific ligands (peptide combinations,
for example, Arginine-Glycine-Aspartic Acid - RGD) found
within many ECM proteins. For examples, the proteins
fibronectin and vitronectin each contain the RGD se-
quence and are two major mediators of cell attachment
to surfaces (180,110). Integrin–ligand interactions provide
physical support for cells, permit the generation of trac-
tion forces to enable movement, and organize intracellular
signaling proteins that control subsequent cell growth,
differentiation, and survival (6,63,114,145,158,197,272).

30,000 Magnification 2 µm 500 nm

(a) (b) (c)

Figure 1. Nanostructured surfaces: (a) ‘‘Actual Surface’’ – scanning electron micrograph (SEM) of
nanophase sintered hydroxyapatite; (b) ‘‘Model Surface’’ – SEM of silica-nanoparticle decorated Si-
oxide surface; and (c) ‘‘Schematic Surface’’ – model of (b). (This figure is available in full color at
http://www.mrw.interscience.wiley.com/ebe.)
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The development of cellular adhesion to a surface
through interaction with adsorbed proteins is an intricate
and dynamic process. The cell integrins bind to ligands in
extracellular matrix proteins, and upon binding produce a
signaling cascade within the cell (113). More integrins are
recruited to the area of the adhesion and remodeling of the
actin cytoskeleton occurs. This process leads to the forma-
tion of small focal complexes (250 to 500 nm in size), which
grow in size and ultimately mature into focal adhesions
greater than 1 micron in extent (63,74,145,19,226,72). The

focal adhesion formation process is illustrated schemati-
cally in Fig. 2.

Focal complexes and focal adhesions are dynamic
structures involving different intracellular signaling pro-
teins, transmembrane integrins, and extracellular pro-
teins as the structures mature (1,19,239). Focal
complexes and adhesions are the areas of closest approach
between the cell membrane and the surface (10 to 15 nm)
and form structural links between the ECM and the cell
cytoskeleton (139,235,275). Vitronectin and fibronectin
are two specific extracellular matrix proteins that have

Table 1. Compilation of Reports Found in the Literature for Various Cell Types Interacting with the Various
Nanostructured Materials Listed

Cell type Material References

Astrocytes (Glial
Cells)

Composites (149,261)

Polymers (40,281)
Silicon (232–234)

Neurons Composites (261)
Carbon Nanotubes (147)
Ceramics (46–48,105,136)
Glass (219)
Polymers (191,194,201)
Quantum Dots (268)
Quartz (107,163,188,189)
Silicon (12,13,87)

Fibroblasts Carbon Fibers (181)
Composites (150,156,183,261)
Ceramics (17,30,47,75,96,136,150,162,166,168,206,242,251,260)
Glass (219,269)
Polymers (18,42,44,49–52,56–60,62,67,68,70,92,151,154,155,157,169,181,215,236,241–244,254)
Quartz (16,61,78)
Silicon (8,69,152)

Osteoblasts Carbon Fiber (82,181)
Composites (76,89,126,130,143,150,183,199,261,278)
Ceramics (4,20,22,33,35,64,75,86,94,99,112,121,123,129,131,132,137,140,179,182,222,224,229,248–

253,255–260,273,274,283)
Polymers (28,77,81,146,181,245,247)
Silicon (8)

Chondrocytes Carbon Fibers (181)
Composites (183,200)
Polymers (126,171,181)

Smooth Muscle Cells Carbon Fibers (181)
Composites (183)
Polymers (153,173,181,227,228)

Endothelial Cells Ceramics (167,251)
Polymers (34,42,54,111,118,153)
Quartz (188)

Epithelial Cells Ceramics (3,206)
Composites (156)
Polymers (3,169)
Silicon (125,226)

Stem Cells Ceramics (31,75,160,161)
Polymers (77)

Other Cell Types Ceramics (35,223,269–271)
Composites (143,156)
Polymers (27,111,154,155,264)
Quartz (23,37,263)
Silicon (13, 152)

Related review
publications

(36,39,43,45,49,110,207,214,263)
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been documented as participating in the formation of focal
contact sites in several cell types (30,159). Because focal
complexes and adhesions are loci for integrins and small
intracellular proteins involved in signal transduction
pathways, their formation and development are integral
for subsequent cell processes.

3. CELL–PROTEIN–MATERIAL INTERACTIONS

Studies of cells interacting with engineered surface fea-
tures illustrate a connection between material surface
features and cell behavior, specifically the processes of
adhesion, cytoskeletal arrangement, gene regulation, and
proliferation. These processes are all known to be modu-
lated by integrin-mediated signaling pathways
(15,38,158). Through these integrin-mediated functions,
cells can act as probes for proteins on a material surface.

Many hypotheses have been proposed to explain the
mechanisms controlling cell behavior on topographic fea-
tures including increased protein adsorption, selective
deposition of proteins at surface discontinuities, and con-
formational changes in adsorbed proteins
(3,43,70,208,256,266). The protein-mediated adhesion of
cells to a surface is a complex process involving interac-
tions between the proteins and the surface, as well as
between integrins of the cells and adsorbed proteins. The
type, amount, and conformation of adsorbed proteins may
play a large role in the latter interactions, possibly pre-
senting or hiding ligands involved in the binding of cell
membrane integrins to extracellular matrix adhesive
proteins. Graphically, these hypotheses are illustrated in
Fig. 3, where different-size nanostructures modulate pro-
tein adsorption and conformation, which subsequently
affect the behavior of cells. In the cases depicted, smaller
nanostructures increase the adsorption of adhesive pro-

teins and alter their conformation, resulting in enhanced
cell adhesion.

Studies have been conducted in attempts to verify some
of the above hypotheses on corrugated surfaces. It was
determined that preferential adsorption of proteins to
‘‘sharp’’ discontinuities may not be a requisite for contact
alignment, as evidenced by cell alignment on ‘‘wavy’’
substrates without sharp corners (118). One study found
that fibronectin adsorption was twofold greater on corru-
gations compared to flat substrates (30). Fibronectin and
vitronectin have been implicated as having roles in cell
alignment because neutrophils and keratinocytes did not
react to corrugations, while fibroblasts and monocytes did
(152). The main difference between the two groups of cells
(neutrophils and keratinocytes versus fibroblasts and
monocytes) is that fibroblasts and monocytes express
integrins for fibronectin while the other cell types do
not. Also, vitronectin receptors within cells have been
observed to localize at corrugation edges, where the cells
are in closest contact with the substrate (269).

Proteins present in in vitro culture media were found to
play a major role in cell attachment to nanophase ceramic
surfaces, with cell attachment being greatly reduced in
the absence of serum (the protein-containing medium
supplement). Further study showed that protein adsorp-
tion from the culture medium increased as grain size
decreased, and that vitronectin in particular followed
this trend on alumina (251). The possible mechanism(s)
underlying enhanced adhesion of osteoblasts to nano-
phase alumina mediated by vitronectin were further
clarified with surface-enhanced Raman spectroscopy stu-
dies that showed possible changes in the conformation of
vitronectin adsorbed on nanophase alumina (256). Alter-
natively, fibronectin (rather than vitronectin) may be
driving osteoblast adhesion to nanoporous alumina sub-
strates (123).

Figure 2. Schematic representation illustating protein-mediated cell attachment via integrin
receptors at a focal adhesion site. (This figure is available in full color at http://www.mrw.inters-
cience.wiley.com/ebe.)
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4. PROTEIN–MATERIAL INTERACTIONS

Information gathered during studies of adsorbed proteins
and molecules on nanostructures reveals that protein
adsorption to surfaces may depend upon properties such
as hydrophobicity and surface charge, and/or be entropi-
cally driven (68,141,124). It has been suggested that
adsorbed molecules adopt conformations that are structu-
rally and thermodynamically distinct from both the native
and fully unfolded states (225). Recently, Vertegel et al.
(2004) (238) have demonstrated that the protein lysozyme
changes its structure (conformation) and enzymatic activ-
ity in a monotonic manner when observed in solution and
adsorbed on 4-, 20-, or 100-nm silica nanoparticles. Cir-
cular dichroism showed lysozyme’s decreasing a helicity
with increasing particle size in parallel with its decreased
activity. Also, Strehle et al. (2004) (221) have discussed the
importance of protein secondary structure on adsorption,
pointing out that b sheet structures have 50% of the side-
chains pointing in the same direction, while a helix
structures have less than 25%. They consequently con-
cluded that for protein adsorption processes, it may be
preferable if the protein exhibits a b sheet rather than an a
helix structure.

An atomic force microscopy (AFM) study of vitronectin
adsorption to mica and titanium surfaces found that
vitronectin adsorbed in aggregates and formed an ex-
tended ellipsoid shape (280). This same study also found
that the first vitronectin molecules to adsorb adopted an
extended configuration and as adsorption time increased,
additional molecules adsorbed on top of the primary
molecules forming clusters in extended chains that com-
pletely covered the surface. Also, the extension of the
vitronectin molecules seemed to be greater on the tita-
nium surface, compared to flat mica, possibly due to the
greater surface roughness. A similar AFM study of col-
lagen adsorption onto chemically defined substrates with
surface nodules, found that similar amounts of collagen
adsorbed onto flat and nodular surfaces, larger amounts of
collagen adsorbed onto hydrophobic surfaces, and film

morphology depended upon the substratum topography
(71). Furthermore, this study showed that collagen formed
elongated supramolecular assemblages on smooth sur-
faces, but not on a nodular surface; significant changes
in the adsorbed protein layer, specifically compaction of
the proteins and changes in roughness, were also demon-
strated using AFM.

Fibronectin has been extensively studied because it is
described as a prototypical cell adhesion protein, it is
present in the ECM, and it possesses the RGD sequence
known to bind to many integrins (119). Several studies
using antibodies for fibronectin segments have investi-
gated how fibronectin conformation may be affected by
substrate chemistry (90,119,91,134,218,127,128). It has
also been postulated that on hydrophilic surfaces the
surface–fibronectin attraction may allow a large degree
of structural relaxation from the random attachment
configuration, and thus result in a thinner and more
compact adsorbed layer (144). Through AFM imaging, it
has been shown that on hydrophilic surfaces, such as silica
and mica, adsorbed fibronectin molecules assume a more
extended shape than on hydrophobic surfaces, where they
remained more compact (14). The compact form of fibro-
nectin may inhibit interaction with integrins by not
allowing access to the hidden cell-binding peptide se-
quences (120). Upon adsorption of fibronectin to a surface,
it has been reported that the secondary structure of the
molecule is altered; specifically, the ratio of b sheet
structure to turn structure increased with adsorption
time and exhibited a stronger effect on hydrophilic than
on hydrophobic surfaces (205). Collectively, these studies
show that surface chemistry may alter the conformation of
fibronectin, especially peptides surrounding the RGD site
that modulate the binding of integrins, and thus affect cell
adhesion and subsequent processes.

All of the studies of adsorbed molecules and proteins
suggest that surface properties affect protein adsorption
and conformation through a combination of chemical,
electrostatic, van der Waals, and surface energy forces.
These forces can also be influenced by the presence of

Figure 3. Schematic representations demon-
strating the alternative modulatin of protein
(green) conformation, and hence different ex-
tents of cell (yellow) adhesion, by surfaces
exhibiting different-size nanostructured fea-
tures. (This figure is available in full color at
http://www.mrw.interscience.wiley.com/ebe.)
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nanoscale surface features. The significance of this is
apparent in biomaterials research because cell adhesion
to biomaterials is predominantly mediated by an adsorbed
protein layer, a layer directly influenced by the underlying
surface (240). Changes in the amount and/or conformation
of proteins within the adsorbed layer are transmitted by
integrin-mediated pathways and displayed as changes in
cell behavior. Indeed, subtle changes in adsorbed proteins
may become apparent (or amplified) on nanoscale features
due to the fact that chemical cues seem to override
topographical cues for feature sizes below 500 nm (23),
possibly leading to the observed cell type-specific re-
sponses to nanoscale features. Therefore, cell behaviors
can act as a probe for changes in adsorbed proteins that
result from changes in surface features.

To date, the events at the molecular level, specifically
those affecting protein adsorption and conformation beha-
viors, are the subject of intense investigation. These
events are the processes that modulate cell behavior
and, hence, control the fate of cells interacting with
materials.

5. PROTEIN AND CELL INTERACTIONS WITH MODEL
NANOPHASE SURFACES

Motivated to elucidate the protein-related mechanism(s)
occurring at a material surface that affect cell functions,
recent research in our laboratory (9) utilized in vitro
mammalian cell models to assess the capability of silica
nanoparticle-decorated surfaces to modulate select cell
functions through analysis of the role of adsorbed protein
quantity, type, location, and conformation as effected by
substrate surface coverage by nanoparticles and nanopar-
ticle diameter.

Silica nanoparticle-decorated native oxide-coated sili-
con surfaces were designed and fabricated with specifi-
cally sized nanoscale surface features, with controllable
surface coverage by features, and a consistent chemistry
for all substrates. Examples are shown in Fig. 4. These
well-controlled nanoparticle-decorated surfaces were uti-
lized to elucidate the mechanisms behind cell type-specific
and size-selective responses of mammalian cells to nanos-
tructured materials. Silica particles of 4-, 20-, or 100-nm
diameters were distributed onto flat native-oxide coated
silicon substrates in the range of 0 to 100% coverage by
particles. The materials formulated and fabricated for this
study provided a controlled and characterized set of sub-
strates necessary for investigation of the effects of nanos-
cale features on the adsorption and conformation of
proteins, and subsequent functions of mammalian cells
that are critical to the clinical efficacy of biomaterials.

The nanoparticle-decorated surfaces were utilized to
examine and compare osteoblast and fibroblast adhesion
to substrates with a range of surface coverage by 4-, 20-, or
100-nm particles. The size of nanoscale surface features
constituted by silica nanoparticles on native oxide-coated
silicon pieces affected the adhesion of rat calvarial osteo-
blasts and rat skin fibroblasts differently. Specifically,
enhanced adhesion of osteoblasts was evoked by nanopar-
ticle-decorated surfaces, at 80% surface coverage by par-

ticles, with either 4- or 20-nm diameter particles relative
to osteoblast adhesion on surfaces with 100-nm particles.
Alternatively, enhanced fibroblast adhesion was observed
on surfaces with 100-nm particles relative to surfaces with
4- or 20-nm particles, on surfaces 80% covered by particles
of a specific size. This study showed that a threshold
density of greater than 55% nanoscale surface features
is necessary to elicit size-selective, and cell type-specific,
adhesion from osteoblasts and fibroblasts.

The effect of nanoparticle diameter and substrate sur-
face coverage on the distribution and quantity of adsorbed
bioactive adhesive proteins (specifically, fibronectin and
vitronectin), which are pertinent to cell adhesion, and
subsequent osteoblast adhesion in serum-free media,
were also examined. Adsorption of fibronectin and vitro-
nectin onto native oxide-coated silicon surfaces decorated
with 4-, 20-, or 100-nm diameter silica particles at 25, 45,
or 80% surface coverage was quantified and examined by
scanning electron microscopy. Protein adsorption in-
creased with increased particle diameter on surfaces
80% covered by particles, and adsorption location was
observed to be random on each surface investigated.

The conformation of the biologically adhesive proteins
in the presence of nanoparticles of 4-, 20-, or 100-nm
diameters was investigated using circular dichroism spec-
troscopy to understand the effect of nanoparticle diameter
on adsorbed protein structure. Circular dichroism pro-
vided evidence that the secondary structures of fibronectin
in the presence of either 4- or 20-nm diameter particles
were similar, but fibronectin exhibited decreased b sheet
content and increased unordered structure in the pre-
sence of 100-nm particles. The secondary structure of
vitronectin in the presence of 4-, 20-, or 100-nm diameter
silica particles exhibited similar levels of structure loss for
all particle sizes. The alteration of fibronectin and vitro-
nectin secondary structure by different silica nanoparticle
diameters was the direct cause for modulated osteoblast
adhesion (in serum-free media) to surfaces decorated with
either 4-, 20-, or 100-nm diameter particles on which
either fibronectin or vitronectin had been preadsorbed.
Specifically, the number of osteoblasts adhered (in serum-
free media) to surfaces decorated with either 4- or 20-nm
diameter particles was enhanced, relative to adhesion to
surfaces with 100-nm particles, on surfaces with pread-
sorbed fibronectin, but such enhancement was not ob-
served on similar surfaces with preadsorbed vitronectin.

The control of nanoscale surface feature size (and size
distribution), uniformity, and substrate surface coverage
by nanoscale features provided insight into the necessity
of controlling these substrate properties to elicit desired
responses from proteins and cells. The knowledge gained
though this study will provide critical design information
for implantable materials and devices with well-charac-
terized nanostructured surfaces tailored to direct specific
protein interactions and to subsequently elicit selective
and desired responses from surrounding proteins, cells,
and tissues in vivo.
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6. MEDIATION OF CELLULAR FUNCTIONS BY
NANOPHASE MATERIALS

The tendency of cells to align themselves with respect to
surface features has been well-known since the early
1900s when Harrison first reported the alignment of cells
grown on a spider web parallel to the individual strands
(106). Extensive work has been performed in the interim,
with such ‘‘contact guidance’’ (or contact alignment) being
displayed for a wide array of surfaces and cellular lineages
with features ranging in size from several microns to only
a few nanometers (43,37,36,189,10).

In vitro biomaterials research has explored the func-
tions of specific mammalian cell types interacting with
nanoscale features on many different materials. Cells from
primary isolations, immortalized lines, and cancerous
tumors (each from many different species) have been
used in these studies. Specific cell types that have been
utilized include astrocytes (glial cells), neurons, smooth
muscle cells, endothelial cells, fibroblasts, osteoblasts,
chondrocytes, epithelial cells, and, more recently, stem
cells. These studies typically focus on the modulation of
cellular functions such as adhesion, proliferation, differ-
entiation, protein production, or other cell type-specific
processes. The following sections provide a general over-
view of cell-nanophase material interactions by detailing
recent investigations into the response of fibroblasts,
osteoblasts, and mesenchymal stem cells to nanophase
materials.

The reactions of a single cell type are not necessarily
similar when interacting with different classes of materi-
als, especially materials with nanoscale features. Further-
more, a single cell type can exhibit very different behavior
on a specific material when different formulations of that
material possess nanoscale features of varying size.

The nanoscale features that have been imparted to
materials can be generalized in two categories: (1) corru-
gations, and (2) nodules. When classified for the current
overview, in general, corrugated surface features were
those that demonstrated extension in one dimension and
usually repetition in a perpendicular direction (for exam-

ple, repeating aligned grooves) or were isolated singula-
rities extending in one dimension (for example, a single
scratch). The nodular surface feature category encom-
passes forms that may possess order (for example, pillars
of defined width and/or separation in two dimensions) or
may be randomly distributed (for example, compacted
particles, material grains, or fibers), but which generally
exhibited punctuate features.

7. CELL REACTIONS TO CORRUGATED SURFACES

When studying the reaction of cells to corrugated surfaces,
researchers generally investigated cell behavior centering
around contact alignment and were not usually focused on
how the material itself may be influencing cell behavior
(214). Contact alignment is a phenomenon, generally
independent of cell phenotype, wherein cells tend to
elongate or align along the direction of corrugations in a
surface, though some instances of perpendicular contact
alignment have been observed (163,189,190). Often, the
corrugation dimensions in contact alignment studies were
greater than 1 micron in width and intercorrugation
separation depths ranged from the nanoscale to many
microns. Contact alignment has been investigated on
features within or close to the nanoscale for multiple
grooves (37,226), single scratches (219), and cliffs (42).
From corrugated surface studies, it has been estimated
that cells can sense and react to topographic features as
small as 5 to 10 nm (23,247). The foci of many corrugated
surface studies, in relation to corrugation feature dimen-
sions (such as corrugation height, width, and separation),
were cell body alignment and positioning of the cells’
cytoskeletal elements relative to the substrate features.
In general, when the corrugation spacing was greater
than 2 microns and depth was less than several microns,
cells could enter the space between the corrugations while
maintaining contact alignment. When the corrugation
separation was less than 2 microns and the depth was
greater than about 500 nm, cells would ‘‘ridge walk,’’ or
only contact the tops of corrugations (241–243). Changes

Figure 4. Scanning electron micrographs (SEMs) and their schematic representations detailing
different coverages of silica-nanopartiles on native Si-oxide surfaces. Scale bar¼100 nm. (This
figure is available in full color at http://www.mrw.interscience.wiley.com/ebe.)
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in cytoskeletal actin and microtubules were observed,
generally showing enhanced alignment along corruga-
tions, consistent with a corrugation-aligned cell body
(166,168,270,271). It was observed that corrugated sub-
strates enhanced cellular adhesion compared to flat sur-
faces, though the process seemed to take longer on
microscale features (243) compared to nanoscale features
(42). Corrugated topography also affected cells on the
genetic level, yielding increases for genes involved with
the cytoskeleton, extracellular matrix production, and cell
signaling after one day of culture; these events were then
followed by a decrease of the same genes after 5 days of
culture (243).

The molecular mechanism(s) underlying contact align-
ment and ridge walking remain unclear. However, several
hypotheses have been proposed: (1) chemical differences at
the bottom of troughs, resulting from processing methods
may have inhibited cells from attaching in those areas
leading to selective cellular attachment along ridge tops,
and to cell body alignment (77); (2) contact alignment from
cells’ attempting to minimize distortion in their cytoske-
leton (166); or (3) the amount and composition of proteins
secreted by cells on patterned surfaces that may be
different from those produced by cells on flat surfaces,
which may likewise alter protein-mediated cell functions
(69).

8. CELL RESPONSE TO NODULAR SURFACES

The functions of interest for cells interacting with nodular
surfaces often include adhesion, organization of the cytos-
keleton, proliferation, differentiation, and gene expres-
sion/protein production. Much of the data on nodular
surfaces, in contrast to that for corrugated features,
show cell-type specific responses that are linked to the
substrate material chemistry and/or the size of features on
the substrate surface. The sizes of features investigated in
these studies involve at least one feature dimension less
than 100 nm.The specific nanoscale dimensions can in-
clude average grain size, feature height, surface rough-
ness, or diameter for particles and fibers. Figure 5 shows
examples of the surface features present on ceramic
materials that are similar to those materials investigated
in other nodular surface studies.

9. OSTEOBLAST BEHAVIOR ON NANOPHASE MATERIALS

In vivo osteoblasts participate in the homeostasis of bone,
specifically in the function of new bone production. There-
fore, researchers have sought ways to enhance the inter-
actions of osteoblasts and implanted materials to
encourage new bone formation and incorporation of the
implant. For this reason, osteoblasts’ reactions to many
material systems pertinent to orthopedic and dental im-
plants, usually ceramic materials or porous polymeric
materials with or without a filler, have been investigated
in vitro. Osteoblasts have largely shown a preference for
material formulations that possess nanoscale features, as
compared to materials with larger size features, regard-
less of chemistry (257–260,248,9), although exceptions

(likely due to modified protein adsorption) have been
observed (75). Within a given ceramic material (for exam-
ple, alumina, titania, or hydroxyapatite), osteoblast adhe-
sion was enhanced as the nanoscale grain size decreased
(257,258,260), increasing by as much as 65% when the
grain size of alumina substrates was reduced from 167 nm
to 20 nm (258). Further, this work suggested that there
may be a threshold below which the ceramic grain size
must be decreased in order for these size-specific re-
sponses to occur — between 49 and 67 nm for alumina
and between 32 and 56 nm for titania. Enhanced osteo-
blast adhesion has also been shown on nanoscale alumina
fibers, compared to alumina nanoparticles (182,253).
These size-specific responses are not limited to adhesion,
however, with osteoblast proliferation, differentiation, and
mineralization of the extracellular matrix also being
upregulated on nanophase ceramics as the grain size
decreases (250,251).

The results for interactions of osteoblasts with nano-
phase ceramic materials extend beyond that material
class and reveal a seemingly ubiquitous osteoblast re-
sponse to nanoscale features regardless of the material
chemistry. Specifically, enhanced osteoblast adhesion and/
or proliferation has been demonstrated on ceramic nano-
particle-filled polymers (76,150), polymers with nanoscale
surface features (126,181), carbon fibers with nanoscale
diameters (82), and nanoscale carbon fiber-filled polymers
(183,261).

Minimal work has also been performed investigating
osteoclasts cultured on nanophase biomaterials and has
indicated that as the grain size of ceramics is reduced,
osteoclast production of resorption pits and tartrate-resis-
tant acid phosphatase is enhanced (252,256,260). Clearly,
more research is needed to confirm these findings; how-
ever, they are in good agreement with the upregulation in
cellular functions with decreasing grain size observed for
osteoblasts and suggest that nanophase ceramics may be
ideal biomaterials for bone repair or replacement.

10. FIBROBLAST INTERACTION WITH NANOPHASE
MATERIALS

Fibroblasts are responsible for the production of soft
tissue in vivo, including involvement in the fibrous en-
capsulation of implanted materials. Fibrous encapsulation
serves to protect the body from potentially harmful foreign
bodies (for example, an implanted material). However,
most implants rely on favorable incorporation into the
surrounding tissue to function properly. Thus, it is desir-
able for fibroblast cell interactions to be minimized for
many in vivo applications. Data available for fibroblast
interactions with different material formulations show
somewhat less consistent trends compared to osteoblast
results. Fibroblasts have demonstrated decreased adhe-
sion and proliferation on nanoscale features, compared to
larger features on alumina (251,260,75,9). However, fibro-
blasts have also demonstrated increased adhesion with
decreasing nanoscale grain size for titanium nitride (47).
These two results seemingly conflict, though the studies
show a consistent increase in fibroblast adhesion with
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decreasing average surface roughness. When cultured on
carbon nanofibers, fibroblasts showed enhanced adhesion
(for similarly sized nanoscale diameters) on lower surface
energy carbon fibers, though it should be noted that the
surface chemistry of low-energy fibers was different from
high-energy fibers (183). Figure 6 shows an example from
our laboratory of the morphology of fibroblasts adherent
on such a carbon nanotube surface. Size-independent
fibroblast adhesion was observed on pyrolitically coated
carbon nanofiber compacts, but fibroblast adhesion in-
creased for smaller nanofiber diameters on nonpyroliti-
cally coated compacts (181). Fibroblasts also exhibited
decreased adhesion on carbon nanofiber-filled polymers
with increasing amounts of carbon nanofibers, compared
to the neat polymer (183,261). Quantitative adhesion data
for fibroblasts on neat polymers with nanoscale features,
compared to flat surfaces, have demonstrated reduced
adhesion (44,181). Fibroblasts cultured on nanophase
alumina, titania, and hydroxyapatite composites with
either poly(L-lactic acid) or poly(methyl methacrylate)
indicated no difference in adhesion when compared to
composites prepared using micron-size ceramics for cera-
mic loadings of less than 40%, although as the ceramic
loading approached 50% a reduced level of adhesion was
observed on the nanophase composites (150). Qualitative
data for fibroblast morphology consistently demonstrated
morphological alterations for cells interacting with nanos-
cale features. On 100-nm diameter by 160-nm-high fea-
tures etched in poly(methyl methacrylate), fibroblasts
exhibited ridge walking behavior, with similar levels of
adhesion, but were much less spread with less developed
cytoskeletal components and smaller focal contacts than
on flat controls (60). Further studies revealed fibroblasts
had increased numbers of filopodia, indicating the cells
were probing the surface, and in some cases individual
fibroblasts were trying to endocytose the features after 4
days of culture (53,59).

A large amount of information exists about fibroblasts’
reactions to demixed copolymers. In these copolymer
systems, islands are formed when the different polymers
phase-separate. Upon separation, there is great control
over domain height, varying in the range of 10 to 95 nm,
but much less control over the lateral dimensions, varying
in the range of 300 nm to 2.5 microns (52,57). As the island
height increased within the range of 10 to 95 nm (com-

pared to cells on flat surfaces) fibroblast adhesion de-
creased, spreading decreased, and the cell cytoskeleton
and focal adhesion points were seen to be less well
developed (56,62,58). The critical height scale for changes
in cytoskeletal development seemed to occur between
heights of 35 and 50 nm.Further studies showed that after
3 days of culture and up to 3 weeks, fibroblasts showed
inhibition of flattening, a less developed cytoskeleton, and
a reduced formation of confluent monolayers on the nano-
islands compared to flat surfaces (62,57,51). The results
for fibroblasts on demixed copolymer systems seem to
contradict those for nanophase ceramics and fibers, speci-
fically increased fibroblast spreading and cytoskeletal
development with decreasing nanoscale dimension. How-
ever, it is important to consider that the copolymer islands
only possess nanoscale height with lateral dimensions
spanning the nanoscale and up to the micron range. The
particle and fiber formulations, on the other hand, possess
nanoscale dimensions in height and at least one lateral
dimension.

The underlying themes from a survey of the results
from in vitro osteoblast and fibroblast experiments show
that (1) both osteoblasts and fibroblasts react to nanoscale
surface features, especially when the features possess
nanoscale dimensions in height and at least one lateral
dimension, (2) there is a threshold size within the nanos-
cale (about 50 nm) where a cell’s behavior shifts, and (3)
fibroblasts, seemingly more than osteoblasts, will react
differently to similarly sized nanoscale features of differ-
ent chemistry. The protein-mediated cell mechanisms
utilized by osteoblasts and fibroblasts on the materials
reviewed have not yet been fully elucidated, although
alterations in the amount and/or conformation of proteins
adsorbing onto nanoscale features (compared to larger-
size features) have often been speculated upon, and in
some cases demonstrated.

11. MESENCHYMAL STEM CELLS

More recently, work in our laboratory (75) has investi-
gated the response of human mesenchymal stem cells to
nanophase ceramic (nodular) surfaces (such as alumina,
titania, and hydroxyapatite). Interestingly, mesenchymal
stem cells demonstrated a joint dependence on both

 
(a) (b) (c)
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Figure 5. Scanning electron micrographs (SEMs) showing typical sintered ceramic surfaces with
average grain sizes of (a) 1500 nm, (b) 200 nm, and (c) 50 nm.
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chemistry and surface feature size for short-term cell
functions such as adhesion, but chemistry-independent,
surface-feature-size dependent long-term functions such
as proliferation and differentiation. Specifically, stem cell
adhesion decreased as the grain size of alumina and
hydroxyapatite substrates was decreased from 1500 nm
to 24 nm, but remained independent of grain size on
titania surfaces. Subsequent investigation determined
that initial adhesion was dependent upon the adsorption
of vitronectin to the ceramic surfaces, which varied in a
complex manner dependent upon both the ceramic grain
size and the relation of material properties such as surface
chemistry, surface charge, and protein isoelectric point.
However, for culture times beyond 3 days, this chemistry
dependence disappeared, presumably as a result of extra-
cellular matrix deposition by the adherent cells. Instead,
stem cells exhibited suppressed proliferation and osteo-
genic differentiation on the 50-nm grain sizes, and en-
hanced proliferation and differentiation (up to 7 days
earlier and in greater magnitude) on the 200-nm grain
sizes, as compared to either the 1,500-nm grain size
ceramics or borosilicate glass surfaces, regardless of chem-
istry.

These results with progenitor cells confirm a number of
the underlying themes observed for osteoblasts and fibro-
blasts, mainly, the ability of nanophase surface features,
some 1,000 to 5,000 times smaller than the cells them-
selves, to mediate both short- and long-term cell functions.
They also highlight the importance of a ‘‘critical surface
feature size’’ of approximately 50 nm, below which cell
functions are drastically altered. In addition, they also
introduce several novel effects to be further elucidated.
Specifically, the enhanced long-term functions observed on
200-nm grain size ceramics demonstrate the existence of a
second critical surface feature size that is significantly
larger than the previously observed cut-off for nanophase-
mediated cell mediation. Further, as short-term functions

such as adhesion are not mediated by 200-nm features, it
is likely that a mechanism other than alterations in the
amount and conformation of initially adsorbed proteins is
responsible for long-term cell function modulation by
nanophase surfaces. Alternative mechanisms, such as
differences in adhesion maturity, the release of soluble
factors from adherent cells or the nanophase surfaces,
orientation/modulation of deposited extracellular matrix
proteins, or differences in extracellular matrix compliance/
properties, remain to be investigated.

12. CONCLUSIONS

It has become increasingly clear over the past two decades
that nanophase materials can exhibit unique properties in
comparison with their conventional material counter-
parts. It is also now becoming very clear that nanostruc-
tured features can elicit particular behavior from proteins
and cells with which they interact either directly or
indirectly. This should not be too surprising, given that
nanostructures are ubiquitous in nature. However, while
many studies have been carried out to probe such inter-
actions, we are now only at a very early stage of under-
standing the fundamental issues controlling these
interactions. Many well-designed and carefully planned
and executed investigations will still be necessary before
these important interactions are fully understood and can
be controlled to impact biomedicine to benefit society.
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271. B. Wójciak-Stothard, Z. Madeja, W. Korohoda, A. Curtis, and
C. Wilkinson, Activation of macrophage-like cells by multi-
ple grooved substrata. Topographical control of cell beha-
viour. Cell Biology International 1995b; 19:485–490.

272. M. A. Wozniak, K. Modzelewska, L. Kwong, and P. J. Keely,
Focal adhesion regulation of cell behavior. Biochimica et

Biophysica Acta 2004; 1692:103–119.

273. C. Wu, J. Chang, J. Wang, S. Ni, and W. Zhai, Preparation
and characteristics of a calcium magnesium silicate (bredi-
gite) bioactive ceramic. Biomaterials 2005; 26:2925–2931.

274. H. H. K. Xu, D. T. Smith, and C. G. Simon, Strong and
bioactive composites containing nano-silica-fused whiskers
for bone repair. Biomaterials 2004; 25:4615–4626.

275. K. M. Yamada, R. Pankov, and E. Cukierman, Dimensions
and dynamics in integrin function. Brazilian Journal of

Medical and Biological Research 2003; 36:959–966.

276. A. Yildirim, The role of serum on the adhesion of cultured
chinese hamster lung (CHL) cells. Turkish Journal of Med-
ical Sciences 1998; 28:383–387.

277. T.-J. Yim, D.-Y. Kim, S. S. Karajanagi, T.-M. Lu, R. Kane,
and J. S. Dordick, Si nanocolumns as novel nanostructured
supports for enzyme immobilization. Journal of Nanoscience
and Nanotechnology 2003; 3:479–482.

278. B.-H. Yoon, H.-W. Kim, S.-H. Lee, C.-J. Bae, Y.-H. Koh, Y.-M.
Kong, and H.-E. Kim, Stability and cellular responses to
fluorapatite-collagen composites. Biomaterials 2005;
26:2957–2963.

279. T. H. Yoon, E. J. Hwang, D. Y. Shin, S. I. Park, S. J. Oh, S. C.
Jung, H. C. Shin, and S. J. Kim, A micromachined silicon
depth probe for multichannel neural recording. IEEE Trans-
actions on Biomedical Engineering 2000; 47:1082–1087.

280. H. Zhang, K. Bremmell, S. Kumar, and R. St. C. Smart,
Vitronectin adsorption on surfaces visualized by tapping
mode atomic force microscopy. Journal of Biomedical Mate-

rials Research 2004; 68A:479–488.

281. B. Zhu, Q. Zhang, Q. Lu, Y. Xu, J. Yin, J. Hu, and Z. Wang,
Nanotopographical guidance of C6 glioma cell alignment
and oriented growth. Biomaterials 2004; 25:4215–4223.

282. L.T. Zhuravlev, The surface chemistry of amorphous silica.
Zhuravlev model. Colloids and Surfaces A: Physicochemical

and Engineering Aspects 2000; 173:1–38.

283. O. Zinger, K. Anselme, A. Denzer, P. Habersetzer, M. Wie-
land, J. Jeanfils, P. Hardouin, and D. Landolt, Time-depen-
dent morphology and adhesion of osteoblastic cells on
titanium model surfaces featuring scale-resolved topogra-
phy. Biomaterials 2004; 25:2695–2711.

NANOPHASE MATERIALS 19



NEAR-INFRARED SPECTROSCOPIC IMAGING

KALLE KOTILAHTI

TIMO KAJAVA

TOMMI NOPONEN

JENNI HEINO

I. NISSILÄ
TOIVO KATILA

Helsinki University of
Technology

Espoo, Finland

1. INTRODUCTION

Medical near-infrared (NIR) spectroscopic imaging
(NIRSI) uses infrared light for probing the internal opti-
cal properties of tissue. The clinical interest in the tech-
nique comes mainly from the fact that it is completely
noninvasive and that it can provide functional informa-
tion on living tissue using relatively simple and inexpen-
sive instrumentation. The useful wavelength range of
approximately 650–950 nm is defined by the relatively
low absorption of water and hemoglobin, which are the
principal absorbers of light in tissue. At these wave-
lengths, a characteristic feature of tissue is that it scat-
ters light strongly, so that light does not propagate as a
beam but follows complicated zigzag paths. As a result, a
light beam illuminates a tissue volume, where the light
propagates generally in all directions. Such light is said to
be diffuse. Therefore, the imaging modality based on NIR
light is often called diffuse optical imaging.

The circumstances are a little bit like walking in a rural
area during a dark foggy night. The fog absorbs and scat-
ters light so that a sign of an approaching car is that the
light is gradually getting brighter in front of you. You are
able to notice this only from a certain distance defining the
range of visibility in this medium. It is only when the car
is close that you can resolve blurry images of the separate
head lights.

In the case of tissue and NIR light, the useful range for
optical measurements is only a few centimeters. The con-
ditions are, therefore, not the most favorable for optical
imaging. However, when the diffuse light emerging from
the surface of the illuminated tissue is detected with an
array of sensitive detectors, and a proper light propaga-
tion model for the medium is used, it is possible to probe
the tissue in depths of a few centimeters. The method can
be used to localize absorbing and scattering volume sam-
ples with dimensions of approximately 1 cm (Fig. 1a). True
three-dimensional imaging (diffuse optical tomography or
photon migration tomography) of both absorption and
scattering usually employs fast-pulsed or modulated NIR
sources to provide temporal information of the photon mi-
gration for the image reconstruction. The temporal reso-
lution of multichannel imaging devices varies typically
from 10 ms to minutes depending on the measurement
principle and application. Even without the propagation
model and temporal information, it is possible to probe the
area directly underneath the source-detector pairs. Such a

two-dimensional imaging technique is commonly called
topographic imaging (Fig. 1b).

Blood plays an important role in NIRSI because it con-
tains hemoglobin. As the absorption spectra of oxygenated
(HbO2) and deoxygenated hemoglobin (Hb) in the NIR re-
gion are distinct, these components can be probed sepa-
rately using two different wavelengths. From such dual-
wavelength measurements, it is possible to follow the ox-
ygenation of tissue, which provides a direct link to phys-
iology. Absolute concentration measurements are,
however, complicated because the measured signal atten-
uation between the source and detector is also affected by
other factors such as scattering losses, the true path
lengths of light in tissue (because of scattering), and back-
ground absorption because of other molecules. These fac-
tors depend on wavelength, tissue type, and the particular
measurement geometry.

Near-infrared spectroscopic imaging does not expose
tissue to ionizing radiation. In addition, low-frequency
electromagnetic fields do not interfere with light so that
optical imaging does not require shielding against them
and it can be applied together with several other imaging
modalities. Important medical applications of NIRSI in-
clude, for example, functional imaging of the brain and
muscles and detection of tumors and hemorrhages. When
compared with some other methods used for medical
imaging, such as x-ray tomography or magnetic resonance
imaging (MRI), the spatial resolution of NIRSI is lower.
However, the possibility of obtaining functional data with
a high temporal resolution using relatively compact and
inexpensive bedside equipment is clinically interesting.
For instance, electroencephalography (EEG) is currently
the only widely used clinical method for long-term brain
monitoring, although it measures mostly the neuronal ac-
tivity of the brain. Near-infrared spectroscopic imaging is
capable of providing clinically interesting information on
the brain oxygenation and hemodynamics, which cannot
be achieved with EEG only. A widespread use of such a
monitoring instrument may become possible in hospitals,
emergency rooms, and ambulances. The use of NIRSI in
mammography also has clinical potential.

2. HISTORICAL REVIEW OF MEDICAL NIR TECHNIQUES

The visual inspection of tissue has been a common prac-
tice throughout the history of medicine. However, one of
the first clinical attempts to use light for imaging the in-
ternal structure of tissue were the breast transillumina-
tion studies for cancer detection by Cutler in 1929 (1). In
the early version of optical mammography, the examiner
typically analyzed local absorption changes with the na-
ked eye. This approach had serious problems in terms of
overheating of the skin and a poor sensitivity and speci-
ficity. In the 1980s, these problems were addressed by the
use of NIR light and a video camera to record transmitted
light. Even then it was concluded that optical mammo-
graphy could not compete with conventional techniques
such as x-ray imaging (2,3). The transillumination ap-
proach was later improved by using sensitive photodetec-
tors and time-resolved techniques, where short picosecond

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



light pulses were used and the temporal distribution of
photons arriving at the detector was recorded. Such a dis-
tribution allows the selection of only the early ‘‘ballistic’’
photons, which increases the image resolution, because
such photons have undergone the minimum number of
scattering events and thereby have followed relatively
straight paths through the tissue. This approach is, how-
ever, primarily applicable to thin (o10 mm) tissue sam-
ples.

Attempts to measure blood oxygenation optically
started already in the 1930s. The first practical version
of such an in vivo tissue oximeter was developed by Mill-
ikan in 1942 (4). Using a lamp and a photocell, it deter-
mined the average hemoglobin oxygen saturation from a
transmission measurement through the ear lobe. As a re-
sult of the relatively primitive optoelectronic components,
the first devices were unstable and did not receive a wide
acceptance among clinicians. An implementation of the
pulse oximeter based on the natural pulsing of the arterial
blood volume finally provided the robust instrument that
is now widely used in hospitals (5). It is a compact and
stable setup with semiconductor NIR sources (e.g., light-
emitting diodes, LEDs) and photodiodes in a single pack-
age, attached to the patients fingertip, and combined with
a model for extracting the arterial blood oxygen satura-
tion.

Near-infrared spectroscopy (NIRS) uses diffusively re-
flected or transmitted light to measure relative changes in
the concentrations of certain tissue chromophores. It is
based on the different absorption spectra of the chromoph-
ores and uses multiple NIR sources at different wave-
lengths. Near-infrared spectroscopy is most commonly
applied to study the changes in blood volume and oxygen-
ation. The technique was originally published by Jöbsis
(6), who also developed the first continuous wave single-
channel NIRS device and carried out test measurements
with animals. After the first clinical studies of NIRS (7), it
has gained considerable interest (8).

Near-infrared spectroscopy in its basic form provides
only relative quantities. It was soon realized in the 1980s
that temporal information of photon migration was re-
quired to obtain quantitative information of tissue chro-
mophores. Such data was obtained when short picosecond
NIR pulses were guided into tissue and the temporal

broadening of the emerging light was analyzed (9,10). A
couple of years later, the technically simpler and more
economical frequency-domain technique, based on inten-
sity-modulated light sources, was developed and applied
to tissue studies (11). Advances in the techniques provid-
ing temporal information inspired many ideas and meth-
ods for the reconstruction of three-dimensional images of
tissue oxygenation and blood volume (NIR tomography)
(12,13).

Development of advanced multichannel imaging de-
vices has been the trend during the last 15 years. Sim-
pler continuous-wave devices have been mostly used for
topographical mapping (14,15) but, in some cases, also for
NIR tomography (16). However, it has been the time-do-
main (17–20) and frequency-domain (21–24) instruments
that have received most interest in tomographical appli-
cations. Considerable advances have also been made in
photon migration theory and numerical image reconstruc-
tion techniques (25).

3. NEAR-INFRARED LIGHT IN TISSUE

Interactions between electromagnetic radiation and a me-
dium are conventionally modeled using the Maxwell equa-
tions. With typical NIR sources, however, the strong
scattering in tissue ensures that wave phenomena, such
as interference, can be ignored. Therefore, a scalar theory
is commonly used to describe the migration of light par-
ticles (photons) in tissue. The most important interaction
processes are elastic scattering, in which the energy of the
photon remains constant but its direction changes, and
absorption, in which the energy of the photon is converted
mostly into thermal energy of the medium. For typical
NIRSI devices, the intensity level of the light sources are
so low (BmW/mm2) that the thermal effect directly un-
derneath the source is roughly the same as that caused by
the sun during a sunny day. Inelastic scattering has an
insignificant effect to the attenuation of NIR light, so that
it is typically ignored.

When considering a typical source-detector pair used in
medical NIRSI, it turns out that the light attenuation be-
tween them in most tissues is mainly caused by scattering
and only some percentage of it is caused by absorption.
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µa,2

s,2µ′
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Figure 1. (a) In diffuse optical imaging, near-
infrared light is guided into tissue where it is
scattered and absorbed during propagation.
The diffuse light is detected on the surface of
the tissue. The goal is to reconstruct optical
properties [e.g., absorption ðmaÞ and scattering
(m0s) coefficients] inside the object. (b) A bilateral
measurement setup for topographic optical
imaging of newborn infant.
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Although scattering clearly dominates, it is the changes in
the absorption (because of, for example, physiological
changes caused by stimulation) that one typically studies
in functional NIR imaging, because most physiological
changes affect absorption much more than scattering.

The strongest NIR absorber in tissue is hemoglobin in
its two main forms: oxygenated and deoxygenated hemo-
globin (Fig. 2) (26,27). Practically all tissue molecules ab-
sorb NIR light, but the contribution of hemoglobin
typically dominates. For instance, in the brain tissue of a
newborn infants, approximately 70% of the absorption can
be because of hemoglobin (28). Cytochrome c oxidase is
another physiologically interesting NIR absorber, because
it takes part in cellular respiration as a mitochondrion
enzyme (29). Its two redox states have different absorption
spectra, and their changes can be monitored with just one
extra wavelength because the total concentration of the
enzyme changes very slowly (in days). Other NIR absorb-
ers, such as water, lipids, bilirubin of blood, and melanin,
also contribute to the attenuation of NIR light. However,
their changes are also relatively slow and do not strongly
depend on the oxygenation state of tissue, so that they are
usually regarded as constant background absorbers.

Absorption causes attenuation of light described by an
exponential decrease in intensity as a function of the path
length (the so-called Beer–Lambert law). The slope of the
curve is determined by the absorption coefficient ma, which
is directly proportional to the concentration of the ab-
sorber. The inverse of the absorption coefficient is known
as the mean absorption length of photons. The absorption
coefficient of a medium containing several absorbers is the
sum of the absorption coefficients of all the absorbers.

Scattering takes place whenever inhomogeneities exist
in the refractive index. Therefore, the membranes of cells,
organelles such as mitochondria, as well as single mole-
cules scatter light in tissue. The scattering properties de-
pend on the size of scatterers (relative to the wavelength),

their shapes, density, and environmental properties such
as the temperature, which are characterized by the scat-
tering coefficient ms of the medium. It gives the scattering
probability of a photon per unit path length. Conse-
quently, the mean free path of photons between consecu-
tive scattering events is 1/ms. In theory, single scattering
events lead to an exponential attenuation law similar to
that describing absorption. It must be noticed, however,
that such a law thus not apply to strongly scattering me-
dia (e.g., tissue samples thicker than few hundred mi-
crons) because the scattered photons are not necessarily
lost but have a finite probability to be scattered back into
the ‘‘original beam’’. Again, the total ms is the sum of the
scattering coefficients of the different scattering particle
types. In most tissues, scattering decreases as the wave-
length increases. The discrimination between different
scattering species is, however, complicated because the
properties of each scatterer depend strongly on its envi-
ronment.

Light scattering in tissue is typically anisotropic. On a
microscopic scale, the anisotropy can be described using
the so-called anisotropy factor g, so that the effective (or
reduced or transport) scattering coefficient becomes
m0s¼ ð1� gÞms. The value of g¼ 0 means isotropic scatter-
ing, whereas values close to 71 describe scattering that is
strongly forward or backward directed, respectively. For
most tissues, 0.7ogo0.99, indicating strongly forward-
directed scattering. In optical tomography, ma and m0s are
usually used as the material parameters to be estimated.
In addition, tissue may contain structural anisotropies
that scatter light in specific directions. Muscle fibers in
skeletal muscle tissue and axon bundles in the white mat-
ter of brain are examples of such anisotropic structures
(30). Structural anisotropy can also be included into the
light propagation model (31).

Although NIR techniques are most often used to study
changes in absorption, scattering changes may be inter-
esting as well. They can be categorized into fast and slow
scattering signals (32). The time scale for the slow signals
is seconds, and they are attributed to geometrical changes
caused by, for example, swelling and shrinking of cells and
organelles. The fast (millisecond) signal may indicate neu-
ronal activity of cells because of changes in the refractive
indices across cellular membranes caused by the propa-
gation of action potentials along the membranes, but they
are difficult to measure reliably using noninvasive tech-
niques (33,34).

4. PHYSIOLOGICAL BASIS OF NEAR-INFRARED
SPECTROSCOPY

Changes in blood flow and oxygen consumption are phys-
iological phenomena that may induce detectable changes
in optical signals. The effects of various physiological
changes to hemoglobin concentrations are summarized
in Fig. 3 (35). The functional aspect of NIRSI comes from
the fact that an activated tissue needs more oxygen and
nutrients, which tends to increase blood flow. However,
blood flow and oxygen supply typically overshoot the ox-
ygen demand so that the concentration of HbO2 ([HbO2])

600 700 800

Wavelength (nm)

900 1000
0

0.01

0.02

0.03

0.04

H2O
Hb

A
bs

or
pt

io
n 

co
ef

fic
ie

nt
 (

1 
/ m

m
)

HbO2

Figure 2. Typical absorption spectra of HbO2 (dashdot), Hb (dot-
ted), and water (solid) of tissue. The absorption because of water
is calculated by multiplying the absorption spectrum of pure wa-
ter by a factor of 0.75, and the absorption because of HbO2 and Hb
are obtained by assuming their concentrations to be 40mM
(26,27).
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tends to increase and [Hb] decrease. On the other hand, an
increase in the blood volume (e.g., during venous occlu-
sion) increases [HbO2] only while [Hb] stays practically
constant. Correspondingly, an increase in oxygen con-
sumption decreases [HbO2] and increases [Hb] and vice
versa.

Near-infrared spectroscopy is based on the differences
in the NIR absorption spectra of the relevant absorbing
species (Fig. 2). By using several wavelengths, it becomes
possible to estimate the concentrations of the absorbers
and their changes. In theory, the number of wavelengths
determines the number of absorbers that can be resolved.
In NIRS, the changes in [HbO2] and [Hb] are most com-
monly analyzed, although the changes in the redox state
of cytochrome c oxidase are sometimes of interest as well.

The changes in [HbO2] and [Hb] induce changes in the
attenuation of light. A simple and widely used model for
estimating them from the measured signals is based on
the modified Beer–Lambert law (10). The situation is sim-
plified considerably if the changes in scattering are ig-
nored. Furthermore, if background absorption is assumed
to be constant, the attenuation changes derive from the
concentration changes of the principal absorbers only. De-
spite the several simplifications, this model is often useful
and is frequently applied in NIRSI applications (8).

5. MEASUREMENT METHODS AND INSTRUMENTATION

Traditionally, near-infrared imaging systems are divided
into three categories by the measurement principle they
use (Fig. 4). In the continuous-wave (CW) method, the in-
tensity of the transmitted light (I) is measured. In the
time-domain (TD) method, short (1–100 ps) pulses are
used, and the full time-of-flight distribution of the diffu-
sively transported photons [I(t)] is measured. The fre-

quency-domain (FD) method is based on intensity-
modulated (10–1000 MHz) sources. The amplitude (A),
phase shift (C), and average intensity (I) of the trans-
ported photon-density wave are determined.

The CW method can be implemented with relatively
simple and inexpensive instrumentation. In single-chan-
nel implementations, CW instruments use either one con-
tinuous or several time- or frequency-multiplexed NIR
sources (LEDs or laser diodes) at different wavelengths,
and only one detector (e.g., silicon photodiode, SiPD).
When optical signals of very low intensity are measured,
a photomultiplier tube (PMT) is often used as the detector.
Such setups are sufficient for many applications of NIRS
but their imaging capabilities are limited. A typical appli-
cation for single-channel CW devices is the oxygen satu-
ration measurement of arterial blood (pulse oximeter).

For CW topographic imaging, several source and detec-
tor positions are needed. In such an implementation,
source positions are sequentially activated, so that faster
time multiplexing and detectors are required when com-
pared with single-channel systems. Another option is to
increase the measurement time of a single image at the
expense of the temporal resolution. Intensity modulation
at several specific frequencies (typically 1–10 kHz) is a
useful way to separate the different light sources with dif-
ferent wavelengths and positions, enabling simultaneous
measurements of the spectral and spatial information
(15). Intensity-modulated CW instruments can thereby
image the whole measurement area simultaneously. How-
ever, when large intensity differences are present, a cross-
talk between the measurement channels is inevitable. The
performance of such a system can be optimized for mea-
surements where all the source-detector distances are the
same. The use of several wavelengths makes it possible to
estimate changes in the [HbO2] and [Hb] in tissue. When
several source and detector positions are used, interpo-
lated 2-D images of the changes in the [HbO2] and [Hb] in
tissue are obtained (topographic imaging).

Imaging applications based on CW techniques are lim-
ited because the measurement of the attenuation (inten-
sity) of the diffusively transported light is generally not
sufficient for the simultaneous reconstruction of the ab-
sorption and scattering properties of the object. On the
other hand, the full time-of-flight distribution of the trans-
ported photons measured with the TD techniques opens
up the possibility to use more advanced modeling, which
can be further applied to obtain tomographic images. In
the TD method, the picosecond pulses from, for example, a
mode-locked Ti:Sapphire laser or a pulsed laser diode is
directed into tissue and the time-of-light distribution of
the transported photons is measured with a photon-count-
ing system. The temporal point spread function (TPSF)
may be obtained in principle by deconvoluting the mea-
sured time-of-flight distribution with the instrument im-
pulse response function. In addition to attenuation, the
TPSF contains the complete temporal information of the
detected photons. It can be useful, for example, for esti-
mating the mean path length of transmitted photons and
the contribution of the photons with different path lengths
in tissue. The latest photons, for example, have most likely
penetrated deepest into the tissue, and, in certain appli-
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Figure 3. Physiological changes and their effects on concentra-
tions of Hb ([deoxy-Hb]) and HbO2 ([oxy-Hb]) in brain tissue (35).
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cations, they may contain the most interesting informa-
tion.

In fact, the TD method may provide more information
than is actually needed for the separation of the signal
contributions because of absorption and scattering. For
this separation, only two quantities, attenuation (inten-
sity) and the mean path length are generally required.
These quantities can also be measured with a simpler
setup based on the FD technique, where radio-frequency-
modulated light is directed into tissue. For modulation
frequencies below 500 MHz, normal laser diodes can be
used as light sources. Fast modulation calls for fast detec-
tors as well, so that PMTs or avalanche photodiodes are
normally used. The modulation amplitude and phase dif-
ferences between the incident and detected light signals
can be measured using, for example, a lock-in amplifier.

When selecting a NIRSI device, the information con-
tent and the signal-to-noise ratio (SNR) are important is-
sues. The large average power levels of CW sources and
the possibility of using slow large-area detectors make it
easier to obtain high SNRs with CW systems. In addition,
such systems allow the light sources and detectors to be
directly coupled to skin, which minimizes optical losses. In
TD and FD systems, such direct coupling is seldom prac-
tical so that optical fibers or fiber bundles are typically
employed to guide light from sources to tissue and back to
detectors. The associated losses reduce the SNR some-
what. In the TD method, the peak powers are higher and
care must be taken not to saturate the detectors. There-
fore, the average power levels of TD systems may also be
lower than those in FD systems resulting in lower SNRs.
On the other hand, the TD method provides the most in-
formation for the image reconstruction, although all of
that cannot be used yet because of the massive numerical
computations required and the lack of proper inverse
problem models.

In contrast to topographic imaging, diffuse optical
tomography generally requires measurements at different
source-detector distances, which is usually realized by us-
ing both transmission and reflection geometries (Fig. 1a).
The measured intensities corresponding to different
source-detector distances may easily change by a factor
of 106, which means that light detectors and signal am-
plifying electronics with a large dynamic range are
needed. In addition, the low light intensities and long
measurement times (e.g., in monitoring applications) set
strict demands for the long time stability of the instru-
mentation. Calibration of the instrument also becomes
necessary in tomographic measurements, especially when
absolute measurement quantities are concerned. Different
calibration techniques have been suggested for such pur-
poses (23,36).

6. MODELING FOR OPTICAL TOMOGRAPHY

The fundamental idea in optical tomography is to recon-
struct the internal distribution of ma and m0s based on a set
of measurements of transmitted light between points on
the boundary of an object, which is an example of a so-
called inverse problem. In order to solve an inverse prob-
lem, generally the solution to the respective forward prob-
lem (e.g., in this case, a light propagation model predicting
the boundary measurements given the optical parameter
distribution) is required. Formally, the forward problem
can be expressed with a nonlinear forward operator:

y¼Fðp; qÞ; ð1Þ

where y is the boundary measurement set, p the distribu-
tion of the optical parameters, and q the distribution of
sources. Correspondingly, the inverse problem can be writ-
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Figure 4. The three measurement principles of
diffuse optical imaging: continuous-wave (a),
time-domain (b), and frequency-domain (c) tech-
nique.
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ten formally as:

p¼F�1ðy; qÞ: ð2Þ

Ignoring the wave phenomena, light propagation in tis-
sue can generally be modeled using the radiative transfer
equation (RTE) (37), which is a balance equation describ-
ing the change of energy radiance in time. The RTE is an
integro-differential equation, and, hence, numerical solu-
tions to the RTE can easily lead to a problem of unaccept-
able size, especially from the point of view of solving the
inverse problem. Therefore, in order to obtain faster nu-
merical models, simplifications to the RTE are often made.
The most commonly used approximation in the field of
optical tomography is the diffusion equation (DE), which
can be derived from the RTE by expanding the radiance
and the source term into spherical harmonics and includ-
ing terms only up to first order, and subsequently assum-
ing strong scattering.

In its time-dependent form, the diffusion equation can
be written as

1

c

@

@t
F� r � krFþmaF¼ q; ð3Þ

where c is the speed of light, F the photon density,
k¼ 1=ð3ðmaþm0sÞÞ the diffusion coefficient, and q the source
term. For the boundary condition, commonly either a
Dirichlet-type or mixed boundary condition involving the
photon density and the photon current through the bound-
ary is used (38,39). The measurable quantity on the
boundary is the exitance G:

G¼ � kn̂ � rF; ð4Þ

where n̂ denotes the outward normal to the boundary. If
the measurements are conducted using a time-domain
system, generally some datatypes are derived from the
measured exitance for the purpose of image reconstruc-
tion. Some possible datatypes derived from the time-re-
solved exitance include, for example, the total or time-
gated integrated intensity and integral transforms, which
can be used to obtain the mean time or higher-order mo-
ments. In frequency domain, commonly the logarithm of
the amplitude and the phase angle of the complex density
are used (25,40).

The diffusion approximation is considered to be a rel-
atively good approximation far from the sources and for
most tissue types. One important exception are the clear
regions, especially the cerebrospinal fluid (CSF), for which
alternative modeling techniques have been developed (41).
In order to improve accuracy, the possibility of using some
higher-order approximations to the RTE as a basis for im-
age reconstruction has also been recently explored (25,42).

The methods for solving the equations describing the
photon transport can be classified as stochastic or deter-
ministic. The most widely applied stochastic technique for
photon transport is the Monte Carlo (MC) method. How-
ever, in order to obtain acceptable statistics, the compu-
tation time for MC simulations often get so high as to
hinder their use as a basis for image reconstruction. MC

methods are often used to validate other light transport
models and to investigate the behavior of light in certain
complex conditions (43).

For the purpose of image reconstruction, deterministic
methods for solving the diffusion equation are most often
applied. Analytical solutions to the diffusion equation ex-
ist in some simple geometries with homogeneous or almost
homogeneous medium. To solve the diffusion equation in
complex geometries or inhomogeneous media, numerical
solution methods need to be applied. The two numerical
methods for solving partial differential equations most of-
ten applied in optical tomography are the finite difference
(FD) and finite element (FE) methods. Of these methods,
the FD method is conceptually simpler and easier to im-
plement for regular domains. However, for implementing
more complex cases, it is not as versatile as the FE
method. For this reason, the FE method is more com-
monly used in optical tomography. In the FD method, the
solution is discretized using a regular grid, and the deriv-
atives approximated by finite differences, resulting in a
discrete system equation. In the FE method, a so-called
variational formulation for the DE is conducted, the area
is divided into a number of finite elements, and the solu-
tion approximated using a set of basis functions. The re-
sult is a large system of equations with a sparse system
matrix.

The inverse problem in optical tomography is highly ill-
posed in the sense that small errors in the measurements
can lead to large errors in the estimated parameter dis-
tribution. The question of the uniqueness of the solution to
the inverse problem has received certain interest (44).
Generally, to be able to simultaneously reconstruct both
absorption and scattering maps, time-dependent data
from either TD or FD measurements is required. Choos-
ing the measurement types is an issue closely related to
the uniqueness of the solution. Different measurement
types have different spatial sensitivity profiles, as well as
combining measurement types in a suitable way can help
to overcome the ambiguity between ma and m0s.

Various approaches for image reconstruction in optical
tomography have been presented. One approach is to di-
rectly apply conventional computed tomography back-pro-
jection algorithms. However, because of the diffuse nature
of light, these algorithms do not often work well in optical
tomography. Some improvement can be obtained by using
weight functions that take into account the diffuse behav-
ior of light instead of straight-line weight functions. In
another approach called backpropagation, the scattered
wave produced by perturbations in ma and m0s is recon-
structed inside the medium to localize these perturbations
(45). Some approaches to image reconstruction rely on in-
vestigating the propagation and scattering of the so-called
diffuse photon density waves induced by an intensity-mod-
ulated light source using analytical solutions to the DE in
the frequency domain (46,47). Also, analytical inversion
formulas for perturbations in ma and k have been pre-
sented (48).

An important tool in most image reconstruction algo-
rithms are perturbation approximations, which approxi-
mate the change in the field caused by changes in material
parameters. A widely applied approach for image recon-
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struction is obtained from the linear part of the Taylor
series for the forward model in Equation 1 at point
p0 : y¼Fðp0ÞþF 0ðp0Þðp� p0Þ. The derivative F0 presents
the sensitivity of the measurements with respect to pa-
rameter values and is often called the Jacobian (49). In the
discrete case, the Jacobian is represented by a Jacobian
matrix Jy

p (50), and the linear part of the Taylor series may
be rewritten as:

dy¼Jy
pdp; ð5Þ

where dy¼ y� y0 and dp¼p� p0. The above matrix equa-
tion is often ill-posed and large. To solve this equation, for
example, truncated singular value decomposition or the
algebraic reconstruction technique can be used.

The linear model is valid only for small perturbations.
Commonly, especially if quantitative reconstruction is de-
sired, nonlinear methods are used. Most nonlinear opti-
mization methods aim to minimize an objective function
involving the measured and predicted data of the form:

GðpÞ¼ jjLðy� FðpÞÞjj2; ð6Þ

where L is a weighting matrix. To perform the minimiza-
tion, two types of methods are generally used, the Newton-
type methods and the gradient methods (51), which are
preferable when the dimension of the problem becomes
very large. As a result of the ill-posedness of the inverse
problem, often so-called regularization is introduced to the
solution. A commonly used regularization method is Ti-
khonov regularization, where a regularizing function on
the estimated parameter values is included in the mini-
mization.

Modeling for optical tomography is a field with much
ongoing research. Methods to model the anatomical con-
ditions more faithfully are developed, and advances in the
image reconstruction techniques are made. Recently, the
application of statistical inversion methods on optical
imaging has received some attention (52,53). Full three-
dimensional (3-D) image reconstruction schemes are be-
coming increasingly common. As the dimension of the dis-
crete problem increases, efficient matrix manipulation and
inversion schemes become of great importance. For the
commonly used FE method, another challenge in 3-D is
the mesh generation and visualization.

7. OPTICAL IMAGING OF BRAIN

Near-infrared spectroscopic imaging can be applied to
measure changes in the optical properties on the cortex
of the human brain induced by stimulation. Some of these
measured changes are related to the state of activation of
the neurons. They can be a direct consequence of the in-
duced optical changes of the neurons during activation, or
an indirect response because of the neurovascular cou-
pling.

Common functional brain-imaging techniques include
functional magnetic resonance imaging (fMRI), magneto-
encephalography (MEG), and positron emission tomo-
graphy (PET). Although EEG has also been commonly

employed in brain activation studies, its spatial resolution
is inferior to that of fMRI, MEG, and PET. Near-infrared
spectroscopic imaging can offer a higher time resolution
than fMRI and PET, and higher spatial resolution than
EEG, with a much simpler and cheaper setup than those
needed in fMRI, MEG, and PET. Its applicability to infant
studies at bedside may provide new kinds of clinical ap-
plications.

In brain activation studies, NIRSI is commonly used to
measure hemodynamic changes through the induced ab-
sorption changes. They are also detectable with single-
channel devices based on CW sources (54). A hemodynam-
ic response (hemodynamic change related to brain activa-
tion) is caused by the neurovascular coupling, which tends
to increase the blood flow in the brain area where the in-
creased neuronal activity occurs. The response is relative
slow (rise time of a few seconds) because of the delays in
the regulation of hemodynamics. The first indication of
increased activity is an increase in the oxygen consump-
tion, which causes a brief decrease in [HbO2] and an in-
crease in [Hb] in brain tissue. This so-called ‘‘initial dip’’ is
soon overwhelmed by a significantly larger increase in the
[HbO2] because of the increase in the blood flow. The end
of activation gradually brings the blood flow, and hence
also the [HbO2] and [Hb], close to their initial levels (55).

In addition to the hemodynamic response, the activa-
tion of a group of neurons also changes the optical prop-
erties of the affected volume (33,34). The fast response
(rise time of tens of ms) is directly related to the activation
of neurons. This response is interesting because it may
offer a more accurate way to study brain function than the
slow responses, as it is more confined both spatially and
temporally. Its noninvasive detection, however, is difficult
because its contribution to the optical signal is very small
and it may be contained in a very small area on the cortex.

Optical activation studies have been carried out using
different stimuli [visual (56), somatosensory (34), or audi-
tory (57)] or tasks [motor (58) or cognitive (14,59)]. How-
ever, the activated area has to be relatively close to the
surface of the brain, not deep in a fissure or sulcus, in or-
der to get a detectable signal. This constraint clearly lim-
its the applicability of NIRSI in activation studies.

Block paradigms are commonly applied to study the
accumulated responses to a sequence of stimuli. A typical
block-type measurement is divided into rest and stimuli
epochs. Signals associated with the task conditions are
then compared statistically. The resulting statistical pa-
rameters reveal possible correlations between the mea-
sured signal and activation induced by stimuli. Another
way to measure either the slow or the fast response is to
use an event-related paradigm, where single-stimuli
events are triggered and time-gated averaging is used.
As a result, the temporal course of the signal in response
to the stimuli can be obtained even when the SNR of the
raw signal is poor.

Topographic imaging of brain activation requires sev-
eral measurement points (source-detector pairs), which
are typically uniformly spaced on the head of the subject
above the area where the particular brain function is ex-
pected to reside. Measurements and statistical analyses
are carried out for the signals of each source-detector pair,
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and images are then back-projected or interpolated from
the discrete points so that smooth images are obtained.

True 3-D optical tomography of the adult head is a very
challenging problem because of the combined effect of
thick and relatively strongly scattering skull and nonscat-
tering CSF, where standard modeling based on the diffu-
sion equation does not apply. A realistic head model would
be required, which takes into account these structural de-
tails of the human head. The acquisition time for tomo-
graphic data is relatively long, which limits the temporal
resolution in activation measurements. So far, all cogni-
tive brain activation imaging studies of adults have been
based on topographic imaging. However, NIR tomography
may someday become a useful clinical tool for 3-D imaging
of cerebral hemorrhages, impaired oxygenation, and
hemodynamics, which is especially true for neonates be-
cause of their thin skull and low myelin content in the
brain. Also, the dimensions of their heads are more suit-
able for optical tomography allowing transmission mea-
surements. First 3-D reconstructions of heads of newborn
infants have recently been demonstrated (60,61).

8. OPTICAL MAMMOGRAPHY

As a result of the vast human and economical aspects of
breast cancer, mammography has been one of the most
important applications of optical imaging. Since the mid-
1990s, there have been major efforts by leading research
groups and industrial companies to develop NIR imaging
systems able to detect breast cancer for screening and
monitoring purposes [see, e.g., Gibson et al. (62) and the
references therein]. Despite its limited spatial resolution
for this application, optical mammography would be an
attractive tool, because it is based on relatively inexpen-
sive instrumentation and is completely safe to be used for
screening and treatment follow-up monitoring, which is
not always the case with the current modalities, such as x-
ray, ultrasound, MRI, and isotopic imaging. In addition,
NIRSI may provide unique information that cannot be
achieved by any other imaging modality. For example, he-
moglobin, water, and lipid concentrations and blood oxy-
gen saturation may be used to distinguish between cancer
and healthy breast tissue. The contrast of functional in-
formation can be further improved by using exogenous
contrast agents or dynamic features of the blood circula-
tion (63,64). Other interesting aspects are that a healthy
breast is optically relatively homogeneous, has a low con-
centration of hemoglobin, and, often, a diameter small
enough to enable transmission measurements.

Optical mammography is typically based on one of
three measurement geometries. A common imaging geom-
etry is the transmission geometry, where the breast is
compressed between two plates in the same way as in tra-
ditional x-ray mammography (65–68). Optodes can be ei-
ther fixed on the plates or they are scanned mechanically
across the compressed area. The compression of the
breast, however, affects the blood circulation, so that the
optical properties of breast may change and thereby com-
plicate the cancer detection. Reconstructions in the trans-
mission geometry are normally carried out in two

dimensions. The second option for a mammography setup
is the reflectance geometry, where sources and detectors
are on the same side of the breast (69). An instrument
based on this geometry typically contains only a few chan-
nels. Although such an instrument cannot generally pro-
vide depth information for locating the cancer, it may offer
useful information on the concentrations of Hb, HbO2,
water, and lipids close the surface of the breast. It can also
be integrated into an easy-to-use handheld probe, which
can be used at home. Optical tomography of uncompressed
breast can be carried out in the cylindrical geometry,
where a patient lies on her stomach and the breast is in-
serted into a cup or a ring in which the optodes are
mounted (70–72). Optical properties of the breast can
then be reconstructed in three dimensions and presented,
for example, in several slices as shown in Fig. 5.

Traditionally, the most widely used method for breast
cancer imaging is the x-ray mammography, which is
mostly because of its high spatial resolution, which makes
it possible to detect sub-mm anatomical changes (e.g., mi-
crocalcifications during the early phase of the breast can-
cer). Optical imaging cannot compete in spatial resolution,
but the unique physiological information it provides may
create new diagnostic possibilities to detect and identify
breast cancers. By combining x-ray and optical mammo-
graphy, and possibly other modalities, both good resolu-
tion and valuable physiological information can be
obtained (73). In addition, optical mammography opens
up the possibility to carry out continuous or frequent
treatment follow-up, which may contain some risks
when based on x-ray mammography. The combined use
of optical and MRI mammography has also been studied
by several research groups (74,75).

9. MUSCLE STUDIES

Muscle measurements are a traditional application of
NIRS. The technique has been applied, for example, to in-
vestigate peripherial diseases, disorders in circulation,
and changes in the oxidative metabolism of skeletal mus-
cles (76). Such information is of great interest in sports
and occupational health science, where the goal is to avoid
injuries and to accelerate the recovery or to define the fit-
ness of muscles.

Typically, a set of measurements is done for the sub-
jects under study and for a reference group. The study
group usually consists of subjects with a skeletal muscle or
circulation disease, whereas the reference group is
healthy. Both groups perform an exercise test, during or
after which NIRS data is recorded to investigate the
changes in the blood flow, volume, oxygen consumption,
and recovery.

Simple CW imaging instruments provide an inexpen-
sive and practical solution for muscle measurements.
However, more expensive TD and FD instruments offer
more valuable information than CW devices, such as es-
timates of the mean path length of photons. A common
task is the artificial occlusion measurement of forearm
muscles, which can be produced using a cuff around the
biceps. An example of such a measurement using a single-
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channel CW device is depicted in Fig. 6. The forearm oc-
clusion measurement is generally reproducible and the
signals are relatively large, so it is useful for testing the
sensitivity and SNR of NIR devices as well.

Muscle studies have also been carried out using topo-
graphic imaging, which provide spatial information of the
changes in blood flow, volume, and oxygenation of skeletal
muscles. A typical topographical imaging system for such
studies contains 12–16 channels, and the mapped area is
B60 cm2 (77), and even a 200-channel instrument has
been recently developed (78). A common shortcoming of
topographical measurements is the lack of physiologically
informative quantities.

Limbs are attractive subjects of muscle studies, be-
cause their blood circulation can be easily manipulated.
Also, their relatively low hemoglobin content and suitable
size enable transmission measurements. Furthermore,
light propagation models based on the diffusion equation
are applicable because limbs do not have major void re-
gions such as CSF. The performance of tomography sys-
tems have been tested, for example, by imaging the optical

structure of forearm (79) and rheumatoid finger joints
(80). Muscles are often studied during a dynamic exercise,
which can cause severe movement artifacts and geomet-
rical changes. These problems may be solved, at least par-
tially, by using proper measurement techniques and stable
optode holders.
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NERNST POTENTIAL

ROBERT BUTERA

Georgia Institute of Technology
Atlanta, Georgia

A wide range of mammalian cell types exhibit electrical
activity. The fundamental basis of this electrical activity is
electrical current flowing into and out of the cell. This
current flow is not electrons, as in electrical circuits, but
charged ions such as sodium (Naþ ), potassium (Kþ ), chlo-
ride (Cl� ), and calcium (Ca2þ ). These ions are present in
varying concentrations in all mammalian body fluids
(such as human blood) and exist inside each cell.

Two dominant factors dictate the magnitude and direc-
tion that charged ions will flow in a solution:

* Diffusion: Ions will flow from a region of high con-
centration to low concentration. For example, a drop
of food coloring in a beaker of water will rapidly dif-
fuse, as the molecules within the food coloring travel
from a region of high concentration (the initial drop)
to low concentration (the rest of the water in the
beaker).

* Drift: Ions are charged atoms, and in response to an
imposed electrical field, a positive ion will flow from a
region of high potential to a region of lower potential.
If two electrodes were placed into a beaker of water,
positive ions would flow from the positive voltage
electrode to the more negative voltage electrode.

The Nernst–Planck equations describe the flow of
charged ions in a liquid medium. A one-dimensional ver-
sion of this equation for a single species of charged ion is

J¼ �DFz
dC

dx
þ

zCF

RT

dV

dx

� �

; ð1Þ

where D is the diffusion constant (cm/sec) for that partic-
ular ion in water, F is Faraday’s constant (96487 Cou-
lombs/mole), R is the gas constant [8.314J/(K �mol)], T is
temperature in Kelvin, z is the valence of the ion, C is the
ion’s concentration (mole/cm3), V is the electrical poten-
tial, and x is distance (cm). Thus, J is ionic flux, in units of
Coulombs/(cm2

� sec). The two terms of this equation cor-
respond to diffusion (dC/dx) and drift (dV/dx).

Consider a case with two well-mixed fluid compart-
ments separated by a barrier that only allows a single
species of ion to pass through (Fig. 1). Given the concen-
tration of ions of this permeant species on each side of the
barrier, the Nernst Potential is the voltage that when ap-
plied across the barrier would result in no net ionic flow;
the diffusion and drift terms in the Nernst–Planck equa-
tion are balanced, and there is no net ionic flux across the
barrier. The Nernst Potential for an ionic species X is ob-
tained by setting the Nernst–Planck equation to zero and
integrating it across the barrier between the two compart-
ments. The Nernst Potential is given by

EX ¼
RT

zF
ln
½X�2
½X�1

� �

; ð2Þ

where ½X� is the concentration of ionic species X in each
compartment and EX is the Nernst Potential, defined as
V1�V2, where V1 and V2 are the potentials in each com-
partment.

Figure 1 demonstrates an experiment similar to that
performed by Nernst to demonstrate the Nernst potential.
Two well-stirred compartments with identical concentra-
tions of KCl are separated by a membrane that is only
permeant to Kþ ions. The potential across the membrane
is 0mV (panel A). A high concentration of KCl is added to
compartment 1. Kþ flows across the membrane from high
concentration to low concentration. However, as Kþ flows
from one compartment to the other (but Cl� does not),
each compartment is no longer charge neutral. The flow of
Kþ results in a net negative charge in compartment 1 and
a net positive charge in compartment 2. This results in a
voltage across the membrane, and the direction of this
voltage opposes Kþ ion flow. At equilibrium (panel C), a
voltage across the membrane exists that opposes the dif-
fusion of Kþ , and the voltage at which this equilibrium
exists is the Nernst Potential. For example, at room tem-
perature, if the concentration in compartments 1 and 2 are
1M and 0.1M, respectively, this voltage is about � 58mV.

The Nernst Potential is an important factor in deter-
mining the direction of ionic current flow in electrically
excitable cells, including nerve, muscle, and cardiac. In
general, the concentration of sodium is much larger out-
side the cell than inside the cell. Likewise, the concentra-
tion of potassium is much larger inside cells than outside
cells. ENa ranges from þ50 to þ 70mV, whereas EK

ranges from � 85 to � 70mV. Given that the resting po-
tential of most cells is � 70 to � 50mV, this means that for
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an open channel, the direction of Naþ current flow is net
inward at rest, and the direction of Kþ current flow is net
outward at rest. Because the resting potential of most

mammalian cells is close to EK, the dominant ionic con-
ductances at rest are primarily potassium.

2 NERNST POTENTIAL



NERVE STIMULATION

WARREN M. GRILL

Duke University
Durham, North Carolina

1. INTRODUCTION

Electrical stimulation of peripheral nerves is a widespread
method to study the form and function of the nervous sys-
tem and a technique to restore function following disease
or injury. The overt effects of electrical stimulation on ner-
vous tissue have been known for over a century, but the
theory to explain the effects of extracellular stimulation on
neural tissue was only derived after the development of
classic electromagnetic field theory, the advent of the core
conductor theory of nerve fibers (1), and formulation of
cable models of nerve cells (2,3). The fundamental under-
standing provided by quantitative analysis is required for
rational design and interpretation of therapies employing
electrical stimulation.

Examples of application of peripheral nerve stimula-
tion include the treatment of pain (4), restoration of motor
functions following spinal cord injury or stroke (5,6), and
treatment of epilepsy by electrical stimulation of the va-
gus nerve (7,8). Electrical stimulation of sufficient magni-
tude will lead to generation and propagation of action
potentials from the electrode site. The objective of this
chapter is to present the fundamental principles underly-
ing nerve fiber excitation. The focus is on electrical stim-
ulation of peripheral myelinated nerve fibers.

2. STRUCTURE OF PERIPHERAL NERVE

Peripheral nerve fibers constitute both myelinated nerve
fibers and unmyelinated fibers, but in this chapter we fo-
cus on excitation of myelinated nerve fibers. Myelinated
nerve fibers, unmyelinated nerve fibers, and intraneural
blood vessels constitute the endoneurium and exist in
bundles as individual nerve branches or as fascicles
within compound peripheral nerve trunks (Fig. 1a). The
endoneurium is a privileged space and maintains a mi-
croenvironment, separated from the general circulation by
a blood-nerve barrier, appropriate to the function and
health of the nerve fibers. Each fascicle is surrounded by
a tough layer of tightly packed cells called the per-
ineurium. Finally, the individual fascicles in a compound
nerve trunk are held together by a meshwork of connec-
tive tissue and fat called the epineurium.

Fascicles are arranged topologically according to their
eventual anatomical targets. The anatomical studies of
Sunderland showed that, in the more distal sections of a
nerve trunk, motor axons are arranged into discrete fas-
cicles that eventually branch from the main trunk to in-
nervate single muscles or small groups of muscles (9). This
conclusion has been corroborated by other anatomical
studies (10), and recent data support the retention of to-
pography at more proximal levels. Intraneural microstim-
ulation has revealed that sensory fibers remain grouped

even in the more proximal regions of peripheral nerve
trunks (11,12), and retrograde staining with horseradish
peroxidase has demonstrated that the digital axons within
the median nerve of the monkey remain as discrete geo-
metrical groups from the carpal tunnel to the proximal
arm (13).

2.1. Nerve Tissue Electrical Properties

Passage of current through tissue generates potentials in
the tissue (recall Ohm’s Law: V ¼ IR). The potentials are
dependent on the electrode geometry, the stimulus param-
eters (current magnitude), and the electrical properties of
the tissue. For example, the potential generated by a
monopolar point source in a homogeneous, isotropic me-
dium can be determined analytically using the relation-
ship VeðrÞ¼

I
4psr, where I is the stimulating current, s is

the conductivity of the tissue medium, and r is the dis-
tance between the electrode and the measurement point.

The extracellular potentials are dependent on the elec-
trical properties of the tissue. The electrical properties of
peripheral nerves are both inhomogeneous and anisotro-
pic (Table 1) (14–20), and the distribution of potentials
within the nerve will depend strongly on the nerve and

nodes of Ranvier

myelin sheath

L

l
D

d

epineurium

perineurium

endoneurium

(a)

(b)

Figure 1. Structure of peripheral nerves. (a) Peripheral nerves
are typically composed of multiple fascicles, or bundles of nerve
fibers, held together in a matrix of fat and connective tissue called
the epineurium. Each fascicle is surrounded by a tight cellular
layer called the perineurium that serves to maintain the en-
doneurial environment around the nerve fibers. (b) The structure
of a myelinated nerve fiber consists of a tube of membrane, sur-
rounded over most of its area by the myelin sheath. The myelin
sheath is interrupted at regular intervals by exposed sections of
membrane called nodes of Ranvier.
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electrode geometries. Spatial variations in the electrical
properties of the tissue can cause changes in the patterns
of activation (21). To calculate the extracellular potentials
generated by extracellular stimulation in anisotropic and
inhomogeneous tissues requires a numerical solution to
Laplace’s equation using a discretization method, for ex-
ample, with the finite element method, (e.g., (22)).

2.2. Nerve Fiber Anatomy

Myelinated nerve fibers are tubes of membrane covered
over most of their surface by myelin constituted of Schwa-
nn cells (Fig. 1b). The inside of the tubes (intracellular
space) includes the axoplasm and intracellular organelles.
The myelin sheath around the axon is discontinuous. The
internodal regions are covered with myelin and periodic

breaks in the myelin sheath expose the underlying mem-
brane at the nodes of Ranvier.

Many of the excitation properties of the nerve fiber
(e.g., threshold for excitation, conduction velocity of action
potentials) are directly dependent on the morphology of
the fiber, and the morphology of the nerve fiber provides
the basis for the structure of electrical circuit models of
nerve fibers. The diameter of myelinated nerve fibers, D,
spans a range of B1–20 mm and can, to some degree, be
correlated with function (Table 2) (23). The geometry of
myelinated nerve fibers is quite stereotyped and can be
expressed in relation to the fiber diameter (Fig. 1b). In
mammals (rat, cat), the internodal spacing, L, is propor-
tional to the fiber diameter (L¼ 100�D), the axon diame-
ter, d, is proportional to the fiber diameter, D, (d¼ 0:7�D),
and the nodal length is approximately 1.5mm (24).

3. THRESHOLD AND PROPAGATION

A nerve fiber can be stimulated by changing the potential
across the nerve fiber membrane (depolarization). At rest,
the potential across the membrane is approximately
� 70mV, measured inside with respect to outside. Mak-
ing the transmembrane potential less negative, referred to
as depolarization, is required to generate excitation and
initiation of an action potential. Following artificial elec-
trical excitation at a certain point along the fiber, the ac-
tion potential will generally propagate in both directions
away from the site of initiation (Fig. 2). The action poten-
tial propagating in the normal or orthodromic direction
reaches the terminal of the fiber leading to release of ne-
urotransmitter that can impact the postsynaptic cell. For
example, at the synapse between a motor nerve fiber and a
muscle cell (the neuromuscular junction), acetylcholine is
released to cause muscle contraction. The action potential
traveling in the opposite direction from normal (anti-
dromic) will propagate to the cell body in the case of ef-
ferent (motor) nerve fibers or to the receptor in the case of
afferent (sensory) nerve fibers.

Nerve fibers are nonlinear and respond to an electrical
stimulus with an all-or-none response. The response of a
nerve fiber to a subthreshold and suprathreshold stimulus
is shown in Fig. 2. In response to the smaller stimulus, the

Table 1. Electrical Properties of Peripheral Nerve Tissues

Tissue Type
Electrical

Conductivity (S/m) Reference

Epineurium 0.037 14 (assumed same
as fat)

Perineurium 0.0021 15*

Nerve fiber bundles anisotropic
Transverse 0.010 16 (toad sciatic

nerve)
0.082 17 (cat dorsal

columns)
0.13 18 (cat internal

capsule)
Longitudinal 0.41 16

0.50 17
1.2 18

Encapsulation
tissue

0.16 19

*The conductivity of perineurium was estimated from in vitro measure-

ments of the specific conductance (S/m2) of perineurium in frog and mea-

surements of the thickness of the perineurium from cat sciatic nerve

(30 mm) (20). Measurements of the conductivity of perineurium in mam-

mals have not been conducted.

Table 2. Classification of Peripheral Myelinated Nerve Fibers in Mammals (23)

Designation Type Fiber Diameter Actuator

Myelinated motor (efferent) a 9–20mm Extrafusal muscle fibers
b 9–15mm Extra- and intrafusal muscle fibers
g 2–9 mm Intrafusal muscle fibers

Myelinated preganglionic (efferent) 1–3 mm Postganglionic neurons innervating smooth muscle, cardiac muscle

Sensor

Myelinated sensory (afferent) Ia 9–22mm Primary intrafusal ending
Ib 9–22mm Primary golgi tendon organ ending
II 5–15mm Ruffini endings

Secondary intrafusal endings
Pacinian corpuscles, hair follicles

III 1–7 mm Thermoreceptors, pain fibers

2 NERVE STIMULATION



neural membrane responds in a linear manner, charging
and discharging during and after the stimulus, respec-
tively, and no action potential is initiated. When the stim-
ulus is increased above the critical amplitude (threshold),
the membrane initiates an action potential as a result of
flux of sodium ions from the extracellular space to the in-
tracellular space. This action potential is then propagated
in both directions along the fiber.

The velocity at which action potentials travel along
myelinated nerve fibers is proportional to the fiber diam-
eter (conduction velocity E6m/s per mm of diameter). This
relationship develops from the correlation between fiber
diameter and internodal spacing (L¼ 100D). As larger di-
ameter fibers have larger internodal spacing, the action
potential travels further as it moves from node to node in
large diameter fibers than it does in small diameter fibers.

Depolarization of a nerve fiber can be achieved by in-
tracellular current injection resulting in transmembrane
current flowing from the intracellular space to the extra-
cellular space or by imposition of an extracellular poten-
tial distribution that results in transmembrane current
flowing from the intracellular space to the extracellular
space. Electrical current pulses delivered through extra-
cellular electrodes located in the vicinity of the nerve fiber
can be used to create extracellular potentials in the tissue
that, in turn, may lead to the generation of an action po-
tential. The distribution of extracellular potentials is de-
pendent on the electrode geometry, the electrical
properties of the extracellular tissue, and the stimulation
amplitude, and the effect of the potentials on neurons is
dependent on the nerve cell type, its size and geometry, as
well as the temporal characteristics of the stimulus.

4. ELECTRICAL CIRCUIT CABLE MODELS OF NERVE FIBERS

Electrical circuits are used to model the electrical behavior
of nerve fibers. These circuits, often referred to as core

conductor models or cable models, rely on representing the
nerve fiber as a series of cylinders (1). Based on the ge-
ometry of a nerve fiber (see above), a series of equivalent
cylinders are used to represent the fiber geometry. Each
cylinder is, in turn, replaced by a ‘‘compartment,’’ repre-
senting the neuronal membrane, and a resistor represent-
ing the intracellular space (25). Thus, the model becomes a
series of membrane compartments connected by resistors.
Each compartment is itself an electrical circuit that in-
cludes a capacitor representing the membrane capaci-
tance of the lipid bilayer, resistors representing the ionic
conductances of the transmembrane proteins (ion chan-
nels), and batteries representing the differences in poten-
tial (Nernst Potential) developing from ionic concentration
differences across the membrane. A differential equation
describing the electrical potential in the cable as a func-
tion of position and time is then solved numerically.

4.1. Models of the Axon

Myelinated axons are composed of continuous tubes of
membrane, surrounded at regular intervals by myelin
sheaths (Schwann cells), and can be considered as a con-
nection of individual patches of membrane. Each node of
Ranvier can be modeled as a membrane patch (25). Adja-
cent nodes of Ranvier are separated by internodal spaces.
If the myelin is assumed to be a perfect insulator, then the
internode can be modeled as a tube of axoplasm and rep-
resented by an internodal resistance, Ra (Fig. 3). We can
calculate the internodal or axoplasmic resistance, Ra, us-
ing the internodal spacing, L (recall, L¼ 100�D, the fiber
diameter), and the axon diameter, d (recall, d¼ 0:7�D).

Ra¼ axoplasmic resistivity�internodal length=

cross-sectional area of the lumen of thenerve fiber

¼ 4�ra
�L=ðp�d2Þ ¼4�ra

�100�D=ðp�ð0:7�DÞ2Þ

¼ 26MO;

ð1Þ

for a 10 mm diameter fiber (D¼ 10 mm), with axoplasmic
resistivity ra¼ 100O cm.

The individual nodes of Ranvier can be modeled as
patches of membrane using a parallel RC circuit (Fig. 3). If
we cut and ‘‘unroll’’ each node of Ranvier, then it is
straightforward to calculate the values for the membrane
resistance, Rm, and membrane capacitance, Cm, from
Equations 2 and 3 using the axon diameter, d (recall,
d¼ 0:7�D, the fiber diameter), and the nodal length,
l¼ 1:5 mm.

Rm¼ specificmembrane resistance=area of node

¼ rm=p�l�0:7�D

¼6063MO

ð2Þ

for a 10 mm diameter fiber with specific membrane resis-

stim

transmembrane voltage(a)

(b) 50 mV

1 ms

Figure 2. Subthreshold and suprathreshold response of a nerve
fiber to an extracellular stimulus pulse. The traces show the
transmembrane potential as a function of time in response to
stimulus pulse with subthreshold and suprathreshold intensities.
(a) The subthreshold stimulus generates a passive response that
does not propagate and decays with distance from the node under
the electrode. (b) The suprathreshold stimulus generates an ac-
tion potential that propagates in both directions from the site of
initiation.
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tance rm¼ 2000O cm2.

Cm¼ specificmembrane capacitance�area of node

¼Cm=p�l
�0:7�D

¼ 0:33pF

ð3Þ

for a 10 mm diameter fiber with specific membrane capac-
itance Cm¼ 1mF/cm2.

4.2. Analytical Descriptions of the Transmembrane Potential

The electrical behavior of the nerve fiber is described by
the distribution of the transmembrane potential in time
and in space (i.e., along the length of the fiber). In the case
of a myelinated nerve fiber, application of Kirchoff ’s Cur-
rent Law at node n yields a partial differential (difference)
equation for the transmembrane voltage at one node of the
fiber (Equation 4), or equivalently, one compartment of the
cable model produced by intracellular current injection at
one of the nodes of Ranvier (Fig. 3a). Writing Kirchoff ’s
Current Law at node n with positive current defined to
enter the node yields

Cm
dVmðn; tÞ

dt
þ

Vm

Rm
þ
½Vmðn� 1; tÞ � 2Vmðn; tÞþVmðnþ1; tÞ�

Ra

¼ Iðn; tÞ:

ð4Þ

This equation is called the cable equation and describes
the changes in transmembrane potential generated in a
nerve fiber by an intracellular current injection.

Electrical stimulation of peripheral nerve is invariably
accomplished with an extracellular current source that
generates a set of extracellular potentials outside of the
nerve fiber. We now derive an expression for the trans-
membrane voltage at one node of the fiber (Equation 6), or
equivalently, one compartment of the cable model (26). We
consider the changes in transmembrane potential pro-
duced by an electric field present outside the nerve fiber
that sets up potentials at each node of Ranvier, Ve(n).
Writing Kirchoff ’s Current Law at node n (Fig. 3b) yields:

½Viðn� 1; tÞ � Viðn; tÞ�

Ra
þ
½Viðnþ 1; tÞ � Viðn; tÞ�

Ra

þ
½Veðn; tÞ � Viðn; tÞ�

Rm
þCm

d½Veðn; tÞ � Viðn; tÞ�

dt
¼ 0:

ð5Þ

We then apply the definition of reduced transmembrane
voltage Vmðn; tÞ¼Vi � Ve, and rearrange with the source
term on the right side yielding

Cm
Vmðn; tÞ

dt
þ

Vmðn; tÞ

Rm

�
½Vmðn� 1; tÞ � 2Vmðn; tÞþVmðnþ 1; tÞ�

Ra

¼
½Veðn� 1; tÞ � Veðn; tÞþVeðnþ 1; tÞ�

Ra
:

ð6Þ

This equation is called the cable equation and describes
the changes in transmembrane potential generated in a
nerve fiber by a set of extracellular potentials.

Examining the right-hand side (source) of the two dif-
ferential Equations 5 and 6 indicates that an intracellular
current source is equivalent to an extracellular source de-
fined by the second spatial difference of the extracellular

(a)

(b)

Figure 3. Cable model of a myelinated nerve fiber. (a) Schematic
representation of a myelinated nerve fiber in the presence of an
intracellular stimulating electrode and the electrical circuit
equivalent model. (b) Schematic representation of a myelinated
nerve fiber in the presence of an extracellular stimulating elec-
trode and the electrical circuit equivalent model. In the electrical
circuit equivalent models, the nodes of Ranvier are represented
by the parallel combination of the membrane capacitance, Cm,
and the membrane resistance, Rm, and in this simplified repre-
sentation all membrane conductances are lumped into Rm. Adja-
cent nodes of Ranvier are connected by resistors, Ra, representing
the axoplasm.
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potentials.

½Veðn� 1; tÞ � Veðn; tÞþVeðnþ 1; tÞ�

Ra
¼ Iðn; tÞ: ð7Þ

Therefore, the response of the nerve fiber to an extracel-
lular field is the same as the response of the fiber to an set
of intracellular currents distributed along the length of
the fiber, where the magnitude of each current source is
defined by Equation 7 (27).

4.3. Spatial Distribution of the Transmembrane Potential

Examples of the distribution of transmembrane potentials
generated in myelinated nerve fibers by extracellular
stimulation are shown in Fig. 4. The potentials generated
in the extracellular space, by passing current through a
point source electrode, are shown in Fig. 4a at each node of
Ranvier of D¼ 4 mm and D¼ 8mm diameter nerve fibers.
The peak extracellular potential occurs outside the node
positioned directly under the electrode and is the same in
both fibers. However, the change in potential between ad-
jacent nodes is much larger in the 8 mm fiber than in the
4 mm fiber because the nodes are further apart (recall,
L � 100�D). The second difference of the extracellular po-
tentials is the source term that drives membrane polar-
ization (27,28), and thus the same distribution of
extracellular potentials gives rise to a larger change in
transmembrane potential in the 8mm fiber than in the
4 mm fiber. This result is seen clearly in Fig. 4b, which il-
lustrates the normalized change in transmembrane po-
tential generated in each of the fibers. The magnitudes of
the transmembrane potentials were normalized by divid-
ing by the peak value for the 8 mm fiber to illustrate that
the changes in transmembrane potential are larger for the
8-mm diameter nerve fiber. Also, note the triphasic shape
of the transmembrane potential distribution along the fi-
bers. The nerve fibers are depolarized immediately be-
neath the electrode (which is where action potential
initiation will occur) and hyperpolarized in regions lateral
to the electrode.

5. EXCITATION PROPERTIES OF MYELINATED NERVE
FIBERS

In this section, the fundamental factors that govern elec-
trical stimulation of the nervous system are reviewed. An
understanding of these relationships is necessary to un-
derstand how neural prostheses function and important to
the design of safe and effective devices and protocols for
functional stimulation.

5.1. Strength-Duration Relationship

The stimulus amplitude necessary for excitation of a sin-
gle nerve fiber, Ith, increases as the duration of the stim-
ulus is decreased. The strength-duration relationship
(Equation 8), (29) describes the threshold current required
to excite a single fiber as a function of the stimulus pulse
duration (PW), and an example of a strength-duration

curve is shown in Fig. 5a.

Ith¼ Irh½1þTch=PW�: ð8Þ

The parameter Irh is the rheobase current and is defined
as the current amplitude necessary to excite the neuron
with a pulse of infinite duration. The parameter Tch is the
chronaxie and is defined as the pulse duration necessary
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Figure 4. Spatial distribution of the response of myelinated
nerve fibers to extracellular stimulation. (a) Normalized extra-
cellular potentials at each node of Ranvier in 4-mm and 8-mm di-
ameter nerve fibers generated a point source electrode positioned
1mm above the central node of the fibers. The extracellular po-
tential was calculated using V(r)¼ Ir/4pr, where I is the stimu-
lating current (0.1mA), r is the resistivity of the extracellular
medium (500O cm), and r is the electrode to node distance. (b)
Profile of transmembrane potential generated in the 4 mm and
8 mm nerve fibers. The transmembrane potentials were normal-
ized to the peak value in the 8 mm fiber to illustrate the difference
between the two diameters. Maximum depolarization occurs in
the node directly under the electrode and is surrounded by flank-
ing regions where the nodes are hyperpolarized. The inset (b)
shows the transmembrane potential generated by reversing the
stimulus polarity.
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to excite the neuron with a pulse amplitude equal to twice
the rheobase current.

5.2. Charge-Duration Relationship

The amount of charge necessary for excitation, Qth, can be
determined directly by integration, with respect to time, of
the strength-duration relationship. The charge-duration
relationship (Equation 9) describes the threshold charge
required to excite a single fiber as a function of the stim-
ulus pulse duration (PW), and an example of a charge-du-
ration curve is shown in Fig. 5b.

Qth¼Qrh½PWþTch�: ð9Þ

The charge required for excitation decreases as the du-
ration of the pulses decreases. Thus, although short pulses
require higher currents for excitation, shorter pulses are
more efficient at generating excitation than are longer
pulses. Reducing the charge required for excitation re-
duces the probability of electrode corrosion (30) or tissue
damage (31) and reduces stimulator power requirements.
Shorter pulses also decrease the gain between the stim-
ulus magnitude and the number of nerve fibers activated
by increasing the threshold difference between different
diameter nerve fibers (32). Similarly, shorter pulses in-
crease the spatial selectivity of stimulation by increasing
the threshold difference between nerve fibers lying at dif-
ferent distances from the electrode (33).

5.3. Current-Distance Relationship

The current required for extracellular stimulation of ax-
ons also depends on the spatial relationship between the
electrode and the nerve fiber and the nerve fiber diameter
(26). Transmembrane potentials generated by extracellu-

lar current are largest in the fibers closest to the stimu-
lating electrode, thus less current is required to stimulate
neurons in the proximity of the electrode. As the distance
between the electrode and the fiber, r, increases, the
threshold, Ith, increases. The change in threshold for ex-
citation of myelinated nerve fibers with distance from a
point source electrode is described by Equation 10 called
the current-distance relationship.

Ith¼ IRþ k � r2: ð10Þ

The offset, IR, determines the absolute threshold and the
slope, k, determines the threshold difference between fi-
bers at different distances from the electrode (34).

5.4. Current-Diameter Relationship

In response to an externally applied stimulus, nerve fibers
with a larger spacing between the nodes of Ranvier expe-
rience transmembrane potential changes that are larger
than those in fibers with a smaller internodal spacing.
Under normal conditions, the larger diameter nerve fibers
have larger internodal spacings (recall that L � 100�D).
Thus, larger diameters fibers are activated at smaller
stimulus amplitudes than the smaller diameter fibers.
The dependence of threshold for excitation of myelinated
nerve fibers with a point source electrode in homogeneous
media, as a function of the fiber diameter, is described by
Equation 11, and an example of the current-diameter
curve is shown in Fig. 5d.

IthðDÞ¼ IDþ
a
ffiffiffiffi

D
p : ð11Þ

The two constants, a and ID, are determined from empir-
ical data [e.g., (35)].

(a) (b)

(c) (d)

Figure 5. Properties of nerve fiber stimulation.
(a) The strength-duration curve of neural excita-
tion relates the stimulation pulse amplitude to the
stimulation pulse duration. The rheobase is the
stimulation intensity required for excitation with a
stimulus pulse of infinite duration, and the chron-
axie is the minimum pulse duration required for
excitation when the stimulus amplitude is equal to
twice the rheobase intensity. (b) The charge-dura-
tion curve of neural excitation relates the stimu-
lation pulse charge (amplitude * duration for
rectangular pulses) to the stimulation pulse dura-
tion. (c) The threshold intensity required for nerve
fiber stimulation varies directly with the square of
the distance between the electrode and the nerve
fiber. (d) The threshold intensity required for nerve
fiber stimulation varies inversely with the square
root of the diameter of the nerve fiber.
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5.5. Effects of Stimulus Polarity

The polarity of a monophasic stimulation pulse has a di-
rect influence on the threshold for and pattern of stimu-
lation. Cathodic stimuli applied extracellularly depolarize
neuronal membrane in the vicinity of the electrode and an
action potential is generated (Fig. 4b). In contrast, anodic
stimuli hyperpolarize the membrane immediately adja-
cent to the electrode. However, anodic stimuli can also
generate excitation at the regions of depolarized mem-
brane (called ‘‘virtual cathodes’’) that form adjacent to the

region of the neuron hyperpolarized by the stimulus (see
inset (b) in Fig. 4b). Action potential initiation will occur at
the virtual cathode(s) if the current amplitude is sufficient
to bring the depolarized portion of the membrane to
threshold. Typically, current thresholds for excitation
with an anodal current, via virtual cathodes, are 5–8
times larger than the threshold current for direct cat-
hodal stimulation.

5.6. Monophasic vs. Biphasic Stimuli

Under most conditions, chronic electrical stimulation of
the nervous system is accomplished with biphasic stim-
ulus pulses to prevent damage to stimulating electrodes or
the underlying tissue (30,36). Although monophasic stim-
uli are sufficient to generate excitation (Fig. 6a), the sec-
ond phase of a biphasic stimulus reverses the charge
injected by the first phase of the pulse, which may reverse
electrochemical reactions at the electrode-electrolyte in-
terface and shift the electrode potential in a direction op-
posite to that of the primary phase. The second phase of
the stimulation waveform, although primarily in place for
charge recovery, also has effects on excitation (32,37). The

(a)

(b)

(c)

(d)

Figure 6. Stimulation of nerve fibers with monophasic and
biphasic pulses. Each pair of traces shows the transmembrane
potential response to the current stimulus below. (a) Stimulation
with a suprathreshold monophasic current pulse generated an
action potential (pulse duration (PD)¼0.5ms, pulse amplitude
(PA)¼20mA/cm2). (b) The same stimulus, when followed by a
pulse of opposite polarity and equal magnitude, failed to generate
an action potential. (c) When the amplitudes of both the first pulse
and the second pulse were increased (PD¼0.5ms, PA¼ �40mA/
cm2), the biphasic pulse did generate an action potential. (d) Al-
ternatively, if the duration of the second pulse was increased by a
factor of ten (PD¼5ms) and its amplitude was decreased by a
factor of ten (PA¼ �2 mA/cm2), then the original stimulus pulse
did generate an action potential. The data were generated using
intracellular stimulation in a space-clamped patch of neuronal
membrane with Hodgkin–Huxley dynamics (25).

(a)

(b)

Figure 7. Recruitment of nerve fibers by changes in stimulation
intensity. (a) The distribution of nerve fiber diameters and elec-
trode to nerve fiber distances yields a distribution of thresholds to
excite individual nerve fibers. (b) The recruitment curve describes
the number of nerve fibers stimulated as a function of the stim-
ulus intensity, where the intensity can be modulated through
changes in either the amplitude or duration of the stimulus pulse.
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second phase may arrest an action potential generated by
the first pulse and increase the threshold for excitation
(Fig. 6b) (25). This effect can be offset by increasing the
amplitude of the primary phase (and, in parallel, the am-
plitude of the secondary phase such that an equal and op-
posite charge is injected in each phase) or by reducing the
amplitude and increasing the duration of the secondary
phase (Fig. 6c).

5.7. Recruitment

The stimulation intensity required to activate a single
nerve fiber is dependent on the distance between the fiber
and the electrode (Fig. 5c) and the diameter of the nerve
fiber (Fig. 5d). Thus, the distribution of nerve fiber diam-
eters and electrode to nerve fiber distances within a nerve
trunk produces a distribution of thresholds to excite indi-
vidual nerve fibers (Fig. 7a). The number of nerve fibers
stimulated can be regulated through modulation of the
stimulation intensity in a process commonly referred to as
recruitment. The stimulation intensity can be modulated
through changes in either the amplitude or duration of the
stimulus pulse (recall the strength-duration relationship,
Fig. 5a). The relationship between the stimulus intensity
and the number of nerve fibers stimulated is referred to as
the recruitment curve (Fig. 7b) (38,39). Increasing stim-
ulus intensity is analogous to cumulative summation (in-

tegration) of the distribution of stimulation thresholds,
and the cumulative probability distribution describes the
number of active nerve fibers as a function of stimulation
intensity.

6. ELECTRODES FOR NERVE STIMULATION

Nerve-based electrodes may be placed in, on, or around
peripheral nerve trunks (Fig. 8) (40,41), in which locations
overcome many of the disadvantages of muscle-based elec-
trodes; however, they also introduce a host of new chal-
lenges (39,40). The electrodes may be placed in areas of
relatively low stress, minimizing the chances of mechan-
ical failure of the electrodes or leads. Nerve-based elec-
trodes are also unlikely to be subject to length-dependent
recruitment properties, as the electrodes do not move rel-
ative to the motor nerve fibers (42). Nerve-based elec-
trodes have excitation thresholds that are an order of
magnitude lower than those of intramuscular and epimy-
sial electrodes. The use of lower excitation currents per-
mits the use of smaller electrode surfaces to increase
selectivity while reducing the risk of electrode or tissue
damage.

Nerve-based electrodes also offer the opportunity for
more controlled activation of nerve fibers and, thus, more
refined control of nervous function. In addition to stimu-

extraneural
electrodes

epineural
electrodes

(a)

(d)(b)

(c)

intraneural (intrafascicular)
electrodes

nerve
fascicle

exposed electrodesinsulated wire(e)

Figure 8. Electrodes for peripheral nerve stimula-
tion. (a) Electrodes for stimulation of peripheral
nerve fibers may be placed in (intrafascicular or in-
traneural electrodes), adjacent to (epineural elec-
trodes), or around a peripheral nerve trunk
(extraneural or cuff electrodes). (b) The CWRU spi-
ral nerve-cuff electrode designed to fit snugly around
a nerve trunk while enabling expansion and contrac-
tion to accommodate changes in nerve diameter (fig-
ure courtesy of J. T. Mortimer). (c) The Huntington
helix electrode designed to fit snugly around a nerve
trunk [figure modified from (40)]. (d) The Flat Inter-
face Nerve Electrode designed to maximize the cir-
cumference of the instrumented nerve and afford
access to all fascicles for selective stimulation and
recording (figures courtesy of P. B. Yoo). (e) Bipolar
intrafascicular wire electrodes design to record from
or stimulation small groups of nerve fibers [figure
modified from (41)].
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lation, nerve-based electrodes can record afferent activity
in peripheral nerves that can be used as a prosthesis com-
mand signal or for closed-loop control (43–45). Selective
activation of different diameter nerve fibers can be
achieved using specialized stimulus waveforms (35,46),
and large amplitude depolarizing stimuli can create anod-
al block of propagation in large nerve fibers at the virtual
anodes formed around the central cathode (28,47,48). In
addition, small electrodes placed very close to the targeted
nerve fibers activate smaller nerve fibers at lower currents
than larger nerve fibers (49–51). Similarly, nerve-cuff elec-
trodes can generate unidirectionally propagating action
potentials and, thus, block neural transmission via colli-
sion block (52).

Nerve-based electrodes also present additional chal-
lenges that are not such a concern with muscle-based
electrodes. First, because they are in direct contact with
neural tissue, nerve-based electrodes may be more likely
to cause neural damage than muscle-based electrodes. Se-
lective activation of individual muscles is also more chal-
lenging with nerve-based electrodes. Muscle-based
electrodes are placed directly in or on the muscles tar-
geted for activation. Although nerve-based electrodes
could potentially be placed directly in or on particular
nerve branches innervating individual muscles, such an
approach makes for a very difficult implant procedure and
requires that a separate electrode be placed to activate
each targeted muscle.

A number of approaches for selective stimulation of in-
dividual muscles with nerve-based electrodes have been
developed (53). A successful nerve-based electrode must
allow selective and independent control of multiple muscle
innervated by a common nerve trunk, it must minimize
the potential for damage to the neural tissue, and it must
be simple to implant. Selective activation of individual
muscles using nerve-based electrodes can be achieved by
localizing the region of excitation to specific fascicles or
regions of fascicles within a nerve trunk. Thus, an elec-
trode with sufficient spatial selectivity should allow selec-
tive activation of an individual muscle without activation
of other muscles served by different regions of the same
nerve trunk. Nerve-based electrodes thus provide a suit-
able approach for electrical stimulation of peripheral
nerve fibers for restoration of function (5,54).
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1. INTRODUCTION

Recorded neural activity can provide an alternative means
to directly control a wide range of useful assistive tech-
nologies designed to improve functional capabilities of in-
dividuals with disabilities. The recorded neural activity
associated with attempted movements or other cognitive
processes have distinct features that can be detected and
interpreted in real-time. Both invasively recorded neural
signals and noninvasively recorded neural signals can be
‘‘decoded’’ into multiple continuous or discrete command
signals that can be used to drive different assistive device
functions. In some applications, these command signals
are applied to device functions that directly correspond to
the original purpose of the neural activity, such as con-
trolling a prosthetic hand with the neural patterns asso-
ciated with attempted hand movements. However,
recorded neural activity can also be transformed into com-
mands that control abstract device functions such as using
cortical activity associated with attempted hand move-
ment to select letters on a screen or change the volume on
the television.

Even regaining function of one’s own paralyzed limbs
just by thinking of moving them is becoming a reality
through advances in neural recording and peripheral
nerve stimulation technology. Researchers can now ex-
tract intended arm and hand movements from the motor
areas of the brain in real-time. Other researchers have
also developed the technology to generate movements in
paralyzed limbs using Functional electrical stimulation
(FES) of the peripheral neural circuitry (1–3) (see the
chapter on FUNCTIONAL ELECTRICAL STIMULATION (FES) FOR

STROKE REHABILITATION for further information on FES).
By combining these two technologies, movement com-
mands can bypass damaged parts of the nervous system,
allowing paralyzed individuals to move their limbs once
again using their own natural thought processes (4–6). In
instances of partial paralysis, the intended movement
could also be deduced from the remaining peripheral
nerves, muscles, and limb activity. A smart controller
could use these clues to replace lost function without the
need to access brain activity directly (3,7–11). However, for
individuals with high-level spinal cord injuries or other
severely paralyzing conditions, both invasive recordings
and noninvasive recordings of brain activity can provide
new options for directly controlling assistive devices or
even one’s own paralyzed limbs via their native cortical
circuitry.

For individuals whose peripheral nerves or limbs are
too damaged from injury or disease to be activated
through functional electrical stimulation, cortical cir-
cuitry can be used to drive advanced robotics and pros-

thetics technologies that enable severely paralyzed
individuals to physically interact with and manipulate
objects in the environment. Wheelchair-mounted robotic
arms, such as the Assistive Robot Manipulator (ARM)
from Exact Dynamics and the Raptor from Advance Re-
habilitation Technologies, can provide reaching and grasp-
ing function to those individuals who are not candidates
for FES. Small mobile robots may one day roam the homes
of paralyzed individuals enabling them to fetch objects at
a distance without having to move to the object’s location
(12,13). High-tech job environments have been developed
that incorporate specialized robotics, allowing paralyzed
individuals to hold jobs that require physical object ma-
nipulation—jobs that would otherwise be off limits to the
severely paralyzed population (14,15).

Most individuals with high tetraplegia (paralysis of
both the arms and legs) can still use a computer effec-
tively with devices such as mouth-operated joysticks, sip-
n’-puff mouth tubes, tongue-touch keypads, eye trackers,
and voice commands (for lists of assistive technology web-
sites, see Ref. 16). Customized software interfaces allow
these individuals to hold productive computer-based jobs
and run software to control their home environment (e.g.,
turn on and off lights and appliances, answer the phone).
However, mouth- and face-based command signals are
much less practical when used to direct a robotic arm or
an FES-activated paralyzed arm in daily feeding and fa-
cial grooming activities. Controlling these types of device
activities directly from the brain would eliminate this in-
terference between command signal and device function.
Using brain signals instead would also allow a person to
retain normal use of their mouth and face, which is im-
portant for normal social interactions.

For the most severely paralyzed or ‘‘locked in’’ individ-
uals, the priorities for regaining function are usually dif-
ferent than for those with spinal cord injuries. Imagine
being frozen within your own body—unable to move vir-
tually anything. Individuals with late-stage amyotrophic
lateral sclerosis (ALS or Lou Gehrig’s disease), mitochond-
rial myopathy, or a brainstem stroke are often immobi-
lized to the point of being unable to communicate through
any conventional means. In this situation, a direct brain-
computer interface can be used to control an augmentive
communication system and substantially improve the per-
son’s quality of life (17–21).

2. TYPES OF NEURAL SIGNALS

Two primary categories of recorded brain signals exist
that have been used for assistive device control: unit re-
cordings and field potentials. Each category has its ad-
vantages and disadvantages, and each type of signal has
its own hardware and signal processing requirements.
‘‘Unit’’ or ‘‘multiunit’’ recordings are acquired using mi-
croelectrodes that are inserted into the brain. These elec-
trodes have very small recording sites that are selective
enough to detect the action potentials of individual neu-
rons. The second category of brain signals, the field po-
tential, can be measured noninvasively using scalp
surface electrodes (electroencephalograms or EEGs) or in-
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vasively using electrodes implanted within the skull (22),
on the dura, on the brain surface, or even within the brain.
Figure 1 illustrates typical sizes and locations for these
different kinds of recording electrodes. Although micro-
electrodes for recording units are small enough to detect
action potentials of specific individual neurons, field po-
tentials are most often recorded with much larger elec-
trodes and acquire signals that represent the summation
of the electric fields generated by postsynaptic and other
activity of all of the neurons in the vicinity of the recording
electrode (23). Both types of signals can convey informa-
tion about the person’s desired movement or intent. How-
ever, they are generated from very different aspects of the
neural signaling process (action potentials from individual
neurons versus primarily postsynaptic potentials from
many neurons). Therefore, the analysis and decoding of
these two types of signals are inherently very different. In
unit recordings, the firing rates of the different neurons
are most often used to predict desired movement or intent.
For field potentials, real-time spectral analysis is usually
performed, and changes in the frequency content of the
neural signals provide clues about the person’s desired
movement or intent.

Figure 2 shows a visual analogy of the qualitative dif-
ferences between these two types of signals when used as
a movement command source for assistive devices. Imag-
ine that Fig. 2a symbolically represents the complete in-
formation about an intended movement encoded in the
motor areas of the brain. Figure 2b represents the type of
information one can get about intended movement when
using intracortical microelectrodes. As we can only record
a small subset of the total population of neurons associ-
ated with movement generation, we are not getting the
complete information about the intended movement. Fig-
ure 2c symbolizes the type of information that can be re-
trieved using brain or scalp surface electrodes. The details
of the movement encoded by individual neurons are lost
because of spatial averaging. However, more generalized
information remains.

Neither Fig. 2b nor Fig. 2c look very promising because
of gross under-sampling or over-averaging, respectively.
However, two factors remain that enable these different

brain recording technologies to produce viable command
signals for assistive device control: (1) the ability of the
motor system to learn to produce more useful command
signals with regular practice, and (2) the development of
more intelligent controllers that extract key bits of infor-
mation from the recorded signals and then deduce the un-
available details from general principles of the motor
system. Figure 2d and Fig. 2e symbolically illustrate neu-
ral retraining for unit recordings and field potentials, re-
spectively. In both animal studies and human studies,
subjects have demonstrated the capacity to learn to pro-
duce more effective unit and field potential command sig-
nals with regular practice.

Figure 2f illustrates the process of using key pieces of
information from the brain signals and filling in the rest of
the movement command based on known properties of the
motor system. For example, if we deduce from the brain
activity the location to which a person is trying to move
their hand, a smart controller could use knowledge of the
person’s anatomy, musculoskeletal dynamics, and the
stimulation capabilities of the person’s implanted FES
system to determine the stimulation patterns needed to
move the hand to the desired location (24). The recorded
brain activity does not need to convey details of the spe-
cific muscle activation levels or the specific trajectory used
to get to that desired location. In fact, because the brain
command signals are used to drive imperfect replicas of
the natural biological system (e.g., robotic arms, computer
cursors, FES systems that can activate only a subset of the
original musculature), extracting more abstract or goal-
oriented information from the brain may be preferable for
many assistive device functions. People are not born with
a motor system that encodes computer cursor position or
the inner workings of an assistive robot. However, the
more generalizable aspects of movement can be extracted
from the motor activities that the brain normally does
control (e.g., thoughts of arm and hand movements) and
can be applied to a very diverse range of movement-re-
lated assistive devices.

Figure 1. Range of electrode types used to de-
tect brain activity for use in brain-machine or
brain-computer interfaces (BMI or BCI). Non-
invasive encephalographic or EEG electrodes
are relatively large electrodes that are placed
on the scalp surface. Conductive electrodes can
also be screwed into the skull for more perma-
nent signal detection without crossing the
dura. Subdural electrode arrays are placed di-
rectly on the brain surface and consist of rows
or grids of conductive disks imbedded in thin
flexible plastic. Intracortical microelectrode ar-
rays (circular inset) are the smallest electrodes
and are the only type that can detect the action
potentials produced by individual neurons. The
microelectrode shanks are often thinner than
hairs and can contain one or more recording
sites per shank.
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3. SIGNAL DETECTION AND INITIAL PROCESSING

3.1. Detection and Processing of Unit Activity

During an action potential, the change in a neuron’s trans-
membrane voltage can be as large as B100 mV peak-to-
peak. However, no stable method has been developed to
chronically maintain an electrode within a cell to record
this transmembrane voltage in awake and active animals
or humans. Instead, action potentials are only chronically
recorded from cortical neurons using extracellular micro-
electrodes such as those shown in Fig. 1 (circular inset).
The range of magnitudes of the action potential voltage
waveforms detected with extracellular electrodes is sub-
stantially smaller than that measured intracellularly (i.e.,
microvolts instead of millivolts). Therefore, these small
signals are very susceptible to noise and require early
amplification and filtering for robust detection.

Figure 3a shows the general process by which these
extracellular recordings are converted into a multidimen-
sional command signal. This process includes digitizing
the voltages recorded on each electrode (window I), ex-
tracting the exact times when individual neurons fired
based on when the voltage crosses a preset threshold and
then identifying which neuron fired based on the specific
wave shape surrounding this threshold crossing (window
II), determining a firing rate for each neuron based on the

determined times of the action potentials (window III),
and finally applying a decoding function to these firing
rates (window IV) to extract out the desired command sig-
nals (window V).

Intracortical microelectrodes detect the rapid voltage
changes in the extracellular matrix generated by action
potentials in the large cell bodies of nearby neurons. The
recording sites, however, are often located among multiple
cell somas that all produce measurable voltage changes on
the same electrode when these neurons fire. The size,
shape, and membrane properties of each neuron as well as
its distance from the recording electrode will affect the
shape of the waveform recorded at the electrode. As a re-
sult, the recorded waveforms will vary from neuron to
neuron. Therefore, differences in the waveforms can be
used to determine which of the nearby neurons fired each
time a waveform is detected. Accurate classification of
each waveform by shape requires digitizing the voltages at
a high enough resolution to capture pertinent waveform
details. Typical commercial neural recording systems de-
signed for waveform classification have recording resolu-
tions ranging from 24 to 40 kHz sampling rate at 12 to 16
bits per sample. Once the extracellular voltage is digi-
tized, a variety of pattern matching or classification algo-
rithms can be used to discriminate between the action
potentials of different neurons (25).

Figure 2. A visual metaphor for the process of
decoding either unit activity or field potentials
into movement commands for an assistive de-
vice. If the complete image in (a) symbolically
represents the activity in all of the motor-re-
lated neurons in the brain associated with a
natural movement command, then (b) illus-
trates the quality of information about that
movement that can be gleaned from unit activ-
ity using intracortical microelectrodes. The fir-
ing patterns of only a very small sample of
neurons can be detected. Image (c) illustrates
the quality of information about the movement
that can be obtained from field potential re-
cordings such as electroencephalograms or
electrocorticograms. These electrodes detect
signals that represent the net sum or average
activity of all the nearby neurons. Parts (d) &
(e) represent how the neural circuits can be re-
trained with practice to more accurately con-
vey the most pertinent information necessary
to convey the desired movement command. (f)
represents how a smart controller can use this
incomplete information to predict the primary
intent of the movement command without
needing to know the complete neural activity
associated with that command.
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Figure 3. Common steps used to extract assistive device commands from recorded brain signals.
In this example, neural signals are processed to produce two proportional and one discrete com-
mand signal for a brain-controlled computer mouse. Part (a) illustrates the process of using unit
activity recorded from intracortical microelectrodes. Window I shows a few seconds worth of re-
corded voltages from two microelectrodes. Action potentials from neurons near the electrode cause
spikes in the voltage that are detected when the voltage drops below a preset threshold (i.e., crosses
into the darker gray area on the plot). Each time the threshold is crossed, a B1 msec window of the
recorded signal is captured and the wave shape is evaluated to determine which neuron generated
the spike. The upper and lower sets of action potential waveforms in window II were captured each
time the threshold was crossed by the voltages recorded on the first and second electrode, respec-
tively. Note, waveforms from the first electrode have three distinct and separable shapes indicating
that three different neurons are being detected. These waveform differences can be used to sep-
arate out which neuron generated the detected spike. In this case, spikes are assigned as neuron
1A, 1B, or 1C based on which of the three boxes the waveforms crossed. The waves from the second
electrode are not as easily separable into distinct groups. In this case, all spikes are assigned to a
single neural unit, 2A. Window III show raster plots of the spike times from the four neural units
recorded on the two electrodes. Above the rasters are estimates of each neuron’s changing firing
rate over time. Using an appropriate transfer function (window IV), these firing rates are then
decoded into the appropriate proportional and discrete command signals. Part (b) illustrates the
process of converting field potentials into device commands. Window I of part (b) shows voltage
traces recorded from brain surface electrodes. Window II, shows how the power in specific fre-
quency bands (e.g., m and b) are then extracted from each of the voltages often after subtracting out
the average voltage values from surrounding electrodes. These fluctuations in the power spectra
over time are then decoded into appropriated device commands via various decoding functions
(windows III & IV).
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The leftmost window in Fig. 3a shows two continuous
voltage traces measured on two different intracortical re-
cording electrodes. Each time an action potential causes
the voltage to pass a certain threshold, a small (B1 msec)
window of voltage data is analyzed in order to classify the
waveform as coming from one neuron or another. The up-
per and lower plots in window II of Fig. 3a show a collec-
tion of waveforms from the upper and lower recording
traces, respectively. Three distinct groupings of wave-
forms can be seen in the upper plot, suggesting that the
first electrode is detecting action potentials from three
different neurons. As little or no overlap exists between
the distributions of these waveforms or with the back-
ground noise, we can fairly accurately identify which one
of the three cells fired whenever a waveform is detected.
Raster plots of the detected firing times of these neurons
are shown in the top three traces in window III of Fig. 3a.
(rasters labeled 1A, 1B, and 1C). Note that the firing pat-
terns of these three neurons over time are quite different.
Therefore, each may contain unique and useful informa-
tion about the subject’s desired movement or intent.

The bottom set of traces in window II includes a variety
of waveforms suggesting the second electrode is recording
more than one distinct neuron. However, on this electrode,
no clear separation exists between the different types of
waveforms. Therefore, it is difficult to precisely discern
how many individual neurons are actually detected on
this one electrode channel, much less determine to which
neuron each individual waveform should be attributed. A
number of methods exist to estimate both the number of
separate neurons recorded on a given channel and to de-
termine which waveforms were produced by which neu-
rons (see reviews in Ref. 25). As these calculations require
high-resolution sampling and additional processing hard-
ware to accomplish in real-time, the benefits of accurately
separating out which waveforms came from which neuron
may or may not outweigh the costs of the additional res-
olution and processing capacity needed for this task. This
decision will depend on how much more useful informa-
tion can be gleaned from the signal by doing this extra
calculation step. Instead, a computationally efficient
threshold detector could simply be used to detect when
action potentials occur. In that case, all action potential
waveforms would be treated as coming from the same
neural source, and a single train of action potential or
‘‘spike’’ times can be evaluated for its information about
intended movement. The bottom raster plot in Window III
of Fig. 3a illustrates this more efficient but less informa-
tive process.

To date, most methods used for real-time decoding of
intracortical signals into movement commands have suc-
cessfully focused on using the firing rates of the recorded
neurons. Firing rates as functions of time are usually cal-
culated by binning the data into small segments [e.g., ev-
ery 50 msec (26) or 100 msec (27)] or by creating a moving
average, such as calculating rates over 90 msec bins
shifted and recalculated every 30 msec (28,29). The con-
tinuous traces above the raster plots in window III of Fig.
3a illustrate this conversion of spike train point processes
into scalar functions of time. A few studies have looked
offline at information in the specific timing of individual

spikes across neurons (30–32). However, including spike
timing information in the decoding algorithms will often
increase processor requirements over simpler rate-based
decoders.

The last step in extracting device command signals
from the intracortical data is the decoding of the firing
rates from all the recorded units or multiunit clusters into
to an N-dimensional command signal using an appropri-
ate decoding algorithm or transfer function. The output
can be in the form of continuous proportional command
signals or discrete states such as a binary on-off command.
Window V in Fig. 3a shows an example of converting the
neural data into a command signal for a brain-controlled
computer mouse. In this case, the required output is two
proportional command signals, for horizontal and vertical
cursor positions, and a third channel of binary control
used for the mouse click.

A number of intracortical microelectrode technologies
have been developed to record multiunit activity from the
cortex. Multiple insulated hair-thin microwires are easily
formed into arrays and inserted into the cortex where sig-
nals are recorded from the deinsulated wire tips. Silicon
microfabrication processes are also used to manufacture
precision arrays in either planar form, such as those de-
picted in the circular inset in Fig. 1, or in 3-D structures
where arrays of needle-thin spikes extend down into the
brain from a platform that rests on the brain surface. Still
other options for intracortical unit recordings include in-
serting small glass cones into the brain, which contain re-
cording wires and are filled with nerve growth factors.
Over time, the nerve growth factor triggers surrounding
neurons to send neural processes into the cone where ac-
tion potentials can be stably detected by the recording
wires (20).

In order to obtain as much information as possible with
any given electrode technology, the ‘‘yield,’’ or the average
number of recordable units per implanted electrode chan-
nel, should be optimized. With acute brain recordings, the
electrodes can be inserted slowly until the recording sites
are close enough to neuronal cell bodies that the action
potential waveforms are readily detected. However, in
chronically placed cortical electrodes, where the targeted
areas are thin layers of cells less than a millimeter thick, it
is difficult to ensure that all recording sites on an electrode
array will end up in the desired layers containing record-
able neurons. Electrodes can move over time because of
small forces exerted by the leads that connect the elec-
trodes to skull-mounted percutaneous connectors or te-
lemetry systems. Tissue reactions and encapsulation can
also exert forces on the electrodes that can cause displace-
ment of the recording sites from the desired layers (33). In
addition, the cortical surface and underlying layers are
tightly curved into sulci and gyri, often making it impos-
sible to align arrays of linearly-arranged electrodes so that
all of the recording sites fall within the desired cell-rich
cortical layers. As a result of these factors, arrays of im-
planted electrodes often detect little or no useful wave-
forms on some recording channels and multiple
waveforms on other recording channels.

A number of strategies exist for ensuring that enough
neurons can be detected to produce a sufficiently accurate
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command signal for a specific assistive device. One strat-
egy is to simply insert many more electrodes than are ac-
tually needed in order to compensate for any unproductive
channels. A growing trend exists to produce arrays of
electrodes with a large number of recording channels per
array [e.g., the 100-channel bionics arrays have been
widely used in many animal research studies and are
now being tested for human use by Cyberkenetics, Inc.
(26), and electrodes of up to 1141-channels per array have
been produced for animal studies (34)]. Alternatively, one
can simply insert a larger number of smaller electrode ar-
rays, which allows for individual positioning of each sub-
set of electrodes. Additionally, some labs are developing
chronic electrodes that are not fixed. In this case, each in-
dividual electrode can be adjusted up or down until its re-
cording tip is in an appropriate cell layer (35). Movable
electrodes are an effective way to increase yield in re-
search animals, although they also require more cumber-
some external connection hardware that may not be
acceptable in many human applications. Another ap-
proach is to use arrays of microfabricated planer elec-
trodes that have multiple recording sites located at
various depths along the electrode (see circular inset in
Fig. 1). Positioning recording sites at multiple depths
along the same electrode shaft increases the chance that
at least a certain minimum percentage of the recording
sites will be located in prime cell layers, even if the elec-
trodes move up or down over time.

3.2. Detection and Processing of Field Potentials

Electrodes for measuring field potentials on the scalp or
brain surface are usually orders of magnitude larger than
the intracortical electrodes used to measure action poten-
tials from individual neurons. The field potentials mea-
sured by surface electrodes reflect the net summation of
potentials resulting from extracellular current flow from
postsynaptic and other activity of all neurons in the vi-
cinity of the recording electrode. Whereas unit recordings
are evaluated to detect the firing rates of individual neu-
rons, field potential recordings are primarily evaluated for
their frequency content at specific brain locations. There-
fore, these field potentials are generally divided into a
number of frequency bands of interest, and the amplitude
or power in each of these bands is calculated as a function
of time. The first window in Fig. 3b shows three sample
voltage traces recorded from brain surface electrodes lo-
cated over the motor cortex. The sampling rate needed to
adequately acquire field potential data is substantially
lower than for the intracortical unit activity (a few hun-
dred Hz versus tens of kHz). Therefore, a substantially
lower data transmission capacity is needed to send these
digitized signals to internal or external processors for ad-
ditional decoding. In many applications, the voltage signal
is normalized by first subtracting out the values recorded
on neighboring electrodes. Each processed voltage trace is
then broken up into selected frequency bands (window II
in Fig. 3b), and the power or amplitude in selected fre-
quency bands is then fed into the decoding algorithm or
transfer function for conversion into the desired command
signal (windows III & IV in Fig. 3b).

The variety of electrodes depicted in Fig. 1 includes
electrodes embedded in the skull as well as the more com-
mon scalp surface and brain surface electrodes. Brain sur-
face electrodes are often used in many research studies
because willing subjects are readily available from the
pool of epilepsy patients who have brain surface electrode
grids surgically implanted for monitoring purposes prior
to brain resection surgery. However, brain surface elec-
trodes and other invasive technologies have not yet been
widely tested in paralyzed individuals for control of as-
sistive devices.

Placing field potential electrodes at various locations
ranging from scalp to brain results in a tradeoff between
safety and recording resolution. Signal quality is lost as
the electrodes are moved farther and farther from the cor-
tical surface. The intervening cerebral spinal fluid, the
meninges, the skull, and the scalp contribute to the overall
reduction in signal amplitude and the reduction in spatial
resolution (36). The higher gamma frequency components
detectable from brain surface recordings are particularly
suppressed in scalp recordings (37). However, safety in-
creases as the electrodes are moved away from the brain.

Other practical considerations when deciding whether
to select invasive versus noninvasive field potential elec-
trodes include electrical noise caused by uncontrolled
scalp muscle activity, the consistency of placement of the
electrodes over time, as well as the convenience, comfort,
and cosmesis of permanently implanted electrodes. Unlike
EEGs taken from the scalp surface, permanently im-
planted electrodes do not require caregiver assistance to
don and maintain. Therefore, the command source is al-
ways available for use. For applications, such as the fully
implanted FES systems currently under development
(2,3,24), this constant availability is a plus. By using all
implanted components (power, processor, command source
sensors, and stimulator), a paralyzed person could use an
FES device to move his or her paralyzed limbs anytime
without caregiver assistance, thus greatly enhancing in-
dependence.

Intracortical microelectrodes can also be used to ac-
quire very localized field potentials as well as unit activity.
To do so, the signal is simply low-pass filtered to capture
the slower components characteristic of field potentials.
The source of the signal is the same as for larger elec-
trodes (i.e., primarily currents generated by postsynaptic
activity). However, the spatial resolution is much greater
than surface electrodes, as these tiny recording sites de-
tect potential changes from a much smaller and more lo-
calized group of neurons. Animal studies suggest that
these local field potentials are also useful as potential
command signals (38–40) and may provide an alternative
source of command signals from intracortical electrode
channels that fail to detect any individual action poten-
tials.

4. DECODING BRAIN ACTIVITY INTO DEVICE
COMMAND SIGNALS

Two categories of brain activity have been employed for
control of various devices. Some studies use a person’s in-
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voluntary responses to stimuli. However, a majority of the
work in this area uses the person’s volitional modulation
of brain activity generated by attempting or imagining
movement or performing other mental processes. Both
have been used in devices that use field potentials as an
input signal. Brief examples of each from the field poten-
tial literature will be discussed here. However, further
discussion on using field potentials for command and con-
trol can be found in the chapter EEG-BASED BRAIN-COMPUTER

INTERFACE SYSTEM of this volume (also, for review, see Ref.
17). The remainder of the chapter will focus on the work
that has been done to control devices using unit activity
from motor-related brain areas.

4.1. Using Field Potentials for Assistive Device Control

Involuntary responses to stimuli can be used to ‘‘read’’ the
thoughts of severely paralyzed or locked-in individuals
when few other options for communication exist. Some
EEG-based brain-computer interface systems make use of
the fact that the brain responds differently when shown
items that the person is focusing their attention on com-
pared with uninteresting items that the person is ignor-
ing. By repeatedly flashing a range of icons or letters on a
screen, the icon or letter the person is attending to will
generate a different brain response than will items that
are being ignored. The person simply watches for and at-
tends to the letters or icons they wish to select, and their
brain will generate a ‘‘P300 response’’ when the desired
letter or icon flashes. This involuntary response is a pos-
itive change in the field potential measured about 300 ms
after the image is displayed. A decoder can look for these
involuntary P300 responses and determine which of the
many displayed items the person was attending to and
wanting to select (41). Icons can be displayed that indicate
the person wants the lights or TV turned on or off, would
like to be moved, is too hot or cold, is in pain, and so on.
Letters can be displayed and selected enabling the person
to slowly spell words in this manner. One advantage of
this type of system is that it can still work for individuals
whose motor areas of the brain are no longer intact.

Characteristic changes in field potentials in the mu (8–
12 Hz), beta (13–26 Hz), and gamma (430 Hz) bands are
often associated with sensorimotor function and are most
widely used in brain-computer interfaces and other brain-
controlled assistive devices (17). Localized changes in
these frequency bands usually accompany movement
preparation, execution, and termination (42) and can still
be observed in paralyzed individuals years after an injury
(43). However, fine details about the movement, such as
movement direction, speed, and limb configuration, can be
more difficult to discern from field potentials than from
unit recordings. In simple terms, the amplitude in the mu
and beta bands, located over specific body representations
in the sensorimotor cortex, tends to decrease with actual,
imagined, or attempted movements and then rebound and
return to normal at movement offset or during rest (42).
Conversely, regions of the gamma band increase in am-
plitude during movements or imagined movements and go
back to normal during rest. However, the higher gamma
frequencies are not generally recordable with scalp sur-

face electrodes and require invasive electrodes for detec-
tion, such as the subdural grid electrodes used for
recording electorcorticograrns (ECoGs) (37).

Changes in frequency content measured via EEGs or
ECoGs placed over specific sensory motor regions of the
brain have been widely used to produce proportional con-
trol of one or two dimensions of cursor movement on a
computer screen. This movement itself can be used as a
communication tool for locked-in individuals by enabling
them to move the cursor to ‘‘yes’’ or ‘‘no’’ targets or to select
letters in various spelling programs (17,44). However,
computer cursor control can also estimate the level of pro-
ficiency that could be achieved by applying those same
proportional command signals to the control of other phys-
ical devices such as assistive robots or FES-activated par-
alyzed limbs. The convenient computer display of a brain-
controlled cursor provides a closed-loop learning environ-
ment in which visual feedback aids the person in learning
to modulate his brain spectra in order to achieve the de-
sired proportional movement command signals. In 1994,
Wolpaw et al. demonstrated that subjects could learn 2-D
cursor control using both the sum and the difference in
mu-range frequencies recorded via EEG electrodes over
left and right sensorimotor areas (45).

More recently, this group has improved the accuracy of
2-D cursor control from frequencies in the mu and beta
range using an adaptive decoding algorithm. The de-
coder’s coefficients were regularly adjusted as each per-
son learned to do the task in order to make use of learning-
induced changes in the person’s EEG modulation capabil-
ities (46). In this way, subjects were free to discover how
they could most reliably modulate their mu and beta
bands, and the decoder would adjust to optimally trans-
late their evolving modulation patterns throughout the
learning process. Results from this study were substan-
tially better than their earlier studies, where fixed decod-
ers defined by the experimenter were used throughout,
and the subjects had to try to modulate their brain activity
to work with the imposed decoders. Many EEG-based
studies as well as unit-based brain-control studies have
exploited this idea of coadaptation or parallel learning re-
sulting in improved performance or reduced training time
compared with fixed-algorithm training methods (29,46–
49).

EEGs have been used to control more than just com-
puter cursors. For example, FES systems that restore
hand opening and closing have been controlled by scalp
surface potentials (4–6), although scalp muscle activity
also contributed to the control signal in one of the studies
(4,5). With many FES applications, stimulus artifacts can
interfere with scalp surface recordings. However, this
problem can be overcome by only using the brain signals
recorded in between the stimulation pulses [typical stim-
ulation pulses were 20–30 ms out of every 60–80 ms (4,5)].
This intermittent sampling of the brain activity poses
problems because it inherently reduces the accuracy and
resolution of the signal acquired, especially when evalu-
ating brain signals with frequencies similar to the stimu-
lation frequency [12–16 Hz is the stimulation frequency
determined to be optimal in FES applications (50)]. Also,
as FES systems expand to include more channels of stim-
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ulation, the nonstimulating part of the duty cycle may be
reduced, leaving even less time for the recording of un-
corrupted EEGs.

To minimize problems from the stimulation artifact,
the neural recording system can be blanked during the
stimulation pulse and only the signals recorded in be-
tween stimulus pulses are then used. However, another
possible solution comes from improvements in FES elec-
trode designs that reduce current requirements and limit
current spread. For example, nerve cuff electrodes are be-
ing developed that use stimulating currents that are an
order of magnitude lower than those used with the mono-
polar epimysial, intramuscular, or skin surface electrodes
[e.g., 0.1–2 mA (51,52) versus B20 mA (53)]. Nerve cuff
electrodes focus low levels of current directly on the nerve
and can achieve more complete muscle contractions with
lower levels of current than other electrode types (51,52).
Lower current not only reduces the chance of producing
artifacts in the brain recordings, it also saves power and
battery life compared with other stimulating electrodes.

Field potentials may need to be recorded using invasive
electrodes in order to reliably extract enough multidimen-
sional movement information to command FES systems
with more degrees of freedom than the simple EEG-con-
trolled hand grasp systems mentioned above. Electrodes
implanted under the scalp or conductive screw embedded
in the skull (22) can improve the recording resolution over
scalp surface electrodes. Electrode grids placed directly on
the brain surface can improve recording resolution even
further. In offline analysis of brain surface recordings col-
lected during a 2-D center-out movement task, significant
movement-related information was shown to exist in the
gamma frequencies including high gamma frequencies of
150 Hz or more (54). This range is too high to detect with
scalp surface electrodes (37) but was readily observed from
the brain surface. This same study also used beta and
lower gamma band amplitude changes in a 1-D closed-loop
cursor control task. In that task, subjects showed rapid
learning with significant performance improvement with
just 10–20 min of practice. This rapid learning suggests
that even more reliable command signals may be obtained
from brain surface recordings with continued daily prac-
tice.

Like many research studies, this study used patients
who had subdural grids temporarily placed on their brain
for monitoring purposes prior to resection surgery for
treatment of intractable epilepsy. In these situations, elec-
trode location is determined solely by the requirements of
the patient’s clinical care and is usually not optimally
placed for movement control studies (e.g., often in nonmo-
tor areas or only mouth and tongue motor areas). None-
theless, cursor control was readily achieved by modulating
various frequency bands using imagined mouth or tongue
movements such as tongue protrusions or imagining say-
ing the word ‘‘move.’’ Subjects learned how to use these
seemingly unrelated tasks to control vertical cursor move-
ments. This abstract learning is not surprising, however,
considering many severely paralyzed individuals learn to
use mouth-operated joystick or tongue-touch keypads to
control their computers and other assistive devices.

In actual implementation, electrodes are more likely to
be placed in areas of the brain associated with paralyzed
limbs. An ideal neural prosthesis would be able to simply
‘‘read’’ the desired limb movements from the brain as the
person attempted the movements. However, movement
details like speed and direction are not as reliably dis-
cernable from the field potentials as the more general con-
dition of ‘‘moving’’ versus ‘‘not moving.’’ These more robust
on/off-type signals can still be used for directional control
by combining on/off signals from multiple brain areas and
assigning them to control directional aspects of move-
ment. For example, imagining left arm movements could
trigger a mobile robot to turn its wheels left at a fixed rate
until the imagined movements stopped. Imagining right
arm movements could similarly turn the robot’s wheels
right for the duration of the imagined movement until a
stop signal was detected. Imagining foot movements ver-
sus rest could act as a stop/go switch thus triggering the
robot to move or hold still. With electrodes over multiple
body representations and paradigms such as this, complex
movements can be built up from a combination of simple
but very reliable field potential command signals.

4.2. Using Unit Activity for Assistive Device Control

4.2.1. Fundamental Studies in Nonhuman Primates. In
contrast to field potentials acquired from the brain or
scalp surface, nearly every aspect of physical movement
has been deciphered from the patterns of action potentials
recorded from intracortical electrodes in monkeys [e.g.,
reach direction (55,56), speed (57,58), position (58–60),
force (61,62), joint kinematics (63), muscle activation (64)].
This rich movement code makes intracortical signals a
prime candidate for deriving naturalistic command sig-
nals for controlling paralyzed limbs through FES or for
control of arm-like assistive robots. In 1982, Georgopoulos
et al. reported that a majority of the neurons recorded
from the arm area of the motor cortex were ‘‘directionally
tuned’’ (55,56). This firing property meant each neuron’s
firing rate would increase when the arm was about to
move in one direction (that cell’s preferred direction) and
would decrease when the arm moved in the opposite di-
rection. Most of these neurons were ‘‘broadly tuned,’’
meaning the firing rate dropped off gradually as the an-
gle between the actual movement and the neuron’s pre-
ferred direction increased. The firing rates of most
neurons as a function of arm movement direction could
be approximately fitted with a scaled cosine function (56).
This firing property is known as cosine tuning and can be
described by these two equivalent equations.

R¼ �Rþ k cosðyCMÞ; ð1Þ

R¼ �Rþ kðCxMxþCyMyþCzMzÞ; ð2Þ

R is the firing rate. �R is the mean firing rate, [Cx Cy Cz] is
a unit vector in the neuron’s preferred direction, [Mx My
Mz] is a unit vector in the direction of movement, k is a
scaling constant, and yCM is the angle between the actual
movement and the neuron’s preferred direction. Cosine
tuning results when the firing rate is linearly related to
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the component of movement in that neuron’s preferred di-
rection. Figure 4 illustrates cosine tuning using firing rate
data recorded from a neuron in the motor cortex of a ma-
caque during center-out arm movements. Note that the
firing rate of one individual neuron cannot convey exactly
where the arm will go because the firing rate will vary
each time the same movement is repeated. Also, many
different movement directions all have the same angular
distance from a neuron’s preferred direction and are as-
sociated with the same average firing rate. Therefore, the
activity of multiple neurons must be interpreted together
in order to decode intended movement.

Georgopoulous et al. showed that movement direction
could be accurately predicted by analyzing the firing rates
of a population of recorded motor cortex neurons. Arm
movement direction could be predicted quite simply with
the vector summation of each neuron’s normalized firing
rate multiplied by its preferred direction:

Px¼
X

n

i¼ 1

R0iCxi

Py¼
X

n

i¼ 1

R0iCyi

Pz¼
X

n

i¼ 1

R0iCzi;

ð3Þ

where [Px Py Pz] is the predicted movement direction vec-
tor, R0i is the normalized firing rate for the ith neuron, and
[Cxi Cyi Czi] is a unit vector in the ith neuron’s preferred
direction. This method, called the population vector
method, demonstrated that movement direction could be
fairly accurately predicted from the activity of a group of
recorded neurons using simple linear math (65).

Georgopoulos and Massey (66) went on to show that, by
calculating the population vector from the firing patterns
of only about 50 motor cortex neurons, intended move-
ment direction could be predicted with as high a level of
precision as what a subject could actually produce when
physically executing a ballistic arm movement. With more
neurons included in the population vector, the precision of
the intended movement direction predicted from the neu-
ral activity exceeded the accuracy of the initial arm tra-
jectories, even compared with the most accurately
executed human movements they measured (66). This
higher accuracy implies that one may be able to control
a device more accurately via a direct brain interface than
when controlling the same device with one’s own physical
body. For example, if enough motor cortex neurons are re-
corded, a person could control a computer cursor more ac-
curately from direct interpretation of his brain signals
than by physically moving the mouse with his hand. These
findings have far-reaching implications for the future of
brain-controlled devices.

It should be noted, however, that this study and other
studies from that time period often only used one record-
ing electrode at a time. During each recording session, the
electrode was gradually inserted into the cortex and the
depth was carefully adjusted until the recording site was
close to a large cell body, and a well-isolated waveform
could be detected each time the neuron fired. Data were
recorded as an animal completed many repeated trials of
the same set of center-out arm movements each time the
electrode was repositioned. By repeating the neural re-
cording process multiple times on multiple days, data from
hundreds of different neurons were collected and then an-
alyzed in combination as if the different neurons had been
recorded at the same time during a single set of arm
movements. This post hoc technique of combining sepa-
rately recorded neurons is clearly not appropriate for real-
time control applications. However, it provided a way to
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Figure 4. Relationship between firing rate and
movement direction for a typical cosine-tuned mo-
tor cortex neuron (data from a macaque during an
8-target center-out task). Each dot indicates the
firing rate during one movement from a center
start position to one of eight radial targets. The
left window plots the cell’s firing rate as a function
of the angle between the movement direction and
that cell’s preferred direction (y). A cosine function
is drawn on top of the data for comparison. The
right window plots the firing rate as a function of
the component of movement in the cell’s preferred
direction (i.e., cos(y)), which is a linear function.
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estimate what would be possible if one were able to si-
multaneously record a larger number of well-isolated neu-
rons than the technology permitted at that time.

The limitation of this one-neuron-at-a-time method is
that it could not take into consideration the naturally oc-
curring correlations in the firing activity of different neu-
rons. If multiple neurons have correlated noise, these
correlations could potentially reduce the amount of move-
ment information by preventing non-movement-related
variability in the firing rates of different neurons from av-
eraging out when evaluating the recorded population as a
whole. However, if the correlations are related to some
aspect of the intended movements, these correlations
could potentially provide an additional source of informa-
tion about the desired movement. For example, some stud-
ies have shown that pairs of motor cortex cells can have
directional tuning in the correlations of their firing rates
that is independent of the directional tuning of the indi-
vidual cells (67,68). Accounting for these movement-re-
lated correlations in the decoding function could increase
the accuracy of movement prediction over more simplistic
decoders.

Studies that looked at the relative timing of individual
action potentials have also shown additional movement-
related information embedded in the synchrony of spike
times between some pairs of neurons (30,31). Decoding
movement information in the specific timing of spikes be-
tween pairs of neurons throughout a population could pro-
vide yet another way to extract more information from the
recorded signals. However, the relatively small quantity of
useful movement information embedded in the spike tim-
ing synchrony plus the increase in computational capacity
needed to extract that information have, so far, deterred
most researchers from making use of spike timing infor-
mation in real-time applications. However, in some situa-
tions, such as if only a fraction of the electrodes on an
implant are still functioning over time, using spike timing
codes as well as rate codes may provide a way to maximize
the information from the remaining small number of de-
tected neurons.

As chronic multielectrode recording technology ad-
vanced, larger and larger numbers of neurons could be
recorded simultaneously. Using chronically implanted
multichannel electrode arrays, Wessberg et al. (27) eval-
uated movement prediction accuracy from neurons re-
corded simultaneously using electrodes chronically
implanted in several different brain areas in monkeys
(dorsal premotor cortex, posterior parietal cortex, and pri-
mary motor cortex in both hemispheres). For each brain
area, the relationship between the number of neurons
used for arm movement prediction and the accuracy of
that prediction was characterized for various sized subsets
of the approximately 10–30 neurons recorded in each
brain location. By fitting curves to this accuracy data cal-
culated from the first few tens of neurons, this group ex-
trapolated out one or more orders of magnitude to predict
that many hundreds of neurons would be needed to
achieve 90% prediction accuracy in a simple 1-D move-
ment task (27). In the sample of neurons acquired from
the two monkeys in this study, dorsal premotor neurons
from the hemisphere contralateral to the moving arm pro-

vided the most accurate movement information compared
with the other brain regions tested (i.e., extrapolated es-
timates of 480765.7 and 376742.3 neurons needed for
accurate movement prediction from the two animals com-
pared with estimates ranging from 629 to 1195 neurons
needed for movement prediction from other brain regions).

Another offline study (58) suggests that at least the
slower components of arm movements (o0.5 Hz) can be
fairly accurately predicted using very small (o20) num-
bers of motor cortex neurons, but the higher-frequency
components of movement were poorly predicted. However,
low-frequency signals may be sufficient for command of
some types of useful assistive devices. In this study, the
recorded neurons were divided into random groups of be-
tween 3 and 19 cells, and the accuracy of 2-D position and
velocity prediction was quantified for each group. The type
and quality of the encoded movement information varied
from neuron to neuron. Therefore, the prediction accuracy
varied between different groups that contained the same
number of neurons. This variability suggests that there is
no precise formula that will relate the required accuracy of
an assistive device command signal with the number of
neurons needed to achieve that level of accuracy.

As affordable computers became powerful enough to
efficiently process large amounts of complex data, a num-
ber of labs demonstrated the ability to collect, process, and
decode multichannel neural activity in real-time and then
use the decoded commands to control various external de-
vices. Initial studies were open-loop, meaning the animals
were unaware that their brain signals were being used to
control an external device such as a robotic arm hidden in
the next room (27,69,70). Therefore, these studies could
not account for the online learning and error correction
that is possible only when users have some kind of feed-
back of their brain-controlled movements. In most practi-
cal applications (e.g., brain-controlled computer cursor,
robotic arm, FES-activated paralyzed arm), the users will
have visual feedback of their assistive device, which al-
lows for learning through practice.

The importance of feedback and closed-loop training
was demonstrated decades ago by a number of researchers
who showed that, through operant conditioning, animals
quickly learned to adjust the firing rates of their recorded
neurons on command (71–80). Feedback was provided in a
variety of forms such as visual feedback, auditory feed-
back, or even just giving a reward when the desired firing
pattern was produced. These early experiments did not
have the advantage of digital signal processing or com-
puter displays. Instead, the experimenters creatively de-
vised electrical circuitry that could process a small
number of biological signals, convert them into a one-di-
mensional voltage signal, and display that signal back to
the animal in real-time using, for example, the needle on a
voltmeter.

With current multichannel electrodes, high-end com-
puters, and current digital signal processing capabilities,
these kinds of closed-loop monkey studies can now con-
currently process and decode a large number of neural
signals in software using complex transfer functions to
produce two or more dimensions of output signals in real-
time. These multidimensional output signals can then be
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displayed back to the animal in real-time via computer
displays or virtual reality systems designed to represent
potential human applications of this brain-control tech-
nology.

These advances in computing technology and virtual
reality displays were used in a study designed to shed
light on the importance of visual feedback when learning
to use brain signals to control goal-directed reaching
movements. Taylor et al. trained monkeys to do a 3-D
center-out reaching task viewed through a virtual reality
interface (29,81). In this study, targets were presented to
the monkey in a virtual 3-D workspace. Initially, a posi-
tion sensor placed on the animal’s wrist controlled the
movement of a virtual cursor in the workspace. The ani-
mal had to move the cursor from a center start position to
various target positions to get a reward (Fig. 5). During
training, the animal completed this move simply by mov-
ing its wrist from the center of the workspace to the dif-
ferent target locations. The experimenters then played a
trick on the animal. They intermittently switched the cur-
sor from being driven by the monkey’s wrist position to
being driven by its cortical activity that was being decoded
into cursor movements in real-time using a simple modi-
fied population vector.

For comparison, the neural data that had been recorded
while the cursor was under wrist position control (i.e.,
during normal center-out arm movements) was then de-
coded offline into movement trajectories using the same
modified population vector algorithm that was used to
move the cursor under brain control online. These offline
calculations produced a set of brain-predicted trajectories
using the same decoding algorithm applied to the same
neurons recorded on the same day as those used in the
real-time brain-controlled cursor task in which the animal
directly viewed the brain-controlled movements as they
were being generated. The difference being that, in the
offline case, the subject did not have real-time visual feed-

back of the trajectories being decoded from the recorded
neurons, whereas in the online case the subject did.

Figure 6a shows three sets of trajectories from this
study: (a) the actual hand trajectories recorded when the
cursor was controlled by the animal’s wrist position, (b)
the brain-predicted trajectories calculated afterwards
from the neural data recorded during the arm movements
shown in (a), and (c) the cursor trajectories produced when
the cursor was exclusively driven by brain signals in real-
time, and the animal had visual feedback of the brain-
controlled cursor. Although the normal hand trajectories
in (a) went right to the targets, part (b) shows that the
prediction of those trajectories from the recorded neural
activity did not. Although there was some directional or-
ganization in the offline-predicted trajectories, the firing
activity of this small number of recorded units was a very
poor indicator of the actual hand trajectories that the an-
imal had made. However, the brain-controlled cursor
movements (part c) produced with real-time visual feed-
back were much more likely to go to the intended targets
than those predicted offline. The animals used the visual
feedback to make online error corrections to the cursor
trajectories by volitionally modifying their neural output
as needed in real-time to direct the brain-controlled cursor
to the appropriate target.

This study was followed by a ballistic experiment
where the animal had a much shorter time limit to get
the brain-controlled cursor to the target. In this situation,
the animal was limited in its ability to do online error
corrections. However, the animal learned to use the visual
feedback of recurring movement errors seen in previous
trials to make feed-forward adjustments in its current
brain-controlled trajectories. These feedforward adjust-
ments corrected for consistent path deviations that re-
sulted from the inaccuracies of the simple population
vector decoding method used in the experiment (29).

Just as Fetz, Schmitt, and others had demonstrated
decades earlier with single neuron recordings, visual feed-

Figure 5. 3-D virtual training environment
used to intermittently switch between hand
control and brain control of a moving cursor
in a 3-D center-out task. The animal sees a 3-D
stereo image of the moving cursor sphere along
with various fixed targets that appear in the
workspace (the animal cannot see its own arm).
During trials where the animal’s actual arm
movements controlled the movements of the
cursor, a position sensor on the wrist deter-
mined the position of the cursor in the virtual
workspace. However, on some trials the exper-
imenters would decode intended arm move-
ment directly from the neural activity in real-
time and use the decoded brain activity to drive
the virtual cursor. Part A shows the animal in
the virtual training environment. Part B illus-
trates the 3-D center-out task where move-
ments start at a central target and go to one
of eight outer targets located at the corners of
an imaginary cube (by permission, D.M. Tay-
lor).
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back allowed these primates to learn through trial and
error how to modulate multiple channels of neural activity
in new and sometimes unnatural ways to successfully con-
trol the virtual cursor. Significant improvement occurred
both within each training session and across days (29,81).
This study and many others suggest that the number of
chronically recorded neurons necessary for accurate con-
trol of complex multidimensional movements is likely to
be much lower than the offline decoding studies had pre-
dicted because of the benefits of visual feedback.

In a similar 2-D task, Serruya et al. (26) trained mon-
keys to make 2-D brain-controlled cursor movements to
randomly presented targets on a computer screen using
between 7 and 30 recorded units. In this task, a new cur-
sor position was generated every 50 ms using a linear fil-
ter applied to the previous second’s worth of activity from
each neuron (20 bins of firing rates averaged in 50 ms
bins). This animal produced successful brain-controlled
cursor movements that reached the targets almost as rap-
idly as when the animal moved the cursor using its own
hand movements.

Up to this point, most multiunit real-time brain-control
studies in monkeys used decoding algorithms that were

determined from neural data collected while the animals
made an initial set of physical arm movements. These de-
coding algorithms were then used to convert neural activ-
ity into 2-D or 3-D cursor movements in real-time.
However, in human applications, where the person is par-
alyzed long before receiving a cortical implant, it is not
possible to build a decoding algorithm based on neural ac-
tivity recorded during physical arm movements. Although
both fMRI and EEG studies have shown that motor cortex
can often still be activated with attempted or imagined
movements years after a spinal cord injury (43,82), it is
unlikely that, after years of disuse, the cortical neurons
will still encode attempted movements in the same way
that they used to encode actual movements before paral-
ysis. Synaptic strengths will have changed because of dis-
use, and the motor areas will no longer be modulated in
the same way by the proprioceptive feedback signals that
once accompanied normal arm movements.

When relearning to use these recorded units to com-
mand an assistive device, a paralyzed person’s neural con-
nections are likely to go through a reawakening or
rebuilding stage as the person learns to effectively pro-
duce a useful repertoire of firing patterns for whatever

Figure 6. Trajectories from an 8-target 3-D virtual center-out task performed by a macaque.
Trajectories go from a center start position out to one of eight radial targets located at the corns of
an imaginary cube (see Fig. 5b). Trajectories are color-coded by intended target and are split into
two plots of four for easier 2-D viewing. Black dots indicate when the intended target was hit.
Thicker solid lines are drawn connecting the center start position to the eight different target
locations. (a) Actual hand trajectories generated when cursor was under ‘hand control’. (b) Tra-
jectories predicted offline by applying a modified population vector decoding function to the neural
activity recorded during the hand movements shown in part (a). (c) Trajectories generated with the
cursor under real-time brain control using the identical modified population vector decoding func-
tion as was used to predict trajectories in part (b). The substantive difference between (b) and (c)
being that, in part (c), the subject had real-time visual feedback of the movements generated by its
decoded brain activity. (d) Trajectories generated with the cursor under real-time brain control
using an adaptive population vector decoding function where the coefficients were regularly up-
dated during the initial training to track any learning-induced changes in the animal’s neural
output. In a–c, the animal’s arm was free to move. In (d), both of the animal’s arms were held still.
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assistive device control they are trying to learn. Therefore,
a retraining environment is needed that: (1) does not re-
quire any prior knowledge of how the recorded units used
to fire in relation to movements and (2) will enable the
user to efficiently learn, through trial and error, how to
modulate the firing activity of the recorded neurons in or-
der to produce the desired device command signals. One
option would be to just define a decoding function and let
the person learn through practice what thought processes
or attempted movements will result in the desired com-
mand signals given the assigned decoding function. This
technique, where a paralyzed subject has to adapt to the
imposed decoder, has been successfully used in many
EEG-based studies.

However, a better option would be to build a more flex-
ible decoder that tracks and adjusts to the neural modu-
lation patterns that come naturally to a person as he or
she is relearning to make the needed movement command
signals. This coadaptive or parallel learning environment,
in which the decoder and the user learn in tandem, en-
ables a person to discover which thought processes or at-
tempted movements are intuitive for them to use and are
most easily modulated in a given command task. As dis-
cussed earlier, this type of adaptive decoding has been
used in several human EEG-based brain-computer inter-
face studies with much success (12,47) including accurate
2-D cursor control (46). Here, training times are often
much shorter than when fixed-decoding algorithms are
imposed.

This coadaptive retraining environment has been ap-
plied to unit activity recorded in monkeys as well (29). A
coadaptive neural retraining method evaluated in mon-
keys by Taylor et al. (29) was designed in a way that could
be applied to paralyzed humans because the process of
identifying a viable decoder would not require any prior
knowledge of how the recorded neurons originally encoded
arm movements before paralysis. In this study, both of the
monkey’s arms were restrained throughout the brain-con-
trol training procedure. Neural firing rates were con-
verted to cursor movements using an adaptive form of
the population vector described earlier in Equation 3. In-
stead of using preferred directions calculated from neural
activity recorded during actual arm movements for the
linear coefficients [Cxi Cyi Czi], random numbers were ini-
tially used and then refined as the animal attempted to
make 3-D brain-controlled cursor movements to various
targets while both its arms were restrained. At first, the
brain-controlled cursor movements were poorly controlled
and not related to intended target because of the random
coefficients in the decoding function. However, as the mon-
key attempted to move the cursor to the desired targets,
the coefficients of the decoder were periodically refined
based on neural activity seen during these attempts. The
animal also had visual feedback of the brain-controlled
cursor and explored new ways of modulating its neural
signals in an attempt to get the cursor where it needed to
go. This coadaptive process, where the animal adapted to
the decoder as the decoder adapted to the animal’s neural
activity, rapidly converged on a decoder that enabled the
animal to make accurate 3-D brain-controlled cursor
movements even though its arms were restrained. As

shown in Fig. 6d, these brain-controlled cursor move-
ments were much more accurate than those made by the
same monkey during the previous experiment in which a
fixed decoding algorithm was used (Fig. 6c).

The units that were found to be the most useful for
control in this arms-restrained brain-controlled cursor
task were not always the ones that were well-tuned dur-
ing normal arm movements. Figure 7 shows the relative
quality of directional tuning of each unit during brain
control versus the quality of tuning during normal arm
movements. Tuning quality is measured here as the R2

value of each unit’s firing rate as a function of intended
target direction (i.e., fit via linear regression of firing rate
and intended target direction to Equation 2 above). With
practice, most units became better tuned (i.e., conveyed
more information about desired movement direction) dur-
ing the brain control task than they had during normal
arm movements. Even some units that were very poorly
tuned during normal arm movements became highly
tuned during the brain control task. Going back to the vi-
sual analogy in Fig. 2, it is analogous to units that used to
encode background pixels relearning to encode the parts of
the picture most critical for conveying the essence of the
image. This ability of neurons to more accurately encode
key command information with practice is quite promising
for the future use of unit activity in human applications.

To further demonstrate the effectiveness of this virtual
training environment to real-world applications, this re-
search group also had the animal use its neural signals to
control the 3-D motion of a robotic arm in real-time (28).
Whereas the virtual cursor had no mass or inertia, the

Figure 7. Quality of 3-D directional tuning during normal cen-
ter-out hand movements versus during similar brain-controlled
cursor movements produced with the arms stationary. Each dot
represents one recorded unit. Tuning quality is indicated by the
R2 value of the fit of the neural data to the cosine tuning equation
(Equation 2) where firing rate is a linear function of intended
movement direction. Note, many units that were not very
strongly tuned during normal arm movements became direction-
ally tuned during the brain-controlled cursor task and contrib-
uted significantly to the control of the cursor.

NEURAL CONTROL OF ASSISTIVE TECHNOLOGY 13



robotic arm had its own unique dynamics as well as addi-
tional lag and mechanical jitter. However, the animal eas-
ily adjusted to the novel dynamics of the robotic arm and
readily compensated for any movement errors added by
the noisy robotic system. This work has been extended to a
self-feeding task where monkeys use their cortical activity
to drive robots to bring food to their mouths from various
locations in space (83,84).

Carmena et al. (85) also demonstrated that unit activ-
ity could be used by monkeys to control a robotic arm in
real-time. In this case, the arm endpoint was controlled in
two spatial dimensions, but the unit activity was also used
to control a third degree of freedom—the robot’s gripper.
Unlike previous studies that exclusively focused on ex-
tracted velocity or position commands in real-time, this
study extracted information on grip force. The monkey
was initially trained to use a joystick to drive a computer
cursor to target locations and then to change the size of
the cursor to match the size of the target by squeezing the
handle of the joystick. After training, the animal’s brain
signals were used directly to control the cursor move-
ments as well as to move a robotic arm. This study dem-
onstrated that neural activity could be used to
sequentially command two different aspects of reach-to-
grasp movements (i.e., first reach to a location, then apply
the desired level of grip force).

Similarly, in offline analysis of unit activity in the pri-
mary motor cortex, Wang et al. showed unit activity could
be used to simultaneously predict intended hand orienta-
tion along with 3-D hand velocity, thus further demon-
strating the potential to use cortical activity to control
complex reach-to-grasp movements (86).

4.3. Goal Acquisition Tasks Versus Continuous Movement
Control

The above studies focused on using brain activity to con-
trol multidimensional proportional command signals that
could potentially be used to control the continuous move-
ment of an assistive device. Another area of focus has been
on decoding the final goal of an intended movement in-
stead of decoding the evolving movement path used to get
to the desired goal. Most studies that try to decode move-
ment goal have been designed so that neural activity as-
sociated with movement planning can be isolated from the
neural activity needed to generate the actual movement.
The separation of movement planning from execution can
be achieved by including a delay period between the time a
monkey is shown a target and the time the animal is al-
lowed to move to the target. Typically, the monkey is first
shown a target while holding its arm stationary in the
center of the workspace. The animal is not allowed to
reach to the target until a certain delay period has passed,
and the animal finally received a go cue. Several labs have
used this delayed reaching paradigm and used various
discrete classifiers to predict which one of the fixed num-
ber of targets the animal was planning to reach to during
the delay period when it held its arm stationary.

The potential benefit of decoding the intended goal in-
stead of continuous path details is that the controller of an
assistive device could use this end goal information to

carry out the movement in the way that is most efficient
for that particular device. The details of the specific tra-
jectory would be determined by the device controller and
would not need to be specified or decoded from the brain
activity. Goal prediction could be particularly efficient in
the case of mentally selecting letters or icons on a com-
puter screen. Unlike physical devices, the cursor could
simply jump from the start location to the intended target
location. Therefore, the desired letter or icon could be in-
stantly selected as soon as the neural classifier determines
which letter or icon the person was thinking of moving to.
This process works well for computer selection tasks
where the choices of letters or icons can be specifically
displayed within the limited number of discrete locations
that the neural classifier can accurately identify. However,
this type of system is less practical for goal-directed
reaches in the physical world where the objects can be lo-
cated in a continuum of positions throughout the work-
space. In this case, using a discrete classifier to predict
intended reach goal limits the possible movement loca-
tions to the fixed number of classes that the decoder is
designed to identify. So far, classifiers have been success-
fully tested with up to 16 locations, but the accuracy of the
classification goes down as the number of classes goes up
(87).

Areas of the brain associated with movement planning
instead of movement execution (e.g., parietal and premo-
tor cortex) have been the main focus of studies that predict
intended goal of a reaching movement. Musallam et al.
(88) used neural activity recorded primarily from the pa-
rietal reach region of the posterior parietal cortex to pre-
dict which radial target an animal was about to move to
before the animal was given the go cue and physical move-
ment was initiated. Intended target was predicted by a
Bayesian classifier applied to 900 ms of neural spike train
data that had been transformed via Haar wavelets. The
temporal features of the neural activity during the 900 ms
delay period (captured by the first few Haar wavelet coef-
ficients) aided in the classification of intended target. As
the classifier that was used to predict the intended target
relied on data that was time-locked to the initial presen-
tation of the target, the decoding scheme used in this ex-
periment is an example of what is known as a synchronous
decoder. The advantage of using synchronous decoding is
that the decoder knows when to look for certain predictive
features in the neural signal because they are time-locked
to the presentation of a given set of command options. The
decoder can be optimized to make use of the most reliable
time-locked features, and no ambiguity exists as to
whether the decoder is interpreting a valid time segment
of neural data containing movement plan activity.

However, the disadvantage of synchronous decoding is
that it limits the flexibility of when a person can select a
target. Ideally, one would want to initiate a movement
plan whenever it suits the person without having to wait
for a periodic start cue from the controller of the device.
The feasibility of this type of asynchronous decoding using
plan activity in a delayed reaching task has been demon-
strated by Shenoy et al. (89) through offline analysis of
neural data recorded from the parietal reach region in
monkeys. In this study, a maximum likelihood estimation
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method was used to classify both the target that the an-
imal was planning to reach to and the movement state the
animal was in (i.e., not planning to move, planning to
move, or moving) (89). By continuously applying these
dual-decoding functions to recorded brain signals, one
could potentially identify both when a movement is de-
sired and to which target this movement should go, thus
providing the user the flexibility to choose when to initiate
a goal-directed movement.

Neurons in the premotor cortex have also been suc-
cessfully used to predict the goal of the intended reach
during the movement planning phase of a delayed reach-
ing task prior to movement initiation. In another offline
study, Hatsopoulos et al. (90) used maximum likelihood
classifiers to predict which of eight possible targets a mon-
key was planning on moving to during a delay period prior
to receiving a go cue and initiating the movement. In this
study, neural activity in the premotor cortex was more
useful than the primary motor cortex for predicting in-
tended target during this movement planning phase.
However, the primary motor cortex was more closely cor-
related with the movement trajectories than premotor
cortex neurons during the actual movement execution.
These differences suggest that multiple cortical regions
may be most optimally put to use via different discrete or
continuous decoding functions.

In another study, neural activity recorded from the
premotor cortex was used in real-time to predict intended
reach target during the delay period in a similar delayed
reaching task. In this case, the intended target was cor-
rectly predicted and then selected often well before the
animal physically initiated any movement. The animal
was able to make many correct target selections in a row
just by mentally preparing to move to that target without
having to physically make those movements. By optimiz-
ing the number of targets and the time allotted to decode
the plan activity, a maximum sustained information
transfer rate of 5.3 bits/per second was achieved (91).

Continuous proportional control of a device, such as a
robot arm or an FES-activated paralyzed arm, will allow
the user to create trajectories to a continuous range of lo-
cations within the workspace. Continuous control may be
more practical in many real-world movement situations
than being limited to just selecting from a small set offixed
goal locations. However, with an appropriately designed
controller, these continuous trajectories can also be used
to efficiently select between a fixed set of reach goals or
from a set of computer icons such as in a brain-controlled
spelling task. For example, in a computer-based spelling
task, the user could start moving a brain-controlled cursor
toward the desired letter under continuous proportional
control. The letter could be selected as soon as a classifier
deduces the intended goal from the evolving trajectory.
Often, the intended goal can be accurately predicted based
solely on the initial part of the trajectory as illustrated in
Fig. 6d. This figure shows all trajectories to eight possible
targets in a center-out movement task. Note, little overlap
exists in their distribution between targets once the cursor
is about one-third of the way to the target. In this case, the
targets could be rapidly and accurately selected based only
on the initial part of the brain-controlled trajectory with

no need to actually spend time completing the movement.
By using the same continuous proportional brain-control
skills for both rapid discrete target selection and for real-
world continuous movements, a user only has to learn the
continuous control skills in order to do both tasks well.

4.4. Human Studies Using Intracortical Unit Activity

Although chronic intracortical recordings in nonhuman
primates show much promise as a source of command sig-
nals for assistive technology, human testing of this tech-
nology is still in its infancy. In 1998, Kennedy et al.
implanted the first human patient with chronic intracor-
tical recording electrodes that were FDA approved to re-
store communication in individuals who were either
completely paralyzed or only had faint activity in a few
remaining muscles (20). This chronic human cortical im-
plant system was tested in a number of subjects who were
nearly fully paralyzed because of amyotrophic lateral scle-
rosis, brain stem stroke, or mitochondrial myopathy. Prior
to implantation, functional magnetic resonance imaging
(fMRI) was used to determine which areas of the cortex
were still activated by thoughts of movement. One or more
electrodes were then implanted in active areas of motor
cortex and connected to a signal processing and telemetry
system that was implanted under the scalp and affixed to
the outer surface of the skull. The electrode portion of the
device consisted of tiny wire electrodes inside of a glass
cone filled with nerve growth factors. Within one to two
months after implantation, surrounding neurons sent pro-
cesses into the glass cone where they grew in close prox-
imity with the recording electrodes, thus enabling the
detection of axonal action potentials with high signal-to-
noise ratios. The recorded action potentials were then
used to drive a cursor across a virtual keyboard on a com-
puter screen in a customized typing program. Patients
with some remaining muscle activity combined cortical
and muscle activity for a more effective computer-based
speller (e.g., use neural activity to move along a row of
letters, and use muscle activity to change keyboard rows
or select the highlighted letter) (20).

In the spring of 2004, Cyberkinetics Inc. received FDA
approval to implant chronic intracortical microelectrode
arrays in five subjects with high-level spinal cord injuries.
Cyberkinetics implanted their first participant in the
summer of 2004 and released their preliminary findings
from one participant in the fall of 2004. Unlike Kennedy’s
locked-in subjects, this participant could talk and there-
fore could easily discuss the ongoing research with the
experimenters. This study used a 10 � 10 array of in-
tracortical microelectrodes. Therefore, many more neu-
rons were simultaneously recorded than in the previous
chronic human studies with the locked-in subjects. Pre-
liminary results from this first spinal cord injured indi-
vidual showed that units could still be recorded in the
motor cortex of a spinal cord injured person several years
after the injury, and the person could still modulate the
firing patterns of those neurons with attempted move-
ments. The subject was able to use his neural activity to
move a cursor on a computer screen. Using the brain-con-
trolled computer cursor and customized software, the sub-
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ject was able to change the channel on his TV or open a file
by moving the cursor to the appropriate icon. Most nota-
bly, the subject was able to carry on conversations with the
researchers while moving the brain-controlled cursor,
thus demonstrating that willful modulation of his re-
corded neural activity did not require such focused atten-
tion as to be impractical for many everyday applications.
This initial prototype device used a percutaneous connec-
tor, and the participant’s head was plugged into the ex-
ternal hardware during the experimental testing sessions.
However, this company and a number of other research
groups are working toward developing more practical fully
implanted electrode systems for long-term human use
that wirelessly transfer the neural data across the scalp.

These initial chronic human studies can tell us a lot
about how to acquire and use neural activity from the hu-
man cortex for control of various assistive devices. How-
ever, the size of this initial subject pool is inherently
limited. Therefore, researchers are also taking advantage
of opportunities to learn more about how the human brain
controls movement through intraoperative recording of
unit activity during the implantation of deep brain stim-
ulators (DBS) for treatment of Parkinson’s disease and
other movement disorders. Patients receiving deep brain
stimulators are often awake during the implantation pro-
cedures and can participate in various movement tasks.
Mapping electrodes used during the implantation proce-
dure can also be used to record unit activity during ex-
perimenter-designed arm and hand movement tasks.
Ojakangas et al. (92) recorded cortical activity from pre-
motor and prefrontal cortex prior to insertion of the DBS
electrode into the deeper structures. This study showed
that significant information about the person’s move-
ments could be deduced using only about a half a dozen
premotor neurons (92). Patil et al. (93) recorded unit ac-
tivity from the subthalamic nucleus and other subcortical
structures during a gripping task. These units showed
significant modulation with grip activity (93), and, al-
though acquiring neural activity from deep structures
has substantial drawbacks compared with using less in-
vasive and less damaging intracortical microelectrodes,
these intraoperative studies can teach us much about how
the human brain encodes movement and how we can ef-
fectively decode this neural activity for use with assistive
devices.
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1. INTRODUCTION

The vast processing capabilities of biological neural net-
works in analyzing sophisticated problems have long
encouraged researchers to create computational methods
based on the principles of neuronal activities and interac-
tions. The main reason for enormous processing capabil-
ities of biological neural networks is known to be the
distributed nature of such networks. In other words, in
biological neural networks the information is processed
through the extensive interaction among a large number
of small processing units, neurons. This distributive nat-
ure allows addressing sophisticated problems in a rela-
tively small processing time.

The most promising efforts in emulating the perfor-
mance of biological neural networks is a theory commonly
referred to as ‘‘artificial neural networks’’ or simply
‘‘neural networks.’’ Artificial neural networks were pro-
posed based on simple computational models of a biologi-
cal neuron. The first neural model was proposed by
McCulloch and Pitts (1) and since then several neural
models and structures have been introduced. Ever since a
few decades ago when the artificial neural networks were
first defined, these computational methods have attracted
a lot of attention and have been used in many different
applications. Specifically, neural networks have been
heavily used for applications such as control theory,
biomedical engineering, finance, signal processing, and
image processing.

It is worth mentioning that ‘‘neural networks’’ refers to
a wide spectrum of computational methods, each designed
to address a specific need and application. While different
types of neural networks have different structures and
applications, they all share some common characteristics.
In principle, neural networks are techniques that estimate
complex nonlinear functions using the interactions among
a number of smaller processing units called neurons. The
interaction among the neurons are simulated using a
number of parameters called ‘‘weights,’’ i.e., the value of
the weight between a pair of neurons expresses the
strength of the interaction between the neurons. In order
to train a neural network to estimate a function, one needs
to apply a learning technique to find the optimal (or
suboptimal) values of the weights between input neurons.
Figure 1 shows the representation of a typical neural
network.

All the weights in a neural network are often randomly
initialized and then a learning algorithm is used to update
the values of the weights to match the relationship
between the inputs and outputs in the training examples.
This explains why almost all training algorithms proposed

for neural networks are iterative. Often it takes several
iterations to find appropriate values for the weights.

As will be described in the following sections, neural
networks are often used for either classification or cluster-
ing. This means that some neural networks are trained
using examples for which the output values are known
and the neural model is simply trained with these exam-
ples to act as a classifier for new inputs. Other types of
neural nets, on the other hand, are clustering methods
that split the input examples into some meaningful groups
and therefore do not require labeled examples with known
output classes.

This paper will describe the most commonly used
families of neural networks and their applications in
biomedical engineering. The rest of the paper is organized
as follows: the next section introduces perceptron as the
simplest form of neural networks. In the sections that
follow the most commonly popular neural networks, i.e.,
multilayer sigmoid neural networks, are described.
Neural structures called radial basis functions are ex-
plained next. Then the next section is dedicated to Hop-
field neural networks, which is one of the earliest types of
neural networks still used in practical applications. Self-
organizing maps are described next. Other commonly
used neural networks are briefly introduced after that.
Next, some applications of neural networks in biomedical
engineering are mentioned. Finally, the last section con-
cludes the paper.

2. PERCEPTRON

As mentioned above, the first neural model was proposed
by McCulloch and Pitts (1). In this model a neuron
receives several inputs from its neighboring neurons and
forms a weighted sum of these inputs to form a raw output
for the neuron. This raw output is then compared with a
threshold value; if the raw output is larger than the
threshold, the final output of the neuron will be 1; other-
wise the output will be set to zero. This model was further
developed by Rosenblatt in 1959 (2). This improved arti-
ficial neuron is called perceptron. Figure 2 shows the
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Figure 1. A typical representation of an artificial neural net-
work.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



representation of this simple neural network. Perceptrons
are neural nets that are used to classify simple input
patterns. The input values of a perceptron can be either
binary or bipolar vectors.

Perceptron is simple classification method, i.e., if the
input belongs to the class under study, the output unit is
one; otherwise, the output is zero. As mentioned above,
perceptron applies a threshold value y to identify the
binary value of the output, i.e.:

y¼

1 if yin � y

0 if �yoyinoy

�1 if yin � �y

8

>

>

<

>

>

:

ð1Þ

where yin is raw value of the output neuron before apply-
ing the threshold, i.e.,

yin¼
X

n

i¼ 0

xiwiþ b ð2Þ

where b is a bias value. As can be seen, yin is simply the
weighted sum of the input values. The learning algorithm
often used to train perceptron is the Hebb rule. The Hebb
rule was first proposed by D. Hebb (3) and was extended
by T. Bliss and T. Limo (4). This learning algorithm applies
a set of training data (input–output samples) to obtain the
appropriate values for the weights of the network that
match all these training samples. Starting from random
weights, during consecutive iterations the weights are
updated to produce the correct output for all given inputs.

A single perceptron can classify only linearly separable
classes and cannot be used for many real-world applica-
tions. A more effective use of perceptrons is in perceptron
networks. These structures are often made of two layers of
perceptron units. The input signals are fed to the neurons
of the input layer and the neuron of the output layer
predicts which class the input pattern belongs to.

3. MULTILAYER SIGMOID NEURAL NETWORK

Multilayer sigmoid neural networks have been introduced
to address the limitations of single-layer neural networks
in modeling and classification of more complex problems.
Specifically, single-layer neural networks have certain
serious limitations in addressing classification of nonli-
nearly distributed classes such as the classes of data
generated by the XOR function. These limitations resulted
to the formation of multilayer sigmoid neural networks
that are made of layers of neurons between the input and
output neurons. Backpropagation neural nets (5) are the
most commonly used networks in this category. It has to
be noted that in some neural networks literature, sigmoid
neural nets are mistakenly called backpropagation neural
networks. However; backpropagation is merely one algo-
rithm that can be used to train multilayer sigmoid neural
networks, and there are many other types of multilayer
sigmoid neural networks such as cascade-correlation func-
tions that are very different from backpropagation net-
works.

In backpropagation neural networks there are at least
three layers of neurons. The first layer is the input layer,
i.e., the number of nodes in input layer is equal to the
dimension of the input patterns. The second layer is called
the hidden layer. The nodes of input layer only transmit
the input signals to the nodes of the hidden layer. In the
hidden layer and the output layer, sigmoid functions are
applied to process the data and form the outputs of the
network. The number of neurons in the output layer is
defined by the dimensionality of the output vector.

In multilayer networks, when the weighed sum of the
signals ending to a neuron is calculated, instead of the
thresholding process in perceptron, the weighted sum of
the inputs is processed using an activation function. In
other words, an activation function is applied at each node
in the hidden and output layers to determine if this node is
active or not. An activation function must be continuous,
differentiable, and monotonically decreasing. These char-
acteristics not only emulate a thresholding effect but also
allow using simple algebraic operations to update the
weights. Some of the popular activation functions are
ramp functions, sigmoid functions, and piecewise linear
functions.

Binary sigmoid function is one of the most popular
activation functions and is defined as:

f1ðxÞ¼
1

1þ expð�xÞ
ð3Þ

Other popular sigmoid activation functions are

f ðxÞ¼
2

p
tan�1ðsxÞ ð4Þ

f ðxÞ¼ tanhðsxÞ ð5Þ

The backpropagation algorithm together with its exten-
sions is described in a separate chapter in this book and
therefore is not explained further in this paper.
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Figure 2. Representation of a perceptron.
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4. RADIAL BASIS FUNCTION NEURAL NETWORKS

Radial basis function networks are often used for function
estimation, control, modeling, and classification. These
networks are often compared with multilayer sigmoid
neural networks. Radial basis function neural networks
apply a linear combination of radial basis functions j(x)’s
to model and classify patterns, i.e.:

yðxÞ ¼
X

i

oijiðxÞ ð6Þ

Radial basis functions are the functions that have the
same value for all inputs located in the same radial
distance from a center point. One of the simplest radial
basis functions is the inverse distance function defined as

jðxÞ¼
1

x� xck k2
ð7Þ

where xc is the center (reference) point.
The most commonly used radial basis neural networks

are formed by Gaussian basis functions, as defined below.

jðxÞ¼ exp �
x� xck k2

s2
i

� �

ð8Þ

where s is the width parameter that essentially identifies
the variance of the Gaussian function.

While Gaussian radial basis functions are the most
commonly used radial basis functions, other types of basis
functions are known to have better results in certain
applications such as system identification and control. A
popular set of basis functions used in system identification
is teciprocal multi-quadratic (RMQ) functions as defined
below.

jðxÞ¼
1

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1þ b x� xck k2
p ð9Þ

where b is the width parameter.
Due to the linear structure of the radial basis functions

with respect to the weights, simple least square methods
(in batch and recursive forms) are used for training of
these models. The simplicity of the training methods used
for radial basis functions is one of the reasons these
structures are sometimes preferred over the multilayer
sigmoid neural nets.

5. HOPFIELD NETWORK

The Hopfield network was first introduced by J. Hopfield
(8). This network that is essentially an associative mem-
ory was further developed by researchers such as Amari
(6) and Anderson (7). The Hopfield network is a fully
connected network in which node values are iteratively
updated based on the new input vectors in the training
set. Figure 3 shows a representation of a Hopfield net-
work.

After feeding all the input samples, the network is
expected to store and memorize these input patterns. This
associative memory is then used to remember and recog-
nize these patterns and their noisy version. This means
that when a noisy version of the original patterns is fed to
the network, the system undergoes a large number of
state transitions to converge to a stable state that will
hopefully be the original non-noisy pattern.

As mentioned above, the main application of the Hop-
field network is the recognition of the noisy versions of the
patterns stored in the network. While there are many
more advanced associative memories, Hopfield networks
are still used for some applications such as character
recognition.

6. SELF-ORGANIZING MAPS

Self-organizing maps (SOMs) are the neural structures
introduced by Kohonen (9). These neural networks are
clustering methods that are trained using unsupervised
learning. In simple words, SOM takes the input patterns
and positions the similar patterns close to each other (in
one cluster). In SOM, the n-dimensional patterns in the
input neurons are mapped to the output neurons with p-
dimensional output patterns. The SOM structure is de-
signed in such a way that the output neurons with similar
pattern are neighbors. The output neurons in SOM are
often arranged in one-dimensional or two-dimensional
arrays.

SOMs are heavily used in clustering applications
where conventional methods such as K-means may not
be used effectively. Clustering of biomedical signals into
different classes is a typical application of SOM in biome-
dical engineering.

7. OTHER TYPES OF NEURAL NETWORKS

Many other forms of neural networks have been intro-
duced during the last few decades. Different types of auto-
and hetro-associate memories (10), Hamming neural net-
works (11), support vector machines (SVMs) (12), Voltera
networks (13), and cascade-correlation neural networks
(14) are among these neural structures. Recurrent neural
networks (15) are feedback neural structures that are
heavily used for modeling of dynamic systems. These

1

4 3

2

5

Figure 3. The structure of a Hopfield network.
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structures that are utilized in system identification and
control feedback the output neurons to the inputs of the
networks and therefore allow creating a dynamic model.
Such structures are very useful in modeling of sophisti-
cated nonlinear systems as well as predicting complex
time-series.

Almost all structures motioned in the previous sections
have been extended and specialized toward different types
of applications. As such, there are several newer exten-
sions of Hopfield neural nets, SOMs, and multilayer
sigmoid neural networks.

8. SOME APPLICATIONS OF NEURAL NETWORKS

Neural networks have numerous applications in various
fields of study such as biomedical engineering, control,
and bioinformatics. Neural network applications in signal
processing include time-series analysis (processing of
EEG and ECG), and modeling of complex biomedical
systems (e.g., modeling of human respiratory systems).
Beg et al. used support vector machine for automated gait
classification (16). Najarian et al. used neural network for
modeling of neuromuscular blockade system (17). Wang
et. al. used neural network for estimation of bioelectric
signals (18). Betker et al. used neural network for model-
ing centre of foot pressure (19). Pattichis et al. have used
neural network models in EMG diagnosis (20).

In bioinformatics. neural networks are used for func-
tional classification of proteins (21–23) as well as func-
tional classification and clustering of genes (24–26).
Neural networks are used in many other biomedical
engineering applications such as biomedical automated
drug-delivery, biomedical image processing, and diagnos-
tics and treatment planning (27–29).

9. SOME REFERENCES TO NEURAL NETWORKS

Since neural networks have been introduced for some
decades, there are many numbers of comprehensive books
on neural networks. In this section, we refer to some of
these books, any of which points to some aspect of neural
network. Neural Network (30) by Simon Haykin is a
comprehensive treatment of neural networks from an
engineering perspective. Martin Anthony and Peter L.
Bartlet (31) have written Neural Network Learning: The-
oretical Foundations. which concentrates on statistical
and computational questions associated with using neural
networks. Statistical Learning Theory (32) by Vladimir
Vapnik is a great book covering materials on kernel
learning theory and support vector machine and, finally,
Self-Organizing Maps (33) written by Teuvo Kohonen is a
comprehensive reference for SOM networks.

10. CONCLUSIONS

Artificial neural networks are some of the most popular
neural networks used for modeling, prediction, classifica-
tions, and clustering applications. These computational
methods process information using the interactions

among a distributed network of artificial neurons. Neural
networks are being used in many applications in biome-
dical engineering such as processing of biomedical signals
and classification of biomedical images. Neural networks
are also used to design controllers for nonlinear biomedi-
cal systems.
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Although neural networks derived their name and moti-
vation from biological neural networks, paradoxically
artificial neural networks (ANNs) have nothing to do
with the brain or biology. Two major areas of research in
artificial neural networks exist. The first, called the direct
problem, uses computer and engineering techniques to
model the human brain. This approach is used extensively
by cognitive scientists (1) and is applicable in several
domains including neuropsychiatry (2–4). The second,
called the inverse problem, simulates biological structures
with the objective of creating computer or engineering
systems and has been used extensively in building com-
puter-assisted decision aids for differential diagnosis,
modeling of disease processes, and in construction of
more complex biomedical models and in the construction
of computer-assisted decision aids in biomedicine. Neural
networks in general are used to solve problems in which
the complete formulation is unknown, and thus, no causal
model or mathematical representation exists, usually
because the problem is not completely understood. Neural
networks derive patterns from data with the objective of
differentiating among two or more groups.

1. HISTORICAL PERSPECTIVE

The use of neural network models as decision aids has its
historical foundations in earlier pattern recognition tech-
niques and early limited neural network models.

1.1. Biological Foundations

The motivating factor behind neural network modeling
was the structure of biological nervous systems or biolo-
gical neural networks. Sometimes neural network models
are referred to as ANNs to distinguish them from biologi-
cal neural networks.

Figure 1 shows a neuron. In addition to the normal cell
structure, the neuron also has two additional structures:
multiple dendrites and an axon. The dendrites receive
input form other neurons, whereas the axon is an output
channel to other neurons. The dendrites are the input
mechanism, whereas the axon is the output mechanism.
The cell membrane has an electrical resting potential of
� 70mV maintained by pumping positive ions out of the
cell. The principal pump is the sodium (Naþ ) pump. The
main difference between a neuron and an ordinary cell is
that it is excitable. Due to inputs from the dendrites, the
cell may become unable to maintain the resting potential,
resulting in an action potential that is a pulse transmitted
down the axon that results only if a threshold of � 50mV
has been exceeded. After the pulse is released, the neuron
returns to its resting potential. The action potential

causes a release of neurotransmitters, the chemical mes-
sengers that transmit information to other nearby neu-
rons. Neurotransmitters have either an excitatory or
inhibitory effect and include acetylcholine (usually excita-
tory); catecholamines, such as dopamine, norepinephrine;
and epinephrine; and other amino acid derivatives such as
histamine, serotonin, glycine, and g-aminabutyric acid
(GABA). GABA and glycine are important inhibitory
txansmitters (5).

Neurons are organized into complex structures that
make up the biological nervous system. Santiago Ramón
de Cajal was the first to discover the complex interconnec-
tion structure in the cerebral cortex (6). Along with his
associate Golgi (7), they were able to produce photographs
of the structures by applying dyes with differing absorp-
tion properties. In 1906, they were joint awarded the 1906
Nobel Prize in medicine. Lorente de Nó, one of Cajal’s
students, examined the types of neurons in the cerebral
cortex in the 1930s, showing 32 to 34 different types based
on shape classification, not on function (8). In the 1940s,
Hodgkin and Huxley (9) began their well-known work on
the giant squid, chosen because it has two very large
neurons. They were awarded the Nobel Prize for their
investigations into threshold, inhibition, and excitation in
the giant squid axon.
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Figure 1. Structure of a neuron.
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Hubel and Wiesel (10) did extensive investigation into
the cerebral cortex of the cat, mapping many complex
structures and tracking the path from the optic nerve to
the lateral geniculate body to the visual cortex. They
found columns of cells in the visual cortex that seemed
to be responsible for processing various shapes. Several
cells types were discovered, including simple cells, com-
plex cells, and hypercomplex cells. Their work emphasized
the parallel nature of the visual processing system.

2. EARLY NEURAL NETWORK LEARNING MODELS

2.1. First Artificial Neuron

In a 1943 paper, McCulloch and Pitts (11) described a two-
state logical decision element model based on a simplified
neuron, which they used to compute Boolean functions.
They declared, ‘‘Neural events and the relationship among
them can be treated by means of prepositional logic.’’ Their
artificial neuron performed logical operations on two or
more inputs and produced an output if a threshold value
was exceeded.

2.2. Hebbian Learning

In 1949, Donald Hebb (12) published his approach to
learning laws. In his original approach, excitatory neuron
coupling weights are increased by a subsequent firing,
based on the idea of learning driven by activity.

2.3. ADALINE

ADALINE, the ADAptive LINear Element, developed by
Widrow and Stearns (13), used the mathematics of adap-
tive signal processing to produce the first commercial
neural network.

2.4. Rosenblat Perceptron

In the 1950s, Rosenblatt (14) introduced models of the
brain called perceptrons, based on the neuron models of
McCulloch and Pitts. His model was based on probability
theory rather than on symbolic logic. His photoperceptron
responded to optical patterns and contained a sensory
area, an association area, and a response area. The
sensory area corresponds to the retinal structure. Each
point responds to light in an ON/OFF manner. Input is then
transmitted to the association area. The connections have
three possible weights: 1 (excitatory), � 1 (inhibitory), or
0. When a pattern is presented to the sensory area, a unit
in the association area becomes active if its value exceeds
a predetermined threshold y. At time t, the output from
the association area is defined as

yðtÞ¼ sgnS½xiðtÞwiðtÞ � y�; ð1Þ

where sgn is either þ 1 (for positive argument) or � 1 (for
negative argument), xi(t) is the ith input signal, and wi(t)
is the weight of the ith input to the node. The basic
perceptron model was an example of a learning algorithm
that will be discussed in detail later. A book by Nilsson
(1965) summarizes these early learning systems.

2.5. Limitations of Early Systems

Minsky and Papert (15) showed that a single-layer per-
ceptron could not solve the exclusive or (XOR) problem
and could only separate categories that are linearly separ-
able. Even though Rosenblatt had proposed the use of
multilayer networks to overcome this problem, these
criticisms contributed to the abandonment of neural net-
work research for more than a decade. Another contribut-
ing factor was the computational limitations of the
computers of that time in terms of both memory and
speed. The problems addressed as examples in the neural
network models were fairly simple, with few nodes.

3. STRUCTURE OF NETWORKS

3.1. Terminology

A fully connected network means that all nodes are
connected to all other nodes. Feed-forward networks
have connections that point from input nodes to output
nodes. Recurrent networks have some type of feedback
connections (from output to hidden layer, for example). If a
network is symmetric, then reverse connections are equal
to forward connections, i.e., wij¼wji, where wij is the
weight connecting node i to node j.

3.2. Computational Properties of Nodes

A node, or neuron, represents the biological neuron. The
activation range of a node indicates the values that it can
assume. An activation level could also be continuous on
the unit interval [0,1] or could assume unrestricted con-
tinuous values. In some networks, the nodes may be
binary, with the only allowable values being 0 or 1. In
some binary systems, the allowable values are � 1 and 1
instead of 0 and 1; these networks are denoted bipolar. In
general, input values are summed in the node. The result
may then be adjusted by some offset y that varies depend-
ing on the design of the network. The output is then
determined using the adjusted summation as the argu-
ment in a function f. Choices for f are discussed later. The
general equation is

y¼ f
X

n

i¼ 1

ðwixi � yÞ

 !

ð2Þ

where the node has n inputs, wi is the weight associated
with the ith input, y is the offset or internal threshold
value, and f is defined by the algorithm. Some common
definitions for f are illustrated in Fig. 2. These functions
are called activation functions or transfer functions. For
some algorithms, specific mathematical conditions apply,
for example, differentiability. In some instances, linear
activation functions are also used.

3.3. Network Structure

For the purpose of the discussion, we will make several
simplifying assumptions and will use vector notation to
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represent feature vectors and nodes in each layer. We will
assume a three-layer network.

3.3.1. Input Layer. The input layer consists of n nodes,
n1;n2; . . . ;nn, where each node represents each input
variable in a 1-to-1 mapping. This is not the only possible
configuration. For example, if binary nodes are used,
several may be required to represent each variable. We
will, however, assume the straightforward 1-to-1 mapping
here.

3.3.2. Hidden Layer. The hidden, or interactive, layer
consists of interaction of nodes from the input layer. The
learning algorithm determines the exact configuration.
For the purposes of this discussion, we will assume m
nodes, i1; i2; . . . ; im.

3.3.3. Output Layer. The output layer represents the
decision phase. If it is a two-category problem, the output
layer will in general have two nodes. Another possibility is
to have one output node that fires if the condition is
present and does not fire if it is not present. For multiple
category problems, more output nodes are required. The
output nodes will be designated o1; o2; . . . ; ok. In the case of

the possibility of concurrent conditions, more than one of
the output nodes may fire. For networks designed for
differential diagnosis, the relative strengths of the firings
may be considered.

4. TYPES OF NEURAL NETWORKS

4.1. Algorithm Design

Neural networks can be classified in several ways that
depend on structure, function, or objective. A functional
classification given by Ref. 16 divides neural networks into
the following categories according to their functional
properties.

4.1.1. Classification Models. Classification models in-
put data items to two or more categories. These models
may use supervised learning in which the correct classi-
fications are known or unsupervised learning in which
correction classifications are unknown.

4.1.2. Association Models. Association models are of
two types: auto-association that focuses on the retrieval
of an object based on part of the object and hetero-
association that focuses on the retrieval of an object in
one set using an object in a different set.

4.1.3. Optimization. The objective of these systems is
to find the best solution by minimization of a cost function
or other measure.

4.1.4. Self-Organization. This approach organizes in-
formation using adaptive learning facilities and are simi-
lar to clustering algorithms, based on unsupervised
learning techniques.

Each type is discussed in more detail below.

5. CLASSIFICATION MODELS

This category of neural network is the most common for
applications in biomedicine. The early neural network
approaches described above, specifically the perceptron,
are in this category. Although the perceptron had several
limitations that restricted its usefulness, the multilayer
nonlinear perceptron models have been developed that
remove these limitations.

Classification models may be based on neural networks
that use supervised learning in which data of known
classification are used as a training set to develop a
decision surface that can be used later to classify new
data items. Numerous supervised learning approaches
differ in both theory and application. Another type of
classification model that uses unsupervised learning tech-
niques relies on data for which the classification of each
case is unknown. These methods search for patterns in the
data by which each case can be classified. These ap-
proaches are often referred to as clustering because the
data are clustered into groups that contain similar cases,
where similarity is determined by one of a variety of
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Figure 2. Types of activation functions.
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measures. Classification networks offer strong techniques
for the development of models for decision making.

5.1. Supervised Learning Algorithms

The mathematical basis of supervised learning is separa-
tion of a set of n-dimensional vectors intom classes using a
decision surface or discriminant function. In supervised
learning, the classification of the data is known so the
objective is to find a function that will classify the new
data correctly. Several subcategories of discriminant func-
tions need to be considered.

The most straightforward case is the division of n-
dimensional vectors into two categories by means of a
single discriminant function. The simplest function is
linear. Sets of vectors that can be successfully separated
by a linear discriminant function are said to be linearly
separable. Define a discriminant function DðxÞ, where x is
an n-dimensional vector andw is an n-dimensional weight
vector. Then:

DðxÞ¼w0þwixiþw2x2þ � � � þwnxn

¼w0þ
X

n

wixi¼w0þwTx; i¼ 1

ð3Þ

where

DðxÞ ¼
> 0 if x e class 1

o0 if x e class 2:

"

As the comparison is made to zero, in general the constant
w0 is not relevant and will be omitted in some of the
following discussions. All boldface, lowercase letters are
assumed to be column vectors, thus, x in Equation 3 is a
column vector with n components, wT is a row vector, and
the result of the multiplication wTx gives a scalar value
for DðxÞ, which is a function of the n-dimensional vector
x¼ ½x1; . . . ; xn�.

In the training phase, the values of the components of
all vectors x are known as is the classification for each
vector x. The only unknown components are the values for
w. It is the task of the learning algorithm to determine
these values.

5.1.1. Examples of Neural Networks Using Supervised
Learning.

5.1.1.1. Perceptron. The perceptron algorithm was the
first neural network. The nonlinear version remains a
valid classification model.

The perceptron learning rule

wiðtþ1Þ¼wiðtÞþ Z½dðtÞ � yðtÞ�xiðtÞ ð4Þ

is used to compute each weight adjustment. The iteration
number is t, and Z is the learning rate, which is set by the

user. y(t) and d(t) are defined as follows:

yðtÞ¼ 1 if DðxÞ > 0:

yðtÞ¼ � 1 if DðxÞo0:

dðtÞ¼ 1 if vector belongs to class 1:

dðtÞ¼ � 1 if vector belongs to class 2:

5.1.1.2. Backpropagation. Backpropagation is a type of
nonlinear gradient descent procedure (17). It can be used
for multicategory classification. The objective is to mini-
mize the error criterion

J¼ ð1=2Þ½SðTi �DiÞ
2
�; ð5Þ

where Ti is the target result for decision i and Di is the
current value. The backpropagation algorithm follows:

5.1.2. Assign Connection Weights. Set all wjj and
threshold values yi to small random values

1�i�n; 1�j�m:

5.1.3. Initialize. The activation of an input layer node
is set to the instance presented to the network. For the
hidden and output layers, the activation is

Oj¼F
X

n

i¼ 1

wijOi � yj

 !

; ð6Þ

wherewij is the weight from an input unitOi, yj is the node
threshold, and F is a sigmoid function

FðaÞ¼ 1=ð1� expð�aÞÞ: ð7Þ

5.1.4. Iterate Until Convergence. At time t,

wjiðtþ 1Þ¼wjiðtÞþDojj; ð8Þ

Dwjj¼ ZdjOi; ð9Þ

dj¼Ojð1�OjÞðTj �OjÞ for output units; ð10Þ

dj¼Ojð1�OjÞSdkwkj for hidden units; ð11Þ

where dk is the error gradient at unit k to which a
connection is made from hidden unit j. Z is the learning
rate ð0oZo1Þ.

This process is repeated until convergence in terms of
the selected error criterion.

5.1.4.1. Hypernet. The method used in Hypernet is a
modification of the potential function approach to pattern
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recognition (18). Rather than using the Euclidean dis-
tance formula, the potential function is used:

Pðx;xkÞ¼
X

1

i¼ 1

liFiðxÞFiðxkÞ ð12Þ

for k¼ 1; 2; 3 . . ., where FiðxÞ are orthonormal polynomials
and li are nonzero real numbers. The orthogonal poly-
nomials of mathematical physics may be used as potential
functions. P1 is computed by substituting the values from
the first feature vector for case 1, x1. Subsequent values
for Pk are then computed by

Pk¼Pk�1þ rkPðx;xkÞ; ð13Þ

where

rk¼

1 If Pio0 and class 1

�1 If Pi > 0 and class 2

0 If Pi > 0 and class 1 or Pio0 and class 2:

2

6

6

4

ð14Þ

The orthonormal polynomials can in fact be replaced by
orthogonal polynomials, because multiplication by a nor-
malizing factor does not affect the final relative outcome.
The functions used in Hypernet are chosen from the set of
Cohen multidimensional orthogonal functions [18].
Although high-order equations can be obtained using
this method, in general only linear and second-order
terms are used to prevent overdetermination of the deci-
sion surface.

Hypernet Algorithm

Read in values for input nodes.

Compute value P1.

Until no changes

Compute Pi

IF Pi40 and class 1, no change
IF Pio0 and class 2, no change
IF Pi40 and class 2, or Pio0 and class 1, then adjust
Pi

Output decision hypersurface equation with
weighting factors, DðxÞ¼PiðxÞ.

Many neural networks based on supervised learning
have been developed. Refer to Ref. 19 for more details.

5.2. Neural Networks Using Unsupervised Learning

5.2.1. Kohonen Networks and Competitive Learning. Ko-
honen developed the self-organizing feature map in 1981
and demonstrated how it could be implemented as a
neural network (20–22). It consists of n input nodes that
represent an n-dimensional binary input vector. The net-
work has c output nodes that represent c decision regions.
Every input node is connected to every output node. The
objective is to group input vectors into c classes. The
weight vector wj, j¼ 1; . . . ;n represents the weights asso-
ciated with the input vector’s connection to node j, thus,

each wj has n components. If these column vectors are
arranged in a matrix, we have an n by c matrix for all
weights in the network. The algorithm performs cluster-
ing using a similarity measure on a winner-take-all basis.
The node with the largest value is the winner. Only this
node will generate an output of 1. All other nodes generate
an output of 0. Initially, the weights are chosen randomly.
Although there is only one winning node, the weights of
neighboring nodes are also modified. The output of each
node acts in an inhibitory fashion on other nodes but is
excitatory in its own area. This moderation of competition
is called lateral inhibition, a concept from biological
neural networks. The algorithm is similar to the k-means
clustering algorithm. As the winner’s weight generates
the largest dot product, it means that its weight vector is
closest to the input vector. The learning process makes the
winning node even more similar to the input pattern. The
network uses single-pass learning rather than multipass
feedback. After the training phase, the network operates
by finding the winning node, but it does not modify the
weights.

5.2.2. Hebbian Learning. Hebb (12) attempted to ex-
plain how the brain functioned on a cellular level. The
essence of Hebb’s law is that if two neurons fire simulta-
neously, the connection between them is strengthened.
Hebbian learning (23) is thus also called correlation
learning. For wij the weight for the connection between
neurons i and j then the weight adjustment at interval k
will be

wijðkþ 1Þ¼aiaj; ð15Þ

where a1 is the activation level, or value, of node l at time
k. Hebbian learning only uses excitatory influences among
neurons. It does not use any inhibitory influences. Thus,
synapses only strengthen, which can lead to stability
problems. The linear association network associates pairs
of vectors ðxi;yiÞ so that if xi is the input, yi will be the
result. If a vector close to xi is presented, then a vector
close to yi will be the result. The computation is straight-
forward:

yi¼wi
Txi: ð16Þ

The learning rule in Equation 15 can be used to associate a
new pair:

wðkþ 1Þ¼xi
Tyi: ð17Þ

For m pairs of vectors

w¼
X

m

i¼1

xi
Tyi: ð18Þ

If x1; . . . ; xm are orthonormal, then

1 if i¼ j

xi
Txi 0 otherwise:

"

ð19Þ
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Thus, xi can be transformed into yi without error. If the
space is n-dimensional, the maximum number of associa-
tions is n. If they are not orthonormal, an error will result
in trying to retrieve yi from xi.

5.3. Adaptive Resonance Theory (ART)

Carpenter and Grossberg (24) developed ART. The origi-
nal ART network accepted only binary input. ART2 was
later developed, which also accepted continuous-valued
input. The general algorithm will be discussed in terms of
the original ART, also known as ART1. The ART network
is basically a two-layer network. It is more complex than it
seems. The network has two phases: the recognition phase
and the comparison phase. There are bottom-up synapses,
represented by bij, the component of the weight vector
connecting input node i to output node j. In addition, there
are top-down synapses where tij is the component of the
weight vector that connect output node i to input node j.
The number of input nodes corresponds to the dimension
of the input vector (25). Each node in the bottom layer
receives three inputs, the input value (xi), the signal from
the upper layer mediated by tij, and a logic signal from G1.
The network works on a two-thirds rule: At least two of
the three inputs must be positive for the node to be
activated. The G1 gate works as follows. When an input
vector x is introduced, the presence of a single 1 bit in x
activates the OR gate in G1. The NOR gate in G1 is true
because there are not yet any signals coming from the top
layer. Thus, the ith node will be triggered if and only if
xi¼ 1. Thus, x will pass through the bottom layer un-
changed and b will be identical to x. In the recognition
phase, the network operates using a winner-take-all
strategy, where the winning node has the bottom-up
weight vector closest to the input vector as determined
by the dot product. In the first cycle, a random selection
determines the winner. To moderate the winner-take-all
strategy, in the comparison phase the network uses a
vigilance test:

X

i

xitij=
X

i

xi > r; ð20Þ

where r is the vigilance parameter, 0 � r � 1. For binary
values, the numerator is the number of attributes pos-
sessed by both vectors and the denominator is the number
of attributes in the input vector. If the vigilance test fails,
the network will continue to search for another output
neuron whose weight vectors best match the input vector.
If all neurons fail, a new neuron will be added. When a
winner is confirmed, theG2 circuit is set to 0. At this point,
the weights are modified. The top-down weights are
computed using a logical AND (4) operation:

tijðkþ 1Þ¼ xi ^ tijðkÞ: ð21Þ

The bottom-up synapses are based on a weighted version
of the AND operation:

bijðkþ 1Þ¼ xi ^ tijðkÞ=½ðL� 1ÞþSxitijðkÞ�; ð22Þ

where L is a user-selected constant (typically equal to 2)
(16).

6. ASSOCIATION MODELS

Association models have applications in computer storage
problems and communications problems and in general
have binary input. These networks can deal with other
types of input if it is first converted into a binary format.

In 1982, Hopfield designed a new type of neural net-
work that was one of the first steps toward reviving the
neural network methodology that had been essentially
dormant for the previous 15 years (26). The Hopfield
network is useful for both auto-association and optimiza-
tion tasks. The Hopfield Net uses the concept of surface
minimization in physics. It consists of a set of intercon-
nected nodes. Each node, or neuron, in the network is
binary-valued, traditionally assuming the values of � 1 or
1. Each node is connected to every other node but not to
itself. The result is n(n� l) connections for n nodes. The
net demonstrates that a single network can store multiple
stable states. For a given input pattern, the network can
converge to the stable state nearest to that pattern. The
network is presented with examples called probe vectors
that are binary-valued. The vectors in the network that
are used for comparison are called exemplar patterns.

Other association models include the bidirectional as-
sociative memory (BAM) (27). There are several variations
on the BAM algorithm, including the ABAM, adaptive
bidirectional associative memory, which can accept con-
tinuous rather than binary inputs. The BAM network
associates pairs of vectors such that when vector ai is
input to the network, it recalls vector bi. The backward
weight is the transpose of the forward weight, making this
a symmetric network. A method similar to the Hopfield
network that operates on binary input and has applica-
tions in communication theory is the Hamming network
(22). The Hamming network uses the optimum minimum
error classifier for this situation that selects the minimum
Hamming distance. The Hamming distance is the number
of bits in the input that do not match the exemplar. For
example, given the two vectors:

The initial application of association models was com-
puter storage; they have subsequently been used in com-
munications involving data transfers. In auto-associative
procedures, an input vector that is like a sample vector a
will recall stored vector and will recall itself.

7. OPTIMIZATION MODELS

Neural networks are useful for solving optimization pro-
blems that cannot easily be solved by algorithmic means.
An optimization problem consists of finding the best
solution given a set of constraints. The variables are
encoded as input vectors, and the constraints are repre-
sented by weights connecting the nodes, which may be
positive or negative. An energy function is compared with
a function derived from problem constraints to adjust the
weights. The Hopfield net, discussed above as an auto-
associative network, can also be used for optimization
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problems. The Hopfield algorithm must be modified
slightly when used as an optimization method. The energy
function of the Hopfield net is a Lyapunov function that is
a function that becomes smaller for any change in the
state of the network until a stable state is reached. The
Hopfield net has stability problems that are better ad-
dressed by Boltzmann machines.

In Boltzmann machines, local minima are avoided by
adding some randomness to the energy function. The
binary states of the neurons are updated by stochastic
means. The basis for this approach was taken from
molecular physics where the Boltzmann distribution pro-
vides the probability density function for the kinetic
energy of particles in a gas of absolute temperature T.
The probability that any given particle has an energy
between E and EþDE is proportional to e�E=kTdE, where k
is the Boltzmann constant. The assumption is that in a
fully connected Hopfield-type binary network (states 0
and 1), the kth neuron has a probability pk of being in
the ON state (activation is 1) (28), where

pk¼ 1=ð1þ e�DE=kTÞ; ð23Þ

where DEk is the energy gap between the ON and OFF states
of the neuron and T is analogous to the system tempera-
ture. The network’s global energy is

X

ioj

wijxixj; ð24Þ

where xi is the ith binary nodal signal andwij is the weight
connection from node i to node j. At thermal equilibrium,
the probability of each state is constant and corresponds to
the Boltzmann distribution

PA=PB¼ e�ðEA�EBÞ=T ; ð25Þ

with the probability of the ratio of any two states depend-
ing on the difference in energy.

Optimization methods can be used in problems that
cannot be solved using the algorithmic approach, includ-
ing problems that are described by means of constraints
for which a unique solution does not exist. The approach
involves tradeoffs among the variables to achieve the best
overall solution in terms of an optimization function. For
example, in a problem involving the development of a
medical protocol, the objective may be to minimize patient
risk.

8. SELF-ORGANIZATION MODELS

Self-organization networks organize themselves without
knowing the correct classification of input patterns and
thus fall into the category of unsupervised learning. The
information can be arranged in an n by m matrix where
each row represents input nodes and columns represent
output nodes. The matrix elements are the corresponding
weights. The ith column in the matrix represents the set of
synaptic input weights leading to the ith output node.
Initial weights are chosen randomly. The organization

process begins with the determination of the similarity
of an input vector to representation of each category.
Several methods exist. A distance measure, such as the
Euclidean distance, can be computed between the input
vector and the other vectors for each of the m output
nodes. Alternatively, the dot product could be used. A
winner among the vectors represented by the columns in
the matrix is selected according to the calculation showing
to which vector the input is most similar. Assume we are
using the dot product. Each node computes the dot
product of its weight vector and the input vector

ni¼xwi: ð26Þ

Only the node with the maximum activation (the largest
dot product) will produce an output (equal to 1). This
process is similar to the k-means clustering algorithm.
The network learns by adjusting weights according to

wðtþ1Þ¼wðtÞþ Zðx�wðtÞÞ; ð27Þ

where Z is the learning rate. Other self-organization
models have been developed by several researchers in-
cluding Carpenter and Grossberg (24). The work by Hebb
forms the basis for this type of learning (12). There are
many applications of self-organization models in biomedi-
cine, including problems involving data analysis when
nothing is known about either the number of categories
present or the correct classification of each case, or both.

9. RADIAL BASIS FUNCTIONS (RBFS)

RBFs use a combination of supervised and unsupervised
learning techniques (29). The network consists of an input
layer, a hidden layer, and an output layer. Learning in the
hidden layer is unsupervised with methods such as k-
means clustering (30). Learning in the output layer is
supervised and uses a least mean squares type of algo-
rithm. The radial basis approach can be used for modeling
and classification and is useful in dimensionality reduc-
tion. An application to neurobiological data is given Ref.
31.

10. FUZZY NEURAL NETWORKS

Biomedical data often defy precise interpretation because
diseases come in different states or in combination with
other diseases. It is difficult to represent multiclass mem-
bership. Patients also suffer from a particular disease to
different extents (e.g., mild, moderate, or severe). The
degree of illness can be expressed as the degree of mem-
bership of the patient in the class representing the dis-
ease. In addition, one disease may cause, complicate, or
alleviate another. The dependence between classes corre-
sponds to the dependence between diseases.

The overlapping nature of classes contributes to un-
certainty. Fuzzy feature vectors can simultaneously have
degrees of membership in these overlapping classes, ex-
ploiting the notion of similarity to conflicting classes.
Crisp partitioning fails to exploit this similarity. A fuzzy

NEURAL NETWORKS 7



partition algorithm indicates high partial memberships in
multiple classes. Fuzzy sets are useful during feature
analysis to represent input data with linguistic variables
rather than with exact numerical definitions. Fuzzy sets
are also used for classification to maintain partial class
memberships and to estimate missing information in
terms of membership values (32).

A traditional neuron performs a summation of
weighted input values and fires if the summation exceeds
a prespecified threshold. The fuzzy neuron is similar
except that it can process vague information via the
membership function. The inputs to the fuzzy neuron,
fuzzy sets X1;X2; . . . ;XN are weighted differently from
those in the non-fuzzy case. The weighted inputs are
then aggregated not by summation but by the fuzzy
aggregation operation. The fuzzy output may remain
with or without further operations. For clustering pro-
blems, both the fuzzy and the crisp algorithms search the
labeled sample set for the K-nearest neighbors. Other
than obtaining these K samples, the procedures differ
considerably. The fuzzy K-NN algorithm assigns class
membership to a sample vector rather than assigns the
vector to a particular class. Thus, the algorithm makes no
arbitrary assignments, assigning membership as a func-
tion of the vector’s distance from its k-nearest neighbors
and those neighbor’s memberships in the possible classes.

10.1. Max–Min Networks

Saito and Mukaidono (33) propose a max–min algorithm
to replace the traditional sum-product algorithms that are
used traditionally in neural network learning algorithms.
The minimum and maximum of membership functions are
often used in place of AND and OR operations, respec-
tively. A max–min network generally consists of several
nodes that use either the min or the max operation to
combine weights. The max-product networks are similar
to the max–min networks except that the product is used
in place of the min.

10.2. Fuzzy Approaches for Supervised Learning Networks

Fujioka et al. (34) describes a learning algorithm that
handles interval data. The learning algorithm maps inter-
val-valued data into an interval that becomes the final
result. Sums are computed for the lower and upper values
of the input intervals. A cost function is defined. The
objective of the learning algorithm is to minimize the
cost function. The algorithm can handle non-interval-
input in a degenerated interval with equal limits.

In the simplest case, a fuzzy number can be repre-
sented by a membership function considered symmetric
and triangle and can thus be interpreted by the endpoints
of the interval. However, even in this case, the learning
algorithm must be able to handle interval data, which
requires a major revision in most established learning
algorithms.

To handle interval data as input, the following is
proposed. For a dataset with n variables, define a vector

(35)

x¼ ½ðx1; y1Þ; ðx2; y2Þ; . . . ; ðxn; ynÞ�; ð28Þ

where ðxi; yiÞ represents the interval range for the ith
variable. The values for ðxi; yiÞ will be determined by the
input data in the training set for the learning algorithm.
The objective is to obtain a decision surface that will
separate data at any point in the interval. This can be
accomplished if the extreme values are accommodated. To
do this, all possible combinations of interval endpoints
must be considered. For a dataset with n variables, 2n

combinations will be produced. A new set of 2n vectors is
then defined:

zk¼ ½z1; z2; . . . ; zn�; k¼ 1; . . . ; 2n; ð29Þ

where zi eðxi; yjÞ 3 all possible combinations of xi; yj are
generated for i; j¼ 1; . . . ;n. The learning algorithm is run
for each of the 2n cases. The weights attached to the
decision surface that produces the poorest classification
are chosen to form a robust model.

Another approach suggested by Rocha et al. (36) for the
design of future neural network models is the introduction
of an analog, rather than a digital component, which
would more closely represent the analog nature of the
neurotransmitters in actual biological nervous systems.
Such an analog system could directly interpret fuzzy
information without progressing through the digitization
stage that requires some type of approximation.

10.3. Fuzzy Generalizations of Unsupervised Learning
Methods

The purpose of associative memories is to map data to
data. Fuzzy association refers to the storage and recall of
uncertain associations. Either the associations or the
patterns or both can be uncertain. Traditional associative
memories rely on modus ponens where the stored pair
(A,B) represents A! B. For fuzzy associative memories,
the approximate data item A 0 � A results in the recall of
B0 � B. Kosko (37) analyzes several associative memory
structures in terms of fuzzy techniques including BAMs,
Hopfield nets, and the Cohen–Grossberg auto-associa-
tions, along with such topics as fuzzy cognitive maps for
those who are interested in more details.

Carpenter and Grossberg (38), along with other work-
ers, have developed Fuzzy ARTMAP algorithms that use,
among other techniques, linguistic variables, in which the
min operator defines features that are critically present
while the max operator defines features that are critically
absent. The min operator is translated into cells in the
neural network that are turned ON while the max operator
is represented by cells that are turned OFF.

10.4. Fuzzy Clustering

The purpose of clustering is to partition data into several
subsets (39). Within a set, the elements are as similar as
possible to each other; elements from different sets are as
different as possible. Given any finite data set, the purpose
of clustering is to assign object labels that identify subsets
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within the given dataset. Because the data are unlabeled,
this problem is often called unsupervised learning, i.e.,
learning the correct labels for subsets. Fuzzy methods can
be used for clustering in several ways (40):

Relation Criterion Functions: Clustering controlled
by an optimization of a criterion function of the
grouped data.

Object Criterion Functions: Clustering controlled
by an optimization of an objective function based
directly on the data on an n-dimensional feature
space. This subdivision is the most popular with
fuzzy c-means (number of classes known a priori).

Fuzzy Isodata: Iterative, self-organizing data analy-
sis techniques, number of classes unknown.

Convex Decomposition: Decomposing a set of fuzzy
clusters into a combination of convex sets.

Numerical Transitive: Extracting crisp equivalence
relations from fuzzy similarity relations.

Generalized Nearest-Neighbor Rules (41): Degree
of cluster membership based on metrics.

11. COMPARISONS OF METHODS

The learning algorithm determines, for the most part,
what a network can do. However, each learning algorithm
may behave differently depending on the nature of the
data. It is useful to compare methods by considering the
following:

Type of input data

Ability to handle nonlinearly separable data

Assurance of obtaining separation on data that is
separable

Stability of decision surface

Convergence properties

Tendency to find local extrema.

Some learning algorithms may tend toward oscillatory or
chaotic behavior with some datasets. For example, exam-
ination of the backpropagation method shows that it
contains the logistic equation that will produce this beha-
vior under certain conditions.

12. BIOMEDICAL APPLICATIONS

A 1992 article by Sabbatini (42) list over 100 applications
of neural networks in medicine and biology. These appli-
cations continue to abound. Good sources of biomedical
applications of neural networks can be found in IEEE
Transaction on Pattern Analysis and Machine Intelligence,
IEEE Transactions on Neural Networks, IEEE Transac-
tions on Information Technology in Biomedicine, IEEE
Transactions on Biomedical Engineering, Computers in
Biomedical Research, as well as in numerous conference
proceedings such as the IEEE Engineering in Medicine
and Biology Society, Artificial Neural Networks in Engi-
neering (ANNIE), the Biomedical Engineering Society,

and MEDINFO. The following examples give an indication
of the wide scope of applications in biomedical problems.

12.1. Medical Diagnosis

Cohen and Hudson (43) have applied Hypernet to numer-
ous medical applications in determination of presence of
disease, differential diagnosis, and survival analysis. In
the latter, determination of relative weights for the para-
meters is the objective rather than the classification. A
new unsupervised learning algorithm, prototype distribu-
tion map (PDM), is based on the self-organizing map
(SOM) procedure (44). This method has been applied to
acoustic analysis of pathological voices caused by laryn-
geal diseases. The PDM operates on the already formed
SOM. It is used to reduce dimensionality by eliminating
less significant neurons. In the classification stage, the
objective is to eliminate the most serious error: classifica-
tion of an individual with laryngeal disease as normal.
Four preliminary classifications and scores are combined:
PDM classifier, K-NN classifier, LDA (linear discriminant
analysis) classifier, and classic SOM. Multilayer percep-
trons continue to be used with emphasis on the ranking of
features (45). Recent work has also focused on the use of
fuzzy ARTMAP on four medical databases: Pima Indian
diabetes, breast cancer, heart disease, and gall bladder
removal (46). Meta neural networks have been used to
address problems in differential diagnosis (47). This ap-
proach uses a hierarchy of neural networks to address the
problem at the appropriate degree of detail. Meta rules
derived with expert input are used to guide the system to
the appropriate level. Each network has fewer nodes,
having the advantage of requiring fewer cases for ade-
quate training. A review article summarizes the health
benefit from artificial neural networks in medical inter-
vention and recommends good practices for design and use
of these systems (48).

12.2. Bioinformatics

An interesting application of self-organization is a global
classification of all currently known protein sequences is
presented by Linial et al. (49). Every protein sequence is
partitioned into segments of 50 amino acid residues, and a
distance is calculated between each pair of segments. The
space of segments is embedded into Euclidean space. The
procedure uses a self-organized hierarchical clustering
algorithm. The expanding field of bioinformatics takes
advantage of neural networks in many problems, includ-
ing determination of gene expression using microarray
data.

12.3. Biomedical Engineering

An application of neural networks to a problem in biome-
dical engineering is given by Sepulveda et al. (50) for the
development of adaptive control of gait swing by neuro-
muscular electrical stimulation (NMES). The subject had
full mobility in all limbs but had a completely paralyzed
left leg with some sensations. Input variables came from
two electrogoniometers, and output consisted of variations
in pulse width (PW). In the training phase, stimulation
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PWs were preset to different values until a few good swing
cycles were observed. Goniometer and corresponding sti-
mulation variations were presented as learning targets to
the neural network. Backpropagation was used. The
resulting network was shown to be useful in gait control.
In addition, the network was easily adaptable to any
number of stimulation channels and biomechanical sen-
sors by adding or subtracting neurons.

12.4. Signal Analysis

Chen et al. (51) illustrate another application of the back-
propagation method in the identification of gastric con-
tractions using surface electrodes. A principle component
feed-forward neural network was used by Sveinsson et al.
(52) to analyze event-related potentials from electroence-
phalograms of male schizophrenic patients compared with
normal volunteers. Principle component analysis is a
method for reducing the number of features. Another
example employs a Kohonen network for ventricular
tachycardia source localization that uses body surface
potential maps (53). The objective is to obtain localization
for different types of ventricular tachycardia.

An interesting application of clustering using the near-
est-neighbor rule is given in Ref. 54. The objective was to
improve the identification of late potentials (LP) in pa-
tients affected by greater arrhythmogenic right ventricu-
lar disease (GARVD). Another study compared the
performance of three supervised learning approaches
and one unsupervised learning approach on analysis of
electromyography interference patterns (55). The super-
vised learning techniques were backpropagation, radial
basis network, and learning vector quantization. The
unsupervised technique was a self-organizing feature
map. Cohen and Hudson have used neural network mod-
els to combine chaotic parameters from electrocardiogram
analysis with clinical parameters to develop comprehen-
sive models for diagnosis of cardiac disorders (56).

13. SUMMARY

The above discussion is a summary of the major categories
of neural networks: classification, association, optimiza-
tion, self-organization, and RBFs, along with correspond-
ing learning algorithms. The most relevant of these for the
design of computer-assisted support systems in biomedi-
cine are classification and self-organization networks. The
other techniques discussed here have, however, been used
in biomedical problems. The researcher needs to keep an
open mind regarding the availability of all these techni-
ques to permit the development of innovative approaches
to computer-assisted support systems.
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1. INTRODUCTION

As it is so common in our daily activity, gait is not usually
associated with the idea of complexity and intelligence. In
reality, it is a phenomenon that involves a complex coor-
dination of neuromuscular activity in order to reach a
multiparametric optimization of the performance, includ-
ing energy minimization, equilibrium stability, speed, en-
vironment adaptation, and load distribution on various
muscles and joints (1). A sophisticated control system lo-
cated in the central nervous system at the cerebral and
spinal level (2) takes into account the goal of the motor act
(for example, achieving a predefined position in a given
time) and conforms to the basic requirements coming from
the interaction between the biological system and the en-
vironment. Among these requirements are the need to
keep the erect posture and alternate the foot support on
both limbs and the need to inject muscle forces and energy
into the locomotor system at a proper time and level, con-
sistent with the principles of statics and dynamics. To
achieve the above objectives, the neuromuscular control
system can avail itself of a wide network of sensory affer-
ents that carry information about the internal state of the
body (proprioception, derived by muscle spindles, Golgi
tendon organs, joint receptors) and about the external
world (visual, tactile, vestibular, auditory feedback).

Several investigations can be found in the literature on
these topics, from the most fundamental and pioneering

studies (2–6) to the more recent ones, oriented to specific
aspects of motor control (1,7–13).

As schematically depicted in Fig. 1, the complex sen-
sory-motor interaction, which leads the musculo-skeletal
system to move, concerns the entire body so that we
should refer to the concept of global control. The mechan-
ical manifestation of it is the movement, which can be an-
alyzed through movement analysis techniques, whereas
the EMG signals, which are a measure of the electrical
activity of muscles, reflect the driving command to the
muscles and can be considered its neurological manifes-
tation. When the EMG signals are analyzed jointly with
other biomechanical quantities, they can provide an in-
sight into the motor control system and can help infer the
principles of neuromuscular coordination. For this reason,
the EMG analysis has become a relevant component of
gait analysis, and specific techniques have been developed
for this measure. These applications will be shortly re-
viewed below, and examples of neuromuscular coordina-
tion in normal human gait will be provided.

2. RELATIONS BETWEEN MECHANICAL AND
NEUROLOGICAL MANIFESTATIONS

Although the EMG signals represent the activity of mus-
cles, the error of considering their amplitude a represen-
tation of muscle force should be avoided. Several factors
prevent this assumption: (1) at the level of sarcomere (the
elementary unit of a muscle fiber), the force is produced by
the interaction between actin and myosin filaments, and
directly depends on the instantaneous length of the sarco-
mere; (2) because of the structural properties of the sarco-
meres and also the interplay of connective tissue and
interstitial fluids, the external force produced by a mus-
cle strongly depends on the velocity of change of muscle
length (for example, in relation to the muscle force pro-
duced in isometric conditions, the force a muscle can op-
pose to lengthening is considerably higher, whereas the

Biological
system

Neural control

Musculo-skeletal
system  Movement

(example:Gait)

Motion capture

EMG
analysis  

Ground reaction force
measurement  

Kinematic and dynamic
analysis 
(Musculo-skeletal modeling) 

Joint angles, moments,
powers, muscle length, 
and velocity  

Inference

(Mechanical 
manifestation)

(Neurological
manifestation) 

?

External inputs

Sensory
feedback

Figure 1. Role of the integrated EMG and
movement analysis in the investigation about
the neural control system (see text).

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



force it can produce during shorthening is diminishing as
far as the shortening velocity increases); (3) an electrical-
mechanical delay exists between the time at which the
EMG signal is generated and the time at which the force is
generated, and this delay depends on several factors re-
lated to the dynamic characteristics of each muscle and
each subject not easy to quantify.

In addition, several practical aspects must be consid-
ered: (1) the volume from which the EMG signal is de-
tected is, in general, a small portion of the muscle
considered; furthermore, during movement, this portion
can change depending on the relative motion between the
recording electrodes and the underlying muscle tissue; (2)
the ‘‘calibration function’’ between force and EMG signal
should be defined for each muscle, for each subject, and for
each specific function considered, which is unfeasible be-
cause in living subjects several muscles act on a single
joint, and only the resultant moment can be measured, not
the individual muscle force. In addition, a calibration
function should consider the different kinematic condi-
tions, which are different for each component of a muscle
group. Other considerations refer to the absolute value of
the force estimation, which, of course, depends on the
mass of the muscle (physiologic cross-sectional area), and
from the content of slow-twitch and fast-twitch muscle fi-
bers in the specific muscle. Another important issue is the
different thickness of subcutaneous tissue in different
muscles and individuals, which can affect the EMG sig-
nal amplitude but not force, and makes it impossible to
find a general relationship between EMG amplitude and
force.

For all the above reasons, the information derived from
the EMG signals in dynamic conditions is mostly to be
considered qualitative in nature, and inference about
their mechanical counterpart should be cautiously consid-
ered. Below are examples of what the EMG analysis can
tell us:

1. the sequence of muscle recruitment in a specific mo-
tor act;

2. the duration of the phases of muscle activity;

3. the presence of co-contraction and reciprocal inhibi-
tion of antagonist muscles;

4. the presence of special features in the signals (clonic
bursts, slow rising or steep rising activity).

When EMGs are analyzed jointly with biomechanical
variables, the following information can be derived:

1. Muscles are recruited in concentric, eccentric, or iso-
metric conditions, for instance, allowing one to infer
about a possible role of Ia afferents;

2. Muscle activity is consistent or not with the me-
chanical requirement, allowing, for example, one to
identify phases of antagonistic co-contraction;

3. Muscles are recruited or de-recruited according to a
synergy, and this synergy can be analyzed in terms
of pattern of muscles involved, timing, and task-de-
pendence.

This information can be obtained only if a comprehen-
sive method of data collection (experimental protocol) and
computational algorithms are properly defined. Musculo-
skeletal modeling is a relevant component of such an ap-
proach.

Later, the basic equipment and acquisition techniques
will be reviewed, but first recall the physiological meaning
of the EMG signal as it can be recorded on the skin surface
of a muscle, which is what has been called the surface
EMG signal, or SEMG. When referred to dynamic condi-
tions, it can be properly named kinesiologic surface EMG.

3. THE KINESIOLOGIC SURFACE EMG

An electrical signal can easily be detected on the skin sur-
face above a muscle belly, when the muscle is active, by
just positioning two electrodes over it and connecting
them to a differential amplifier. From the site where the
signal is generated (the muscle fibers membrane) to the
surface of the body, the original signal undergoes strong
modifications in amplitude and frequency content. Fur-
thermore, thousands of motor units are usually simulta-
neously active, which produce desynchronized motor unit
action potentials (MUAPs) during any muscle contraction,
and all of these signals come to the detection area of the
electrodes with different delays and amplitudes, giving
rise to what is called the ‘‘interferential’’ EMG signal. Ex-
tracting meaningful information from the signal detected
on the skin surface is not a trivial task. EMG artifacts and
cross-talk between adjacent muscles are a subtle and fre-
quent cause of misinterpretation of muscle activity (14).
Quite reliable surface electrodes are now commercially
available in which preamplifiers are very closely con-
nected to the detection surface (15) in order to minimize
the 50Hz (60Hz) interferences. Furthermore, the conduc-
tive surfaces, Silver-Silver Cloride, are embedded in a
conductive, adhesive gel that has the function of reducing
the skin/electrode impedance and to keep as stable as pos-
sible the electrodes in place. As a result, the need for care-
ful skin preparation is reduced, although shaving of hair
and gentle abrasion of skin to remove surface dead cells
are always suggested. The weight of the electrodes and
preamplifiers has to be kept as low as possible to avoid
large oscillations induced by the movement. Electrodes
position over the muscle has to be carefully checked. Ac-
cording to some authors (16), the best location is in be-
tween the innervation zone and the muscle-tendon
junction. However, in dynamic conditions, it must be as-
certained that the electrodes stay over the active portion
of the muscle even when the muscle is shortened during
the movement considered. The interelectrode distance is
another important parameter. Usually, 2–3 cm can be ad-
equate, although this distance can be reduced when chil-
dren or small muscles are to be analyzed. A reference
ground electrode has to be positioned sufficiently apart
from the recording electrodes, usually over a passive area,
like a bone. All these aspects have been carefully investi-
gated and discussed in several circumstances, and recom-
mendations have been proposed and published (17). If the
above rules are applied, we can expect to obtain a signal
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with a meaningful frequency content between 10 and
350Hz, and a peak-to-peak amplitude of maximum 2–
3mV. Amplification of frequencies lower than 10Hz could
include motion artifacts; therefore, a high-pass filter is
required to reject these frequency components (sometimes
15–20Hz cut-off frequency may be required). No particular
problem develops, on the other side, if frequencies above
350Hz are kept in the signal, as the high-frequency noise
is usually relatively low. However, an anti-aliasing low-
pass filter with 350Hz cut-off frequency is commonly used
for a sampling frequency above 700Hz. As to the total gain
of the amplifiers, it has to be defined according to the
range of the A/D converter of the acquisition board and
must be a trade-off between exploitation of maximum A/D
converter input range (the maximum resolution depends
on full scale and number of bits) and avoiding to produce
out-of-scale signals (in that case, the A/D converter would
saturate with all the bits set at 1). Useful advice can be
found in every issue of the Journal of Electromyography
and Kinesiology (Elsevier), ‘‘Standards for reporting EMG
data’’.

4. THE ROLE OF EMG IN GAIT ANALYSIS

Just to exemplify the procedure for the analysis of neuro-
muscular coordination in gait based on EMG, a typical
experimental setup is described (see Fig. 2), with refer-
ence to previous investigations by the authors (1,8,18–20).

4.1. Gait Analysis System

A consolidated system for movement analysis, adopted in
many advanced laboratories, is the stereophotogrammet-
ric system, which is based on the automatic detection of
retroreflective markers through the use of TV cameras
(21,22). Different algorithms for markers recognition are
implemented in each specific system, but, in any case, the
three-dimensional (3-D) coordinates of the centroid of each
marker are provided in the first phase of data processing.
The basic requirement is that at least two TV cameras
detect each marker simultaneously. For gait analysis, a
minimum of four TV cameras (two for each side of the
body) must be used in the simplest configuration, whereas
the number can rise to 8–12 or even more if a higher re-
liability and accuracy is to be achieved. Based on a pre-
defined model of the human body, the markers are
intended to represent the motion of specific anatomical
points (23–26). They are tracked in space as to obtain their
time trajectory, and are then further processed to reduce
noise and artifacts. Reference systems of Cartesian axes
are defined for each anatomical segment (pelvis, tight,
shank and foot), and relative motion between adjacent
segments is described in terms of joint angle rotation.
Most studies refer to just flexion/extension movements,
although adduction/abduction is sometimes kept into ac-
count as far as the hip joint is considered. Internal/exter-
nal rotations of tight and shank and foot inversion/
eversion are seldom considered because the accuracy ob-
tainable for these variables are unacceptably low with
most of the commonly used acquisition protocols. Move-
ments of the trunk or portions of it are of increasing in-

terest according to the improved feasibility of total body
protocols (27).

4.2. Dynamic Analysis

If external forces applied to the body are measured (or can
be reasonably predicted), a free-body diagram can be used
to implement an ‘‘inverse dynamics’’ approach (1,8,28),
which consists of computing the internal moment of force
at each joint required to maintain the externally observed
motion and loading conditions. Each anatomical segment
is modeled as a rigid body, and intersegmental connections
are modeled as ideal (no friction) revolute joints. Usually,
the hip joints are represented by spherical hinges (three
degrees of freedom), and cylindrical hinges are used at the
knee and tibio-tarsal joints (one degree of freedom each).
The dynamics equilibrium equations are applied to each
segment in the following form:

dG=dt¼SM

dQ=dt¼SF;

where dG/dt is the time derivative of the angular momen-
tum; SM is the sum of all the moments applied to the seg-
ment considered (normally the only moments applied are
the ones coming from the adjacent segments); dQ/dt is the
time derivative of the linear momentum; and SF is the
sum of all the forces applied to the segment considered
(which include intersegmental forces, ground reaction
forces applied to the foot, measured by a force plate, and
gravitational forces applied to the center of mass of each
segment).

Mass and moment of inertia for each segment can be
estimated through using anthropometric tables (29), and
the three components of angular and linear velocity can be
obtained from the kinematic data, so that the angular and
linear momentum can be computed.

With reference to the principal axes of inertia of the
segment, the following equations (Newton–Euler) hold:

Jxp
0 � ðJy � JzÞq r¼SMx

Jyq
0 � ðJz � JxÞr p¼SMy

Jzr
0 � ðJx � JyÞpq¼SMz

mX 00 ¼SFx

mY 00 ¼SFy

mZ00 ¼SFz;

where Jx, Jy, and Jz are the three moments of inertia with
respect to the x, y, and z principal axes of inertia, respec-
tively; p, q, and r are the three components of the angular
velocity vector referred to the x, y, and z principal axes of
inertia, respectively (p0, q0, and r0 are their time deriva-
tives);m is the mass of the segment; X00, Y0 0, and Z0 0 are the
linear accelerations of the center of mass of the segment in
the X, Y, and Z directions, respectively, where these direc-
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tions are those of the absolute inertial system; SMx, SMy,
and SMz are the Cartesian components of the resultant
moment of forces applied to the segment, referred to the
principal axes of inertia; and SFx, SFy, and SFz are the
Cartesian components of the resultant force applied to the
center of mass of the segment and referred to the absolute
inertial directions.

When the linkage of anatomical segments is ideally
broken in correspondence with a joint, and so the system
is separated into a proximal and a distal part, the dynamic
equilibrium of the distal part can be preserved if the me-
chanical action (net resultant force and moment) that the
proximal part was exerting on the distal part before the
ideal splitting are applied to the distal part. The same
reasoning can be applied to the proximal part: It will be
kept in a dynamic equilibrium if the resultant force and
moment that the distal part was exerting on it are applied
through the separation section. As these mechanical ac-
tions (net force and moment) are the only unknowns, they
can be computed by means of the above equations. They
represent the result of all the interactions that passive
tissues (capsulae and ligaments), bones, and muscles ap-
ply from one segment to another through a joint. However,
according to the degrees of freedom considered at each
joint (only rotational), the only structures of interest for
the movement are those that can control these degrees of
freedom, as to say the ones that can produce a moment of
force around the joint axes of rotation. Bone contact forces,
ligament forces, and capsulae forces, although interesting
for the analysis of internal loads and stresses, produce
negligible moments around the joint rotational axes in
normal range of motion, whereas moments produced by
muscles are the most effective in movement control, which

is why joint moments, computed as above, are considered
to represent the true output of the neural control system
(30).

Figure 3 represents the concept of joint moment and
power. The ground reaction force, applied to the foot dur-
ing foot-floor interaction, is the main external force ap-
plied to the body and can be measured by a sensorized
force plate (31). The force is here represented by a vector
superimposed to the human body. Its rotational action at
each joint, the joint moment, is the product of its ampli-
tude times the distance of its line of action from the joint
center. It appears, from the instantaneous situation de-
picted in the figure, that this action is respectively flexory
at the hip joint, flexory at the knee joint, and plantar-fle-
xory at the ankle joint, which comes from the observation
that the line of action of this force is respectively in front of
the hip joint, behind the knee joint, and behind the ankle
joint. Similarly, all the other external forces, not repre-
sented here, which are the gravitational forces and the
inertia forces applied to the center of mass of each seg-
ment, will produce a moment around the considered joint.
The external moment, Me, is the result of all these mo-
ments of force. Internal moment, Mi, must be of the same
magnitude, although reversed in sign. If we consider a
small rotation (DW of the joint (the hip, for example), the
internal moment will produce a mechanical work Mi � DW if
the rotation is in the same direction, but the work will be
negative (absorption) if the rotation is opposite. In the first
case, the internal structures (muscles) are injecting me-
chanical energy into the joint; in the second case, the in-
ternal structures will absorb energy. The power, which is
energy referred to the unit of time, will result as the prod-
uct of joint moment and angular velocity of the joint and

Multi-channel
telemetric
EMG system

Motion
analyzer

EMG
electrodes

Markers

Force
platform

Portable
EMG
transmitter

TV cameras

Figure 2. Typical laboratory setup for move-
ment analysis. A motion analyzer processes the
images collected by a number of TV cameras.
Retroreflective markers are positioned on the
subject. A force platform measures the ground
reaction forces. EMG signals are picked up by
surface electrodes and transmitted by a portable
device to a multichannel telemetric EMG system.
All kinematic, dynamometric, and mioelectric
data are simultaneously analyzed.
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will be positive in the first case (produced) and negative in
the second case (absorbed).

4.3. Muscle Force Estimation

As several muscles across a joint exist that can affect each
single degree of freedom, the problem of understanding
how these muscle are coordinated among them and share
the task of producing the required joint moment develops,
which is the definition of the problem of ‘‘force distribu-
tion’’. In mathematical terms, it is an underdetermined
problem because the number of unknowns (the individual
muscle forces) exceed the number of equilibrium equa-
tions (one for each degree of freedom). Optimization crite-
ria have been proposed as a means to find out additional
mathematical relations among muscle forces, and hypoth-
eses about energy consumption, resistance to fatigue, re-
duction of total load at a joint (32,33) have been
formulated. Other approaches refer to models of neural
control (34,35) or try to obtain direct information from
muscle activity (the so-called ‘‘EMG-driven’’ models)
(36,37). Here, the physiological properties of muscles
(physiologic cross-sectional areas, pinnation angles, fast-
twitch/slow-twitch fibers ratio, electro-mechanical delays)
are kept into consideration, to the attempt of reproducing
a phenomenon that is incompatible with the optimization
approaches, as, for example, the possibility of co-contrac-
tion of antagonist muscles. Despite a considerable advance

of knowledge about muscle properties and motor control,
and the development of powerful tools for biomechanical
modeling and dynamic simulation, prediction of individ-
ual muscle forces is still to be viewed as an interesting
theoretical exercise and not sufficiently reliable to be ap-
plied to single individual cases (pathological cases, for ex-
ample). For this reason, experiments of interest are aimed
at providing a direct measurement of tendon forces
through slightly invasive techniques (38,39). However,
these techniques are still to be improved concerning ab-
solute force measurement accuracy; they require special
experimental conditions; and, again, they do not provide
the individual muscle force but just the sum of forces of
muscles converging on the tendon.

4.4. Musculoskeletal Modeling

Based on segmental kinematics, interesting information
about muscle kinematics can be obtained. A muscle-ten-
don line of action can be basically defined in two ways: (1)
by just connecting the centroids of the origin and insertion
areas and allowing this line to bend over bone promi-
nences (via points), or (2) by assuming a proper volumetric
description of a muscle and allowing the musculo skeletal
line to pass through the centroids of each cross section. In
any case, the length of the muscle-tendon line is a function
of anthropometric parameters and joint kinematics (40–
43). The first can be obtained through external measure-
ments and anthropometric tables; the second comes from a
quantitative movement analysis. It is worth mentioning
that anthropometry can avail itself of an increasing use of
biomedical imaging, in particular MRI and Ultrasono-
graphy, and a strong integration of these techniques into
movement analysis application is in development (44,45).
Comparing the EMG signals with the muscle-tendon
length and change of length is a fundamental approach
to analyze the neuromuscular coordination.

5. EXAMPLES OF NEUROMUSCULAR COORDINATION IN
GAIT

Quite comprehensive studies can be found in literature
coming from the earlier application of movement analysis
techniques and EMG (1,8,30). They constitute the basis
for the subsequent widespread application of gait analysis
in clinics. Intrasubject (between days) repeatability has
been recognized to be higher for kinematics than for ki-
netics and EMG activity, which has been put in relation
with the redundancy of possible combination of muscle
that can produce the same biomechanical effect in terms of
motion. Actually, D. A. Winter (9) described a specific bio-
mechanical variable as representative of an antigravitary
synergy: the support moment, which is the sum of joint
moments produced at the ankle, knee, and hip at each in-
stant of time along a stride. Its variability proved to be
considerably lower than the variability of the single joint
moments. According to his interpretation, the small vari-
ation required at the hip joint to compensate for the iner-
tial perturbation occurring at each weight-bearing phase
because of the large mass of the so-called HAT (head,
arms, and trunk) correspond to an inverse covariation of

Mi = −Me Me

W=Mi.∆ϑ

∆ϑ

Figure 3. Scheme illustrating the meaning of external (Me) and
internal (Mi) joint moments. When joint rotation is performed as
depicted in the figure (DW), the internal moment is doing positive
work against the external moment. Energy and power are pro-
duced.
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the knee moment, so that the sum of the two is relatively
unchanged. Similarly, it can be argued, according to
Pedotti (1), that changes of the contribution of a single
muscle participating to a joint moment can be compen-
sated for by other synergistic muscles, leaving the result
relatively unchanged. Not only the agonist muscles can
participate to motor synergies, but also the antagonists, as
it clearly appears that, for example, the antagonistic in-
hibition can compensate for a diminished activity of a
muscle and have the same effect of the enhanced activity
of an agonist one.

Looking at the intersubject variability, it appears that
different patterns of joint moments observed in different
subjects correspond to different muscle recruitment pat-
terns, yet still consistent with the corresponding biome-
chanical requirement. More generally, an efficient criteria
of muscle recruitment seems to exist that takes into ac-
count: (1) the instantaneous capability of a muscle to pro-
duce a moment, which depends on muscle-skeletal
structure and muscle kinematics; (2) the gravitational,
inertial, and other externally applied loads, which depend
on the dynamic posture and interaction with the environ-
ment; and (3) an overall criterion aimed at efficiently ex-
changing the kinetic energy into potential energy

(gravitational and elastic) and vice-versa, while keeping
the total energy variation at minimum.

Below, the most relevant aspects of neuromuscular co-
ordination in gait are reported with reference to a normal
subject, walking on level, barefoot, at his natural cadence.

6. CASE ANALYSIS

First, consider the fundamental aspects of gait kinemat-
ics. A stride is defined from time of initial foot-ground
contact and the next foot-ground contact of the same foot.
In normal walking, initial contact is by the heel. Stance
phase is the phase in which the foot is in contact with the
ground, and swing phase is the subsequent phase in which
the foot is off the ground. Their time duration are usually
60% and 40% of stride duration at natural speed. They are
represented at the bottom of Fig. 4 by thick and thin hor-
izontal lines, respectively. They can be the reference for
the analysis of the other biomechanical variables. Left and
right foot have a similar time course of ground contacts,
although shifted by 50% of the stride time.
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Figure 4. Kinematic analysis of gait. Hip,
knee, and ankle angles are reported normalized
in time over the stride cycle duration. These an-
gles are angles computed in the sagittal plane.
The horizontal dashed lines represent the
standing upright joint angles. The vertical con-
tinuous lines represent initial foot-ground con-
tact, toe-off, and subsequent foot-ground
contact. The vertical dashed lines represent
toe-off and initial contact of contralateral foot.
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6.1. Joint Angles

The joint angles reported in Fig. 4 refer to the hip, the
knee, and the ankle joint flexion/extension angles. The
horizontal, dashed lines, represent the joint angles mea-
sured in upright standing. Hip is usually flexed at initial
contact. It extends for most of the stance phase, and then
it flexes again in the second half of the stride cycle. The
knee joint is almost straight at initial contact and under-
goes a flexion-extension cycle during the first part of the
stance phase (yielding phase, load acceptance phase). Be-
tween 40% and 50% of the stride time the large knee flex-
ion starts, which leads the foot to clear the floor and
produce the swing phase. In the second part of the swing
phase, the knee extends again and prepares itself for the
next foot-floor contact.

The ankle joint exhibits a short lasting cycle of plan-
tarflexion-dorsiflexion just after initial contact. Then, dur-
ing the load acceptance phase, dorsiflexion proceeds until
approximately 40% of stride duration. At this time, the
heel usually leaves the ground and plantarflexion takes
place. At 60% of stride time, the toes leave the floor and
swing phase begins. Maximum plantarflexion occurs at

approximately 65%. Then, the ankle dorsiflexes again and
comes to an almost neutral position just before the next
foot-floor contact.

6.2. Joint Moments and EMG

As mentioned above, the observed kinematics are the re-
sult of internal and external forces interplay. The external
moments must be counteracted by internal structures,
and in a normal range of motion the muscles are the most
involved. Figure 5 reports a superimposition of joint mo-
ments (hip, knee, ankle) and EMG signals from some of
the relevant lower-limb muscles. All data are normalized
in time along the stride cycle duration, and the lowest bar
graph represents, as in the previous figure, the stance
phase and swing phase duration of left and right side, re-
spectively. The convention adopted here for the joint mo-
ments is such that an external force that produces a vector
moment directed to the right of the subject (right hand
rule) is positive, which means that positive external mo-
ments are flexory at the hip, extensory at the knee, and
dorsiflexory at the ankle. The muscles considered here are
some of the most relevant in the sagittal plane motion, and
those whose electrical activity can be detected by surface
electrodes: Gluteus Maximum (Glmax), Semi-
membranosus (SM), Biceps Femoris (BF), Vastus Medial-
is (VA), Gastrocnemious lateralis (GAl) and medialis
(GAm), Soleus (Sol), and Tibialis Anterior (TA).

6.2.1. Hip. With reference to Fig. 5, hip joint moment
has a positive phase lasting from initial foot contact until
30–40% of the stride duration. The main extensor muscles
are active in this phase: Glmax, SM, and BF. Then, a neg-
ative phase of the hip moment occurs that ends at approx-
imately half of the swing phase. Here, the hip flexory
muscles are supposed to be active (Ileo-psoas activity has
been recorded by some authors by means of wire, invasive
electrodes, but has not been considered here). In the sec-
ond part of the swing phase, hip moment is positive again,
and actually the SM and BF are shown to be active.

6.2.2. Knee. The time course of the knee joint moment
exhibits two considerably large flexory phases, one in cor-
respondence with the load acceptance and the second in
correspondence with the late stance phase. During the
first, the myoelectric activity of the VA can be reasonably
interpreted: The extensor muscles must counteract the
external flexory moment. If we consider the previously
mentioned cycle of flexion-extension, which corresponds to
load acceptance, it clearly appears that VA activity is
aimed at supporting the body weight in this phase. Rather
surprising is the absence of a similar activity in the second
phase of flexory-moment, which will become more clear
later on, when the relations between EMG and muscle
kinematics will be analyzed.

By considering the moment extensory phase in be-
tween the previous two, it might be considered that the
knee joint is almost completely extended in this phase,
and passive structures like ligaments and capsulae can
contribute to counteract the external extensory moment.
However, the hamstring muscles (SM, BF), which are ex-
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Figure 5. Kinetic and EMG analysis. Hip, knee, and ankle mo-
ments are reported superimposed to the EMG traces of Gluteus
maximum (Glmax), Semimembranosus (SM), Biceps Femoris
(BF), Vastus Lateralis (VA), Gastrocnemius Medialis (GAm), Gas-
trocnemius Lateralis(GAl), Soleus (Sol), and Tibialis Anterioris
(TA). All variables are normalized in time over the whole stride
cycle. The stride temporal phases are depicted as in the previous
figure.
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tensors at the hip but also have a flexory action at the
knee, are still active in this phase. In particular, the ac-
tivity of the BF muscle is clearly enhanced, which can be
put in relation to a more specific knee flexory function
performed by the short head component of BF. In the same
phase, the GAm and GAl are also active.

6.2.3. Ankle. Although the anatomical arrangement of
GAm and GAl allow them to produce a knee flexory mo-
ment, their mechanical action is more consistent at the
ankle, as they are components of the triceps surae group.
Actually, their activity, together with the activity of Sol,
seems to parallelize the rising phase of the external do-
rsiflexory moment, and stops abruptly when the last
achieves the maximum. Differences in amplitude between
GAm and GAl (the last being much lower) may depend on
a particular location of the electrodes on GAl, as it seems
unlikely that this muscle had such a big difference from
it’s twin muscle’s involvement, which confirms that EMG
signals are not to be considered to represent the force.
Special features of the activation patterns can instead be
kept in consideration. For example, in correspondence
with the change in slope of the rising phase of the ankle
moment, the EMG of GAl seems to come to a stationary
amplitude, whereas the Sol activity decreases. Then, a
further increase of both is observed in correspondence
with the ankle moment peak. Further consideration refers
to the abrupt deactivation of the three muscles while the
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kinematics; it is represented in relation to the standing upright
posture. Muscle velocity was obtained as the first time derivative
of muscle-tendon length. Black areas identify the lengthening
phases (positive velocity). The muscles reported here are Gluteus
Maximum (Glmax), Semimembranosus (SM), and Biceps Femoris
(BF). The stride temporal phases are reported at the bottom.
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Figure 7. Comparative analysis of muscle activity and muscle
length and velocity. The same conventions as in the previous fig-
ure apply. The muscles reported are Vastus Lateralis (VA), Gas-
trocnemius Medialis (GAm), and Gastrocnemius Lateralis (GAl).
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joint moment decreases to zero in a longer time, which
means a persistence of muscle moment in the absence of
muscle activity. The viscoelastic properties of the passive
components of the muscles can be partially responsible to
this delay, as well as the active phenomena related to
muscle de-recruitment.

Finally, the myoelectric activity of TA is consistent with
its role of ankle dorsiflexor. However, it can be observed
that an EMG signal of similar amplitude is recorded both
at the beginning of the stride, when an external plantar-
flexory moment exists, and during most of the swing
phase, where the moment is negligible. The explanation
could be either the need to counteract any passive residual
force by the triceps surae muscles in the swing phase (ac-
tually, during this phase, GAm, GAl, and Sol seem to be
not completely silent), or it could be related to the different
kinematic conditions of the TA muscle at initial contact
and during swing phase. The correlation with muscle
length time course will help deepen these aspects.

6.3. EMG Signals and Muscle Kinematics

In Figs. 6–8 the EMG signals are reported in relation to
the time course of muscle length and velocity. Here, the
EMG amplitudes are normalized to the mean value of the
rectified signal within a time window of 50ms, centered
around the maximum EMG activity, which is useful to

compare the patterns irrespective of their relative ampli-
tude.

Looking at the figures, it appears that Glmax is only
activated concentrically, and thus is to be considered a
relevant contributor to energy injection into the system.
SM and BFas well have a consistent activity during short-
ening, and so they also contribute to mechanical energy
production. However, their activity starts in the previous
lengthening phase and achieves a maximum in correspon-
dence with their maximum length. It would be reasonable
to presume that the input from muscle proprioceptors, in
particular those involved in stretch reflex, could be used
by the neural control system to sustain this activity. In
fact, it has to be considered that, in this final lengthening
phase, which corresponds to the late swing, the role of the
hamstring muscles is to brake the forward movement of
tight and shank. During most of the swing phase, these
muscles are lengthening without EMG response, which
means that the stretch reflex should be inhibited. An easy
way to activate them in vicinity to their maximum length
would be to decrease the stretch reflex inhibition and al-
low the muscle to react to lengthening. Concerning the BF,
an increased activity is observed in the middle of the
stance phase, where no meaningful changes in the short-
ening velocity occur. This burst has a reason in the me-
chanical requirement already shown in relation to the
knee joint moment.

Concerning the VA muscle, a clear two-mode behavior
can be observed in Fig. 7. During the yielding phase, the
muscle is active primarily during lengthening and de-
creases its activity after the maximum length has been
achieved. Here again, the stretch reflex mechanism can be
hypothesized. However, specific peculiarities exist. At dif-
ference with the braking phase described for the ham-
strings, here the preceding phase is a phase of shortening,
not lengthening; secondarily, another lengthening phase
exists within the stride cycle, in which muscle length is
increasing, at higher velocity than in the first phase, and
in which the VA is almost silent. So it appears that the
hypothetical mechanism of stretch reflex modulation (in-
hibition, de-inhibition, enhancement) can be effective not
only along a phase of muscle lengthening, like in the ham-
strings, but also with a longer spanning of time, and de-
pending on the functional phase. Similar concepts have
been documented by studies about the H-reflex modula-
tion in different walking conditions (46).

Now we can return to the previous question of how can
a considerable flexory moment be present at the knee in
the late stance phase if the recorded EMG activity in the
VA is so low. Here, the well-known Hill equation describ-
ing the relation between muscle force and velocity must be
recalled. Even the more recent experimental investiga-
tions (47,48) have demonstrated that a lengthening veloc-
ity of a few percent of resting length per second can
dramatically enhance the force a muscle can produce
with respect to isometric contraction at the same level of
activation. Looking at the high lengthening velocity of the
VA, which is achieved in late stance, it seems very likely
that these mechanical properties are exploited to produce
the required joint moment with a minimum of active mus-
cle involvement. It has to be considered, however, that
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Figure 8. Comparative analysis of muscle activity and muscle
length and velocity. The same conventions as in Fig. 6. The mus-
cles reported are Soleus (Sol) and Tibialis Anterior (TA).
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other muscles, not discussed in this contribution, can rea-
sonably be involved, for example, the rectus femoris. This
muscle, in fact, is relatively close to its maximum length
and has a relatively high lengthening velocity in this
phase (because hip is maximally extended and knee is
rapidly flexing, see Fig. 4). These conditions are favorable
for muscle force production.

Concerning triceps surae, GAm, GAl, and Sol seem to
exhibit a similar behavior as the VA, but in a larger time
window. Actually, they absorb a considerable amount of
energy by opposing themselves to the dorsiflexory exter-
nal moment while the ankle dorsiflexes. Here as well, the
bigger velocity and length excursion recorded in swing
phase do not produce any muscle reaction.

Finally, the question about TA activation pattern can
be faced. During the early stance phase, when the heel is
on the ground, the role of this muscle is clearly the one of
controlling the smooth approach of the foot plant to the
floor, which is a lengthening phase, and the muscle is ac-
tivated eccentrically. During the swing phase, the muscle
has to sustain the foot and accelerate it in the first part,
which is a relatively low-demand task. However, it can be
seen from Fig. 8 that this is a shortening phase, and thus,
although the force required is low, a need for a massive
activation of the muscle exists. Of course, the other pos-
sible factors mentioned above must be considered jointly.

6.4. Global Effects of Muscle Activity

The above considerations are aimed at understanding the
role and the mechanisms of control of muscles as separate
entities, each characterized by different mechanical prop-
erties (active and passive), and different instantaneous
capability of producing moment. However, a number of
uncertainties exist that have to be considered, and many
hypotheses and assumptions are very hard to verify. For
example, in the above attempt to explain the muscle ac-
tivation through considering the role of the stretch reflex,
it clearly appears that only a qualitative inference can be

done on the basis of the existing knowledge of these phe-
nomena, which, concerning the humans, is relatively
scarce.

A simpler approach to analyze the mechanical role of
muscles in a predefined motor act could be interesting as
well.

In Fig. 9, for example, the global effect of muscle groups
can be analyzed by comparing the joint moments and the
joint powers. The two kinds of variables are just superim-
posed on the same graph. The basic information that can
be extracted from it can be related to the ideal optimiza-
tion of total mechanical energy. Joint moments tell us
which muscle groups should be required to sustain the
external load; joint powers tell us whether the energy
(area beneath the curve) is provided by the muscles or it is
absorbed. Looking at Fig. 9, the most relevant information
can be summarized as follows:

1. Hip and knee, first half of the stance phase: Hip ex-
tensor muscles provide energy to the system; knee
extensor muscles undergo an absorption/production
cycle. A possibility exists to store and then recovery
elastic energy.

2. Hip, second half of stance phase till mid swing: Hip
flexors are required, and they absorb energy in the
first part and produce energy in the second part. The
possibility exists for elastic energy store and recov-
ery.

3. Knee, late stance–early swing: Extensor muscles ab-
sorb a considerable amount of energy.

4. Knee, late swing: Knee flexors absorb a considerable
amount of energy.

5. Ankle: early stance: Dorsiflexors absorb a small
quantity of energy.

6. Ankle, remaining part of the stance phase: Plantar-
flexors absorb energy in a first phase and then pro-
duce a considerably higher quantity of energy. A
possibility exists of elastic energy recovery, but there

Joint moments
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Hip flexors
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100 (Nm)
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0

0
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Ankle plantarflexors
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Knee extensors
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Figure 9. Comparative analysis of moments and
powers. Positive moments represent the mechan-
ical effect of hip extensors at the hip, knee flexors
at the knee, and plantarflexors at the ankle. Pos-
itive power means energy produced by the inter-
nal structures (muscles); negative power means
energy absorbed.
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should still be a net injection of energy be the mus-
cles.

7. CONCLUSIONS

As it has been shown in the examples provided above, the
analysis of neuromuscular coordination cannot be thor-
oughly performed without a consistent integration of bio-
mechanical data (movement analysis) and EMG signals,
which are a representation of the neural driving com-
mand. Postural movements can be interesting as well to
understand the role of muscle synergies and how they
adapt to different external conditions and to the specific
motor task (49–51). The advanced technologies for move-
ment analysis and powerful tools available for computer
simulation of complex musculoskeletal models (42,52) can
contribute to:

- more effectively test different motor control hypothe-
ses on the basis of an improved knowledge of the basic
properties of active and passive tissues and neural
control mechanisms;

- investigate the influence of selected pathologies or
lesions on muscle coordination for improving diagno-
sis, identifying optimal therapeutic and rehabilita-
tive techniques, and evaluating the treatment
outcome.
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NEUROMUSCULAR STIMULATION

WARREN M. GRILL

Duke University
Durham, North Carolina

1. INTRODUCTION

Electrical stimulation can be used to generate muscular
contraction, and neuromuscular excitation was one of the
earliest documented interactions of electricity and a living
organism (1). An understanding of neuromuscular excita-
tion and the properties of activated muscle are relevant for
understanding natural neural control of movement as well
as the restoration of movement using artificial electrical
activation of the neuromuscular system (2). Electrical ac-
tivation of the nervous system can be used to restore func-
tion and is referred to as functional electrical stimulation
(FES) (3–5). In the instance that electrical stimulation is
applied to the neuromuscular system for restoration of
motor function (6), it is referred to as functional neuro-
muscular stimulation (FNS).

This contribution describes electrical activation of the
neuromuscular system with electrodes positioned in or on
the skeletal muscle (muscle-based electrode). The neuro-
muscular system can also be activated using electrodes
placed on peripheral nerves or within the central nervous
system (7). These electrode locations will not be consid-
ered directly in this contribution, but the properties of
electrically activated muscle are similar irrespective of
electrode location.

The focus of the material presented is on the funda-
mental properties of neuromuscular stimulation, rather
than its applications to restore function. For the latter, the
reader is referred to Grill and Kirsch (8). First, the mech-
anism of neuromuscular activation is described with ref-
erence to neuromuscular transmission, and the block of
transmission under experimental conditions reveals that
it is the nerve, rather than the muscle, that is stimulated
by muscle-based electrodes. Next, the two principal meth-
ods to control muscle force—recruitment and rate modu-
lation—are considered. The temporal properties of the
muscle twitch response, temporal summation, and the
force-frequency relationship are described to form the ba-
sis for control of force with rate modulation. The excitation
properties of motor nerve fibers, including the strength-
duration relationship, the current-distance relationship,
and the current-diameter relationship, are then described
to provide the basis for control of muscle force via recruit-
ment. Finally, the biomechanical factors that impact the
motor response are considered, including the length-ten-
sion properties of skeletal muscle, position-dependent re-
cruitment properties of muscle-based electrodes, and the
conversion of muscle force to joint moment.

2. NEUROMUSCULAR EXCITATION

Neuromuscular excitation is effected by applying a short
(typically 100–200ms) pulse of current to the tissue

through a pair of electrodes — a source (anode) and sink
(cathode) of current. Electrical current pulses create ex-
tracellular potentials in the tissue, which, in turn, lead to
the generation of neural excitation (see NERVE STIMULA-

TION). Neurons in the vicinity of a cathodic electrode will
be depolarized, and if the current amplitude is large
enough to bring the depolarized portion of the membrane
to threshold, then the nerve will be stimulated. In con-
trast, neurons in the vicinity of the anodic electrode will be
hyperpolarized, and although anodic stimuli can also gen-
erate excitation, the anodic stimulus amplitudes required
for excitation are generally larger than those required
with cathodic stimuli (see NERVE STIMULATION).

The applied stimulus may either be a constant (regu-
lated) voltage pulse or a constant (regulated) current
pulse, and the type of pulse that is used will impact the
properties of neural stimulation. Electrical stimulation of
neurons is mediated by the electric field of the tissue, and
regulated current pulses produce the same current flow
through the tissue, and thus the same electric field, inde-
pendent of impedance of the electrode tissue interface.
However, with regulated voltage pulses, the current flow
through the tissue, and thus neuronal excitation, is de-
pendent on the impedance of the electrode-tissue inter-
face. Constant current stimulation maintains the same
current, independent of the load impedance, and thus en-
ables direct control over neuronal excitation. However,
when using surface electrodes, constant current pulses
can pose a risk for discomfort or tissue injury. If the sur-
face electrode were to become partially dislodged, the im-
pedance of the electrode tissue will increase. A regulated
current pulse will then deliver the same current into a
smaller area resulting in an increase in current density
that could cause pain or skin damage. A regulated voltage
pulse will deliver less current if the impedance of the elec-
trode-tissue interface increases.

3. THE RESPONSE TO STIMULATION

The application of a single brief pulse of current of suffi-
cient amplitude will produce a twitch response from the
muscle (Fig. 1). The amplitude and time course of the force
twitch are dependent on the type of muscle fibers, the
muscle length, as well as the intensity (amplitude and
duration) of the stimulus pulse.

3.1. Muscle Fibers and Motor Units

Skeletal muscle is composed of bundles of individual cells
or muscle fibers. The muscle fibers are the contractile
units of the muscle, and two general types of muscle fibers
exist. Fast muscle fibers (also called pale or white muscle
as a result of low myoglobin levels and sparse vascular-
ization) contract and relax rapidly (Fig. 1b) and generate
large forces. Fast muscle fibers lose their force-generating
capacity rather quickly after repeated contractions (fa-
tigue), although a class of fatigue-resistant ‘‘fast’’ muscle
fibers also exist. Slow muscle fibers (also called red muscle
as a result of high myoglobin levels and rich vascularizat-
ion), contract and relax slowly and generate smaller forces
but are fatigue-resistant. Most muscles consist of a mix-
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ture of these fiber types and thus produce intermediate
contractions, and different types of muscle fibers within a
muscle may be activated as appropriate for different tasks.

Motor units are the fundamental unit of neuromuscu-
lar activation. They consist of a motor neuron and the
group of muscle fibers that it innervates. The cell body of
the motor neuron resides in the ventral horn of the spinal
cord and its axon extends into the periphery to contact the
muscle fibers. In general, the muscle fibers within a motor
unit are all of one type.

3.2. What is Stimulated?

Passage of current with electrodes placed in or on a muscle
will cause depolarization of nerve and muscle fibers, and
thus both motor nerve fibers and skeletal muscle fibers
can be excited by an extracellular electric field. With an
electrode placed in, on, or near a skeletal muscle, it is un-
clear what is being stimulated. Either the muscle may be
activated directly or the motor nerve may be stimulated as
it enters the muscle, and the ensuing muscle contraction is
activated indirectly as a result of neuromuscular trans-
mission. Before considering this issue further, a brief re-
view of neuromuscular transmission is presented.

Action potentials in motor nerve fibers lead to muscle
contraction by synaptic transmission across the neuro-
muscular junction (Fig. 2). Depolarization of the motor
nerve terminal by the action potential leads to influx of
calcium and subsequent release of the neurotransmitter
acetylcholine (ACh) (Fig. 2b). The binding of Ach to ACh
receptors present on the postsynaptic (muscle) membrane
causes them to open and enable the influx of sodium,
which is in higher concentration outside the cell than in-
side the cell. The influx of sodium depolarizes the muscle
membrane potential, leading to calcium release, and sub-
sequent contraction of the muscle.

Block of neuromuscular transmission has been used to
determine whether electrical stimulation of the muscle
excites the presynaptic motor nerve fiber or the postsy-
naptic muscle fibers (9). The muscle was activated with an
electrode inserted into the muscle belly and the evoked
force, F, was measured. Neuromuscular transmission was
then blocked by application of a competitive antagonist
that binds to the acetylcholine receptor, such as curare,
which prevents the ACh that is released from the nerve
terminal from binding to the ACh receptors on the muscle
membrane and initiating muscular contraction (Fig. 2c).
Following blockade, electrical stimulation was again ap-
plied and the evoked force, F0, was measured. If intramus-
cular stimulation evoked muscle force by direct activation
of the skeletal muscle, then neuromuscular transmission
would not be required, and the same force would be evoked
in the blocked and unblocked condition (F0=F¼ 1). The ra-
tio of F0=F measured in these experiments was 0.04, indi-
cating that neuromuscular transmission was required to
evoke force by intramuscular stimulation (9).

The conclusion that electrical stimulation of the muscle
excites the presynaptic motor nerve fiber is important for
two principal reasons. First, it means that electrical acti-
vation of skeletal muscle requires the presence of a motor
neuron, that is, the muscle must not be denervated. Al-
though it is possible to stimulate denervated muscle, the
stimulus intensities required to do so are substantially
(and, in some cases, prohibitively) higher than those re-
quired to activate innervated muscle. Second, it means
that the properties of neuromuscular excitation are those
of exciting the motor nerve fibers (see NERVE STIMULATION)
rather than those of the muscle fibers.

(a)

(b)

(c)

Figure 1. Response of skeletal muscle to electrical stimulation.
(a) Single stimuli result in twitch contractions. The amplitude
and time course of the twitch depend on the muscle fiber type
(F¼ fast; M¼mixed fast and slow; S¼ slow). (b) Repetitive stim-
uli result in superposition of single twitches. (c) The force-fre-
quency relationship of skeletal muscle. The force evoked by
stimulation increases as the frequency of stimulation increases.
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4. MODULATION OF MOTOR OUTPUT

The nervous system uses two mechanisms to modulate
muscle force: recruitment and rate modulation (or rate
coding) (10). Recruitment refers to the number of motor
units that are activated, where a motor unit is defined as a
motor neuron, and the muscle fibers that it innervates.
The more motor units that are activated, the greater the
force that is produced. Rate modulation refers to how fre-
quently motor units are activated. The more frequently
motor units are activated, the greater force that they pro-
duce. These same two mechanisms are available to regu-
late muscle force when using electrical stimulation.

4.1. Force-Frequency Relationship

Single stimuli evoke twitch contractions from skeletal
muscle (Fig. 1a). However, when the interpulse interval
(reciprocal of the stimulation frequency) in a train of re-
peated pulses is less than the twitch duration, the force
responses to each stimulus overlap and add together (Fig.
1b). As the stimulus frequency is further increased, the
twitch continue to add together, the force generated in-
creases, and the force ripple decreases (ripple is defined as
the difference between the force at the peaks and force in
the valleys during the stimulus train). This process of
force addition because of overlap of individual responses is
termed temporal summation and results in a sigmoidal
relationship between the evoked force and the stimulus
frequency (Fig. 1c) termed the force-frequency relation-
ship.

The stimulation frequency at which individual muscle
twitches add together is dependent on their durations.
Recall that different muscle fiber types have different du-
ration twitches (Fig. 1a), and thus different muscle fiber
types (motor units) will fuse to form a contraction with
very little ripple at different frequencies. For example, the
fusion frequency of a slow-twitch motor unit may be as low
as 10Hz, whereas that of a fast motor unit may be as high
as 50Hz.

During a voluntary muscle contraction, the firing times
of individual motor units are asynchronous. In contrast,
each current pulse in a train of artificial stimuli produces
synchronous activation of all excited motor units. This
synchronous activation requires a higher average activa-
tion frequency to produce a fused contraction than the
asynchronous firing during a voluntary contraction, and
the higher activation frequency may contribute to the on-
set of fatigue (see below).

4.2. Recruitment

The second means to control muscle force is through the
use of stimulation intensity to alter the number of motor
units that are activated. The nervous system modulates
the number and distribution of active synapses on motor
neurons to control the number of active motor units. Using
artificial electrical stimulation, the number of active mo-
tor units (recruitment) is controlled through the intensity
of the stimulation, which determines the number of nerve
fibers that are stimulated.

The stimulation intensity can be modulated by altera-
tions in either the duration or the amplitude of the stim-

(a)

(b) (c)

Figure 2. Synaptic transmission and block at the
neuromuscular junction. (a) Neuromuscular stim-
ulation results in generation of an action potential
in the presynaptic motor nerve fiber that results in
transmission across the neuromuscular junction to
effect the postsynaptic muscle fiber. (b) Calcium
influx into the presynaptic terminal results in re-
lease of acetylcholine. Acetylcholine binds to
postsynaptic acetycholine receptors resulting in
depolarization of the muscle cell membrane and
subsequent muscle contraction. (c) Application of a
competitive antagonist (curare) blocks the postsy-
naptic acetylcholine receptors. Although acetylcho-
line is released as a result of the presynaptic action
potential, it cannot bind to the postsynaptic recep-
tors and muscular contraction does not occur.
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ulus pulses according to the strength-duration property of
stimulated nerve fibers (Fig. 3a). For a fixed stimulus
pulse duration, increases in the amplitude of the stimulus
will activate more nerve fibers (motor units) and generate
more force. Similarly, for a fixed stimulus pulse amplitude,
increases in the duration of the stimulus pulse will acti-
vate more motor units and generate more muscle force.

The stimulation intensity required to activate a given
nerve fiber is dependent on the size of the nerve fiber (di-
ameter) and its distance from the electrode (Fig. 3b). The
stimulation intensity is approximately inversely propor-
tional to the square root of the fiber diameter, such that
larger diameter nerve fibers require less intense stimuli
for excitation. Similarly, threshold stimulation intensity is
approximately proportional to the square of the distance
between the electrode and the nerve fiber, such that more
intense stimuli are required to activate nerve fibers far-
ther from the electrode.

These factors result in a distribution of threshold stim-
ulation intensities related to the size of the motor nerve
fibers and the position of the nerve fibers relative to the
electrode (Fig. 3c). Recruitment is achieved by activation
of different numbers of motor units from this distribution,
which must necessarily occur from left to right along the
stimulation intensity axis (i.e., nerve fibers with lower in-
tensity thresholds are recruited before nerve fibers with

higher intensity thresholds). Thus, increasing stimulus
intensity is analogous to cumulative summation (integra-
tion) of the distribution of stimulation thresholds. The cu-
mulative probability distribution describes the muscle
force as a function of stimulation intensity, and under
simple circumstances, force muscle force is a sigmoidal
function of stimulation intensity (Fig. 3d).

The relationship between the force (number of active
motor units) and the stimulation intensity is referred to as
a recruitment curve, and in practice, muscle-based elec-
trodes often have complex recruitment characteristics
(11,12). Deviations from a simple sigmoid curve are caused
by the nonuniform distribution of terminal motor nerve
fibers in the muscles that lie at different distances from
the electrode, and create regions of variable recruitment
slope or gain. In the example of Fig. 4b, the motor nerve

(a)

(c) (d)

(b)

Figure 3. Properties of neuromuscular stimulation. (a) The
strength-duration curve of neural excitation relates the stimula-
tion pulse amplitude to the stimulation pulse duration. The rheo-
base is the stimulation intensity required for excitation with a
stimulus pulse of infinite duration, and the chronaxie is the min-
imum pulse duration required for excitation when the stimulus
amplitude is equal to twice the rheobase intensity. (b) The thresh-
old intensity required for nerve stimulation varies directly with
the distance between the electrode and the nerve fiber and in-
versely with the diameter of the nerve fiber. (c) The dependence of
excitation threshold on diameter and distance results in a distri-
bution of single nerve fiber thresholds in a motor nerve. (d) The
recruitment curve describes the force (or number of motor units
activated) as a function of the stimulus intensity and can be
thought of as the cumulative integral of the distribution in (c).

(a) (b)

(c) (d)

Figure 4. Biomechanical effects on the force/moment produced
by neuromuscular stimulation. (a) The force-length curve of skel-
etal muscle. The active, passive, and total forces produced by a
skeletal muscle at a constant level of activation are dependent on
the muscle length. (b) Position-dependent recruitment by muscle-
based electrodes. Changes in electrode position relative to the
motor nerve [shown in (c)] lead to changes in the relationship be-
tween the stimulation intensity and degree of muscle activation.
At position C1, the electrode is further from the two branches of
the nerve and, thus, the threshold for activation is higher than in
position C2 where the electrode is closer to the two branches of
the nerve. The two sections of the sigmoid in each curve represent
activation of each of two branches of the motor nerve. The lower
maximum force in C2 is a reflection of the length-tension proper-
ties of the muscle [shown in (a)]. (c) Changes in the relative po-
sition of the electrode (white disk) relative to the motor nerve
(dark gray) occur with changes in joint angle (muscle length). (d)
Muscle force, F, produces movement by generating a moment, M,
about a joint equal to the product of F �d, where d is the moment
arm between the insertion point of the muscle and the joint ro-
tation center.
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branches near the electrode (Fig. 4c), and thus two popu-
lations of motor nerve fibers, lie at two different distances
from the electrode, resulting in a recruitment curve ap-
pearing as the sum of two sigmoids. In regions of low gain,
large changes in the stimulus amplitude or pulsewidth
generate only small changes in force, whereas in regions of
high gain, small changes in stimulus intensity generate
large changes in force. In cases where the user voluntarily
grades the stimulus parameters, the changes in gain pro-
duce poor control characterized by deadbands, overshoot,
and hunting behavior (13).

4.3. Fatigue

Fatigue refers to a reduction in force-generating capacity
following repeated or prolonged contraction and will di-
minish the force evoked by neuromuscular stimulation.
This problem is particularly acute in paralyzed muscle
that loses mass and force-generating capacity and be-
comes more susceptible to fatigue as a result of disuse at-
rophy (14). Chronic activation of paralyzed muscle
(electrically induced exercise) can reverse some of the ef-
fects of disuse atrophy and result in increases in force-
generating capacity and fatigue resistance (5,15), which
occurs through activity-dependent increases in muscle
mass and muscle fiber-type conversion (16,17).

4.4. Length-Force Relationship

The muscle force, or tension, consists of an active compo-
nent that results from the contraction of the active muscle
fibers and a passive component that results from stretch-
ing tissues that exhibit a spring-like property. Recall that
the force generated by a spring, F, is proportion to the
change in length, Dx, (F¼ k � Dx, where k is the spring
constant). The active force-generation capacity of skeletal
muscle is a function of the muscle length (Fig. 4a) (18,19).
At a constant level of activation, the active force increases
as the muscle length increases up to a limit known as the
optimal length. As the length is increased beyond the op-
timal length, the active force decreases. The passive force
is close to zero at lengths less than the optimal length, but
as the length approaches the optimal length, passive force
increases with further increases in length. Cumulatively,
the sum of the active force and passive force is referred to
as the total force, and it varies with muscle length (Fig.
4a). Thus, when considering control of the neuromuscular
system, either by the nervous system or by electrical stim-

ulation, one must be aware of not only the changes in force
that result from recruitment and rate modulation, but also
the changes in force that result from the inherent length-
tension properties of the muscle.

4.5. Length-Dependent Recruitment

The force produced by neuromuscular stimulation with a
muscle-based electrode can be strongly dependent on mus-
cle length, which, in turn, is determined by the position of
the limb (Fig. 4b). This effect, termed length-dependent
recruitment, results from position-dependent changes in
the relative locations of the electrode (placed in or on the
muscle) and the motor nerve fibers innervating the muscle
(11,20). At one limb position (muscle length) the electrode
may by closer to or more distant from the nerve fibers than
at another limb position (Fig. 4c), which can affect the
threshold for activation, the relationship between stimu-
lation intensity and muscle force (recruitment curve), and,
due to the muscle length-tension properties, the maximum
force that can be generated. This effect makes recruitment
a nonunique function of the stimulus parameters. Thus,
not only does the force generation of muscle depend on its
length, but the level of activation (effective intensity of
stimulation) can also depend on the muscle length (limb
position).

4.6. From Force to Movement

The forces generated by contracting muscles create move-
ments by generating moments about joints. The joint mo-
ment is equal to the product of the muscle force, F, and the
moment arm, d, between the location of the muscle inser-
tion and the joint rotation center (Fig. 4d). Thus, all the
descriptions above of the characteristics of muscle force
(modulation, length-dependence) also apply to the joint
moment, which assumes that the moment arm, d, is con-
stant, but in fact d is a function of the joint angle. Thus,
muscle force goes through an additional position-depen-
dent transformation at the joint.

5. ELECTRODES FOR NEUROMUSCULAR STIMULATION

Electrodes placed in or on skeletal muscle are used to ex-
cite the terminal endings of motor nerve fibers as they
enter the muscle. Muscle-based electrodes, including in-
tramuscular wires and epimysial disks (Figs. 5a and 5b),

(c)
(a)

(b)

Figure 5. Implantable devices for muscle-based stimula-
tion of motor nerves. (a, b) Examples of surgically im-
planted intramuscular (a) and epimysial (b) muscle-based
electrodes. Photograph courtesy of P. Hunter Peckham
[see Akers et al. (23)] (c) Examples of implantable micro-
stimulators developed by the Alfed Mann Institute of Bio-
medical Engineering at the University of Southern
California (AMI), by the Alfred Mann Foundation for Sci-
entific Research (AMF), and by Advanced Bionics Corpo-
ration (ABC). Photograph courtesy of G. E. Loeb [see Loeb
et al. (27)]. Both photographs are at approximately the
same scale.
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have well-established records of safety and efficacy.
Coiled-wire intramuscular electrodes that can be placed
percutaneously (21,22) or surgically implanted (23,24) and
implanted epimysial electrodes (20,23,24) possess the ad-
vantage of good selectivity (recruit force in one muscle, but
not others) and have little risk of inducing nerve damage
because the electrodes are physically removed from the
motor axons. Although percutaneous electrodes can dis-
lodge, fracture, or become infected, the incidence of such
complications is very small even when implanted for up to
one year (22), and the reliability of surgically-implanted
electrodes is outstanding (24).

An alternative to discrete electrodes connected to a
common stimulator package (25) are individual, self-con-
tained microstimulators (26,27). They are placed in skel-
etal muscle to excite the motor nerve fibers as they enter
the muscle, and they have properties similar to conven-
tional muscle-based electrodes. These devices can be pow-
ered by either rechargeable batteries or via a radio-
frequency (RF) inductive link, and they are individually
addressable so that multiple stimulators can be implanted
and controlled to activate multiple motor nerves (Fig. 5c).
The RF versions may also be used to transmit sensor data
out from the implant, such that the devices can be config-
ured to sense position, acceleration, or bioelectric signals
(e.g., electromyogram) (27).

The primary method of enhancing the function of motor
prostheses is to activate additional muscles. In systems
employing muscle-based electrodes or microstimulators,
the necessity to implant at least one electrode or stimula-
tor per muscle has required that only a subset of muscles
be chosen for stimulation, thereby limiting the function of
these prostheses. Each additional channel requires an ad-
ditional device, thus increasing system complexity, mak-
ing implant surgery more difficult and lengthy, and
increasing the probability of device failure. In addition,
the anatomical location of the motor point of certain mus-
cles, for example, the hamstrings, make repeatable and
accurate placement of muscle electrodes difficult. Alterna-
tive methods of stimulation are under development, in-
cluding electrode arrays placed in or on peripheral nerves
or within the central nervous system (7).
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1. INTRODUCTION

The biological systems involved in the regulation of pos-
ture and the control of movement and locomotion in mam-
mals present a considerable challenge to biologists and to
engineers. These neuromuscular systems, involving mus-
cles, tendons, and very large numbers of nerve cells and
sensors associated with different variables, have for many
years attracted much attention within the biomedical en-
gineering research community. This interest arises mainly
from the potential benefits that improved understanding
of these systems should bring. Better physiological knowl-
edge of properties of the main elements within neuromus-
cular systems and how these separate elements are used,
in combination, to control posture and movement should
assist in the treatment of diseases that can affect our abil-
ity to regulate our posture and move our limbs. More un-
derstanding should also improve the prospects of patients
following spinal cord injury or strokes and assist in re-
search on how to use biological systems principles in the
development of better forms of prostheses for amputees.

Control theory has provided a useful framework within
which neuromuscular systems can be investigated both in
qualitative and quantitative terms. The difficulty in ap-
plying such techniques to assist in gaining a full under-
standing of the complete system lies in its extreme
complexity. The system is highly redundant in structure,
with many parallel pathways and many sense organs.
However, mathematical modeling techniques and associ-
ated methods for experimental modeling using system
identification and parameter estimation methods have
been used widely in studies of the neuromuscular system
and have enhanced our understanding of some aspects of
its behavior. Computer simulation methods have allowed
hypotheses about the system to be tested quantitatively,
both under steady-state and dynamic conditions and have
provided additional insight that would be difficult to ob-
tain in other ways.

Neuromuscular systems are also of considerable inter-
est to engineers working in the fields of biomimetics,
which is a process of design that involves the deliberate
mimicking of natural systems, and robotics. This has been
particularly productive in the area of biologically inspired
robots. An understanding of neuromuscular systems has
also been found to be important in modeling the human
operator for control tasks where the human-in-the-loop
has a critically important role, such as in the piloting of
high-performance military aircraft. Use has been made of
relatively simple neuromuscular system sub-models
within pilot models that are used to describe aircraft han-
dling qualities and in developing aircraft flight control
systems.

2. THE STRUCTURE AND FUNCTION OF
NEUROMUSCULAR SYSTEMS

Neuromuscular systems involve all parts of the muscular
system and nervous system that are concerned with the
regulation of posture and control of limb movements as
well as other physiological functions, such as those asso-
ciated with the control of eye movement, the control of
breathing and the operation of the heart. This article fo-
cuses particularly on aspects of neuromuscular systems
associated with skeletal muscle and therefore involved in
the regulation of posture and the control of movement.

Neuromuscular systems that are concerned with the
control of posture and limb movements are hierarchical in
structure and, as with the nervous system, may be divided
broadly into peripheral and central elements. At the low-
est level in the hierarchy are the elements of the periph-
eral nervous system involving muscle and the associated
sensory receptors. Next are local feedback pathways that
involve the extrafusal (load-bearing) muscle fibers, the
sensory receptors, and the spinal cord and provide the ba-
sis for reflex action through which stretching of a muscle
results in more muscular activity due to feedback effects
that make the fibers contract more strongly. The action of
these reflex loops is influenced at the spinal cord, at the
next level above this in the hierarchy, by a network of in-
terneurons, some of which are believed to be involved in
control functions within the stretch reflex while others
form central pattern generators used in repetitive actions
such as walking. Interactions can take place between the
stretch reflex loops for different muscles, and an example
of this is the reciprocal inhibition of tension development
in agonist and antagonist muscles at a joint. The upper
levels in this hierarchical system involve areas of the cen-
tral nervous system such as the brain stem, cerebellum,
motor cortex, and the sensory cortex that are concerned
with planning and initiation of actions. Information is
communicated between different levels of the hierarchy
through a number of ascending and descending pathways.
Figure 1 is a simplified schematic diagram of the system.

Current understanding of this complex system is great-
est at the lowest hierarchical levels, where experimental
investigation has revealed much about the structure and
internal functioning of the elements of the stretch reflex
system (bottom loop in Fig. 1). There are many useful re-
view papers and other sources of information relating to
the neurophysiology of postural mechanisms. Some of
these have been published in biomedical engineering
books and journals (e.g., (1)) but many others are in the
physiological domain (e.g., (2–4)). Some useful review pa-
pers relating to neuromuscular control may also be found
in the control engineering literature (e.g., (5,6)).

Relatively little is known about the way in which the
brain controls motor activity and how the central nervous
system modifies control strategies to take account of fa-
tigue and other factors that may alter the performance
capabilities of muscle. Interactions between the stretch
reflex system and other reflexes, such as the labyrinthine
reflex (which tends to lift the head as a person falls for-
ward) and reflexes associated with the head and neck, are
also very important and further increase the complexity of

1
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any quantitative description of the neuromuscular sys-
tem.

Keifer and Houk (7) have suggested that the human
neuromuscular control system operates, for fast move-
ments, in an open-loop feed-forward fashion. For exam-
ple, the activation patterns of the relevant muscles used in
reaching movements are stored within the CNS as adjust-
able motor patterns and are applied directly, when re-
quired. Such ideas have been translated into humanoid
robots, but with the addition of feedback loops to correct
for factors such as unexpected external disturbances or
changes of load. In some cases this corrective feedback is
not implemented in a simple fashion through signals that
depend directly on the error, but involve a form of feedback
control in which the quantity fed back depends on the
stage of movement of the robot arm. As discussed later in
this article (in the section 6 entitled ‘‘Biomimetics’’), some
combination of open-loop control and closed-loop control
involving both continuous feedback signals and switching

operations now appears to be likely within the neuromus-
cular system used for walking.

3. ELEMENTS OF THE NEUROMUSCULAR STRETCH REFLEX

The peripheral nervous system involves a sequence of re-
peating units within the spinal cord, which are known as
segmental levels. At a given segmental level the muscular
and associated skeletal elements, together with the neural
receptors that provide sensory information, form a closed-
loop system that involves the spinal cord.

3.1. Skeletal Muscle

One group of nerve cells at the spinal cord involves the
alpha-motoneurons and these have axons that leave the
spinal cord and innervate the load-bearing or extrafusal
muscle fibers. These muscle fibers are the basic actuators
of the neuromuscular system and a single anatomical
muscle may contain hundreds of active contractile ele-

Figure 1. Highly simplified block diagram of
the neuromuscular system involved in the reg-
ulation of posture and control of movement.
The diagram illustrates the hierarchical struc-
ture of the neuromuscular control system and
the interactions between the central and pe-
ripheral nervous systems. The neural regula-
tor and the skeletal muscle, sensory receptors,
and limb system blocks are associated with the
stretch reflex, while other blocks involve
higher levels in the hierarchical system.
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ments, which are arranged functionally as individual ‘‘mo-
tor units.’’ Each motor unit involves a group of extrafusal
muscle fibers (often as many as 250) that can be activated
simultaneously by a single motoneuron. The number of
muscle fibers per motoneuron appears to be inversely cor-
related with the degree of control associated with the
muscle in question. It should also be noted that the indi-
vidual fibers of motor units do not make contact with each
other and are distributed widely in large muscles, extend-
ing as far as 2 cm apart. The terminal branches of the al-
pha-motoneuron axon terminate at special areas of the
extrafusal muscle fibers called the motor end plate. The
axons transmit nerve impulses, known as action poten-
tials, from the cell body to the muscle fibers and when an
action potential reaches the motor endplate electro-chem-
ical events occur that lead to contraction of these muscle
fibers.

A skeletal muscle is a highly complex nonlinear system
in which chemical and thermal energy is converted into
mechanical energy. Muscle fibers act as active nonlinear
springs in which the forces that are developed depend
upon muscle length, the rate of change of length, and the
neural input. A muscle can only exert an active force by
contraction, and skeletal muscles are normally arranged
in functional pairs or groups to allow bidirectional move-
ments about a joint. The control of groups of muscles to
produce movement involves interactions between the
stretch reflex loops for these muscles and the upper lev-
els of the system. In discussing the stretch reflex here we
confine our attention to a single muscle and the associated
sensory elements and nervous signal transmission path-
ways.

Extrafusal muscle fibers contain smaller elements (fi-
brils) and each of these contains many microfilaments.
These are of two types, thin filaments of actin and thicker
filaments of myosin. The active contractile properties of
muscle depend on the active sliding of one type of filament
over the other. Two states can be distinguished for all
muscles. These are the noncontracting, or resting state,
and the active state during which mechanical energy is
produced. Around each muscle fiber is an electrically po-
larized membrane and if this membrane is temporarily
depolarized the muscle fiber contracts. An impulse trav-
eling down a motor nerve is transmitted to the muscle
membrane at the motor end plate and a wave of depolar-
ization travels the length of the fiber causing a single im-
pulsive response, known as a twitch. If the stimulus is
repeated before the response of the first impulse has com-
pletely died away, summation of the mechanical responses
will occur. If the stimulus is repeated in a periodic fashion,
at an appropriate frequency, the twitches will merge to
produce a contraction, which fluctuates about a mean
level that depends on the applied frequency. The condi-
tion in which the decay between individual twitch re-
sponses disappears and a steady contraction is
maintained is known as tetanus. When tetanic conditions
have been achieved, any further increase in frequency of
the stimulus produces no further contraction.

The properties of isolated muscle fibers have received
much attention, but for the study of the complete neuro-
muscular system it is necessary to consider the properties

of complete anatomical muscles. The concept of muscle as
a series of elements having mechanical properties that can
be described in terms of elasticity and viscosity was first
given clear formulation by Hill (8,9). In the lumped pa-
rameter analogies developed by Hill, elastic elements are
defined as those in which tension is directly related to
length and viscous elements are those in which tension is
related directly to velocity. Hill’s analysis of experimental
data suggested that

* Active muscle contains an undamped elastic element
known as the series-elastic element.

* Active muscle contains a damped element (the con-
tractile element) in series with the un-damped elastic
one.

* Muscle, in both the active and resting states, contains
a second elastic element in parallel with the other
two elements (known as the parallel elastic element).

In order to characterize a muscle in terms of a three-
element model structure, at least five curves must be ob-
tained experimentally (10,11). These comprise the force-
velocity and force-length curves of the complete active
muscle, the force-extension curve of the series-elastic el-
ement, the active state curve, and the force-length curve of
the parallel elastic element. For values of muscle length
less than the normal rest length, the stiffness of the par-
allel elastic element can often be neglected as it is very
much smaller than the stiffness of the contractile element.
The resulting simplified two-element model of active skel-
etal muscle has been widely applied.

Motor units are excited by alpha-motoneuron dis-
charges that occur rhythmically at about 10 to 30 per sec-
ond. These individual motor unit firings are uncorrelated
with other motor units, and the summation of all the re-
sulting twitches produces the smooth contraction of the
whole muscle. In mammals the force developed in skeletal
muscle may be altered either by changing the frequency of
action potentials driving the motor units or by altering the
number of active motor units. The latter mechanism is
known as recruitment. Motor units are recruited in se-
quence, first involving the units that produce the smallest
forces and moving, in an orderly fashion, to the units that
generate the largest forces (12). This differs significantly
from experimental situations in which the muscle is stim-
ulated electrically, whereby the normal recruitment order
tends to be reversed and the motor units are activated si-
multaneously with each stimulus pulse.

Muscle models are often based on physiological princi-
ples, either at the macroscopic or microscopic level. One
well-known model of this kind (13,14) describes the entire
muscle using a description of individual muscle fibers
(based on a Hill-type model) with the outputs of these sin-
gle-fiber models being combined by a model of recruitment
processes. One inherent problem is that such models tend
to involve large numbers of parameters so that the asso-
ciated computer simulations tend to be complex and ac-
curate values for the model parameters may be difficult to
estimate. A comprehensive review of methods that have
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been applied successfully to the modeling of muscle has
been prepared by Zahalak (15).

3.2. Signal Transmission Pathways

Nerve fibers form the signal transmission paths within
the neuromuscular system. A nerve fiber, or neuron, has a
cell body containing a nucleus, together with several pro-
cesses that may have lengths as great as one meter. Most
nerve cells have several processes called dendrites and
one longer process called the axon.

Information is transmitted in the form of rate modu-
lated ‘‘action potentials,’’ which travel from one end of a
nerve fiber to the other. Action potentials or ‘‘spikes,’’ in
terms of the commonly used jargon, are measurable local-
ized reversals of membrane potential. An action potential
at any given point in a nerve fiber initiates an action po-
tential in an adjacent area, resulting in propagation.
Where a nerve divides, the activity spreads into all the
branches.

Spike trains can be observed at a receptor organ, where
they are initiated, or at any chosen point on the fiber. In
such observations these impulse-like action potentials are
separated by inactive periods of time, with information
being transmitted through a form of pulse-frequency mod-
ulation.

Since transmission of action potentials involves an ac-
tive process of ion transport across membranes significant
time delays can arise. The velocity of propagation of an
action potential depends on the nerve fiber diameter,
larger fibers giving higher velocities of propagation. The
point of connection between one nerve cell and another is
called a synapse. An impulse transmitted along one nerve
fiber may not be sufficient to produce activation at a sec-
ond cell on the other side of a synaptic junction and cu-
mulative effects of many such impulses are more
important. The synaptic connections are either facilita-
tory or inhibitory and may be regarded as equivalent to
positive and negative inputs at a summing junction within
an engineering system block diagram. A synaptic junction
may therefore be viewed in engineering terms as a sum-
ming junction with additional properties involving atten-
uation and nonlinear effects such as a threshold.

3.3. Sensory Receptors

The main sensory receptors involved in the stretch reflex
are the muscle spindle receptors and the Golgi tendon or-
gan receptors. Other sensory receptors such as joint re-
ceptors and touch receptors also provide feedback but are
not considered in most simple descriptions of the stretch
reflex.

Functionally, muscle spindle receptors lie in parallel
with the extrafusal fibers and have properties such that
the muscle spindle may be thought of as being like a strain
gauge having a gauge factor that is under neural control.
They provide neural output signals in response to a
change of length of the main muscle or to neural activa-
tion of their specialized muscle fibers through the gamma
motoneurons (often referred to as fusimotor neurons).
What is particularly significant is that in many skeletal
muscles there are more axons involved in transmitting

signals from and to the muscle spindles than there are in
the efferent pathways to the extrafusal fibers (16). This
gives some indication of the importance of the muscle
spindle within neuromuscular systems.

Anatomically, a muscle spindle is a group of special-
purpose (intrafusal) muscle fibers arranged parallel to
each other and contained partially within a fluid-filled
capsule of connective tissue (e.g., (17)). They are embed-
ded in, but arranged mechanically in parallel with, the
main load-bearing (extrafusal) muscle fibers. These in-
trafusal fibers are much shorter than the extrafusal fibers
of the muscle that contains them and are of three different
types. These are the dynamic nuclear-bag fibers, the static
nuclear-bag fibers, and the nuclear-chain fibers. The dif-
ferent types of intrafusal fiber have distinctly different
mechanical characteristics and respond in different ways
to length changes of the main muscle. Most muscle spin-
dles include one dynamic nuclear bag fiber, one static nu-
clear bag fiber, and several nuclear chain fibers. Most
skeletal muscles contain a considerable number of muscle
spindle receptors, operating apparently in parallel.

Signals from the muscle spindle receptors take the
form of action potentials transmitted to the spinal cord
over sensory nerves known as the Group Ia (primary) and
Group II (secondary) axons. The terminal branches of the
primary sensory neurons form spirals around the central
regions of each of the different types of intrafusal fibers,
while the terminal branches of the secondary sensory neu-
rons are associated only with the nuclear chain fibers.
While the primary endings display a high sensitivity to
the velocity of applied stretch, the secondary endings are
less velocity sensitive and this reflects the different me-
chanical properties of the different types of intrafusal fi-
ber. The nuclear chain fibers have properties that are
essentially elastic and fairly uniform along their length
while the nuclear-bag fibers have elastic central regions,
where the sensory endings lie, and visco-elastic properties
in regions away from the center. Muscle spindle receptors
are highly sensitive to imposed changes in the length of
the load-bearing muscle. It has been found that changes of
muscle length as small as 1 mm can be detected in the ac-
tivity of a primary sensory ending. The rate sensitivity of
muscle spindle primary endings is thought to be impor-
tant for neuromuscular control in the same way that ve-
locity feedback is important within many engineering
control systems.

As mentioned above, muscle spindle receptors are not
simply passive sense organs. They are innervated by the
axons of a group of cells within the spinal cord and are
thus actively controlled from higher levels in the nervous
system hierarchy. These fusimotor neurons, or gamma
motoneurons, have axons that are much smaller in diam-
eter than the alpha-motoneurons. Each gamma motoneu-
ron may innervate intrafusal fibers lying in different
muscle spindles within the same muscle and the associ-
ated fusimotor inputs are known to modify the dynamic
response of the muscle spindle sensory endings to imposed
length changes.

Fusimotor neurons may be divided into sub-categories
according to anatomical and electro-physiological proper-
ties. The different types of fusimotor nerves involve what
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are termed gamma-dynamic and gamma-static axons (17–
20), with the former (as the name suggests) innervating
dynamic nuclear bag fibers, while gamma-static axons in-
nervate either nuclear-chain fibers or the static nuclear-
bag fibers. A given muscle spindle may have more than
one fusimotor neuron, with as many as six being reported
in some cases.

The different types of gamma motoneuron modify the
response of the muscle spindle sensory endings to imposed
length changes in different ways and it appears that ac-
tivity in the gamma motor axons can alter mechanical
properties of the intrafusal fibers and, possibly, also have a
direct influence on the mechanisms involved in converting
strain to action potential generation in the sensory neu-
rons.

As mentioned previously, many axons are involved in
signal transmission to and from muscle spindles (16). The
large number of fusimotor connections suggests that the
adjustment of muscle spindle afferent signals at the re-
ceptor through neural control is important for the overall
operation of the system.

Golgi tendon organs lie in series with the main load-
bearing muscles and the neural output from this type of
sensory receptor is directly related to the overall muscle
tension. The tendon organ was, for many years, thought to
have an inhibitory effect on the motoneurons of its own
load-bearing muscle, whereas the spindle output has a fa-
cilitatory effect. The situation is now believed to be more
complex, with tendon organ afferent pathways producing
excitatory effects on the motoneuron in some circum-
stances and inhibitory effects in others (21). They are sim-
pler than muscle spindle receptors in that they have no
equivalent of the fusimotor innervation of muscle spindles
and are essentially passive sense organs.

3.4. The Stretch Reflex and Neuromuscular Control

Within the control paths for a single muscle, the alpha
motoneuron provides the actuating input that causes the
extrafusal muscle fibers to contract. The alpha motoneu-
ron output is determined by a number of feedback loops
and by inputs from higher levels in the central nervous
system. The feedback loops include signal pathways from
muscle spindle receptors and Golgi tendon organs, to-
gether with other feedback signals from joint receptors
and skin receptors. There are also local neural feedback
pathways at the spinal cord (involving the Renshaw cells),
which provide recurrent inhibition.

Many hypotheses have been put forward to describe the
action of the neuromuscular control system. Almost fifty
years ago, a servomechamism theory of neuromuscular
control was postulated by Hammond et al. (22). This sug-
gested that some movements are produced indirectly
through the gamma pathway to cause contraction of the
intrafusal fibers of the muscle spindle, rather than by sig-
nals from higher centers acting through the alpha moto-
neurons. The spindle output signal is transmitted to the
motoneuron pool and thus stimulates the motoneuron to
cause contraction of the corresponding load-bearing mus-
cle.

The benefit usually associated with the servo-assis-
tance hypothesis is that the firing rates of muscle spindle
receptors are normally maintained at a fairly constant
level in the face of muscle lengthening or shortening. Sub-
sequent research has suggested that the action of the
stretch reflex system must be more complicated than the
description by Hammond et al. (22) and an associated hy-
pothesis by Marsden et al. (23). For example, it is now
known that additional motoneurons (known as the beta
motoneurons) innervate both extrafusal muscle and in-
trafusal fibers. It has also been pointed out that the con-
trolled variables cannot be defined in a simple way
because of the interactions taking place within the mus-
cle spindle, which serves as the comparator element. Nei-
ther pure position nor pure tension control appears suited
to the tasks performed by skeletal muscle.

Recent developments in our understanding of the ne-
uromuscular control system have come in part from the
results of applying new experimental procedures and
partly from hypothesis testing using computer simulation
models of the system. Examples of recent computer-based
modeling exercises include those of He et al. (5), who pub-
lished a comprehensive model that includes the dynamic
properties of muscle, feedback pathways from muscle
spindles, feedback from Golgi tendon organs, and the in-
fluence of Renshaw cells. Simulation results from the
model were used to consider hypotheses relating to the
effects of different pathways on the overall muscle force
and stiffness properties. The paper by He et al. (5) also
discusses the development of models for postural control,
including a model that incorporates a fuzzy logic control-
ler.

Prochazka et al. published a paper in 1997 (24) that
includes detailed descriptions of models that had been de-
veloped to help answer questions about the implications of
positive feedback in the control of movement. Such feed-
back can arise through tendon organ afferent signals pro-
ducing excitatory actions on the motoneuron of its own
muscle. These models were based on experimental find-
ings relating to sensory signals from tendon organ affer-
ents. In static postures it appears that these afferents
generally provide negative force feedback, but in locomo-
tion they appear to switch to positive feedback. It is shown
in Prochazka’s paper (24) that positive feedback can con-
tribute to load compensation while the nonlinear length-
tension characteristics of muscle ensure overall stability.
Prochazka and his co-investigators provide valuable in-
sight about how different levels of detail within a neuro-
muscular system model can help answer specific
physiological questions (24). Figure 2 is a simplified block
diagram of the stretch reflex and is similar to diagrams
used by many authors for discussion of neuromuscular
control in recent years.

In a recent paper, Prochazka and some colleagues (25)
raise important questions about the importance of stretch
reflexes for the control of movement since there is evi-
dence that gain factors within the stretch reflex are small
and that, in terms both of magnitude and timing, centrally
generated components of motoneuron activity may be
more important in tasks such as walking. Using experi-
mental evidence from cats and associated modeling stud-
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ies, Prochazka et al. (25) conclude that, although reflex
components appear to be delayed in the cyclic events as-
sociated with walking and account for only about one-
third of the total extensor EMG signals, these components
contribute to load compensation and have a role in con-
trolling speed, gait. and posture.

Prochazka et al. also suggest (25) that afferent signals
from muscle spindles and Golgi tendon organs have an
important role in decision making at higher levels. It has
long been known that reflexes involved in locomotion can
be modified or can even change sign depending on the
phase of the step cycle. There is experimental evidence
that sensory inputs can trigger or delay the change from
one phase of the step cycle to the next and Prochazka
suggests (25) that this could be modeled using IF - THEN
type rules to predict levels of activity needed in future
stages of movement or to determine phase-switching tran-
sitions in the step cycle. These transitions are associated
with the changes from joint flexion to extension at the end
of each half of the walking cycle. The issue of how stretch
reflex control ends in one set of muscles in an agonist-an-
tagonist arrangement and is started in the other, while
maintaining smooth operation overall, is vitally important
and continues to be the subject of research (25).

4. SYSTEM IDENTIFICATION METHODS APPLIED TO
ELEMENTS OF THE NEUROMUSCULAR SYSTEM

The development of quantitative models of the neuromus-
cular system inevitably requires the use of experimental
data. Control engineering principles have, for many years,
provided a natural framework within which investiga-
tions of the neuromuscular system have been carried out
and the techniques of system identification and parameter
estimation that are widely used in the modeling of engi-
neering systems provide a natural set of tools for experi-
mentally based modeling. Such methods can also be very
helpful in guiding the design of experiments to extract the
maximum amount of information about the system under
consideration. System identification techniques, based
principally (but not exclusively) on linear systems analy-
sis, have been applied to various problems associated with
the control of movement and particularly to investigation
of the properties of muscle and of the muscle spindle re-
ceptor.

Figure 2. Simplified and lumped model struc-
ture of the elements of the stretch reflex. The
diagram shows the general structure of the
system but does not include information about
the inhibitory or excitatory effects of the feed-
back signals of each pathway. Further details
may be found in the text. The block labeled S
represents summation (positive and negative)
of the effects of inputs and feedback signals.
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4.1. Preprocessing of Neural Signals

Since some variables of the system are inherently discrete
(being in the form of spike trains recorded from afferent or
efferent nerve axons) and others are essentially continu-
ous (in the form of displacement, velocity, or tension vari-
ables) there are immediate complications that are not
encountered in most engineering applications. One ap-
proach that has been widely used to overcome this diffi-
culty involves conversion of the discrete signals into
equivalent quasi-continuous representations. The instan-
taneous frequency determined from the inverse of the
time interval between a given spike and the one preced-
ing it is one such quasi-continuous measure. Input and
ouput data based on instantaneous frequency measures
have been used in a number of identification studies in-
volving the muscle spindle (e.g., (26)) and the Golgi tendon
organ (e.g., (27)). However, this measure is satisfactory
only for situations where there are small rates of change of
input and for periodic stimuli of low frequency. At higher
frequencies of input the number of spikes occurring within
one cycle of the stimulus can be too small to provide a
useful measure, and some form of averaging becomes nec-
essary (28).

One method of averaging that is widely used in pre-
processing spike train signals in response to sinusoidal
input stimuli involves dividing the period of the input sig-
nal into a number of bins of equal time duration. The sum
of the number of spikes occurring in successive cycles of
the stimulus is then used to form a cycle histogram or
poststimulus time histogram. Another approach is based
on calculation of the mean interval between spikes occur-
ring in each bin. The output signal used for identification
in each of these closely related approaches is the sinusoid
of frequency equal to the frequency of the test input sinu-
soid that gives the best fit to the cycle histogram. It should
be noted that there is an inherent assumption in such ap-
proaches that the shape of the probability density histo-
gram constructed from the times of occurrence of action
potentials is representative of the form of the underlying
electromechanical changes occurring at the site where the
action potential is initiated.

4.2. System Identification Methods for Experimentally Based
Modeling of Receptors

Many of the identification methods that have been applied
to elements of the neuromuscular system have involved
models that are single-input—single-output linearized de-
scriptions. Research on the muscle spindle receptor is typ-
ical, where the experiments have often involved muscle
length perturbations as input and primary sensory neu-
ron responses as output (e.g., (29)) and are valid only for a
limited set of conditions in terms of the range of input
amplitude (30,31). Some researchers have used traditional
frequency-domain identification methods involving Bode
diagram-type analysis to derive their models (e.g., (31)),
while others have used computer-based optimization
methods to obtain their transfer function descriptions
(e.g., (32)).

Methods of system identification involving time-do-
main approaches using least squares or maximum likeli-

hood methods have also been widely used for estimating
transfer functions to describe results from input–output
experiments on the muscle spindle for stimuli involving
length inputs. In the case of the muscle spindle receptor,
ramp and hold changes of length have been the common-
est form of input stimulus. Compared with sinusoidal test-
ing, such a time-domain test input can reduce the time
duration of the experiment considerably, and thus can
help reduce problems of nonstationarity (26).

4.3. System Identification and Local Model Networks for
Modeling of Skeletal Muscle

One way in which system identification methods have
been used to throw more light on muscle dynamics in-
volves the use of local model network (LMN) techniques to
model the nonlinearities involved in muscle contraction.
Local model networks allow the concept of operating-re-
gime decomposition to be used to reduce the full operating
region of a nonlinear system into smaller regions, each of
which can be modeled locally (33) using simpler descrip-
tions, which in practice are often chosen to be linear in
form. These concepts have been applied successfully to the
modeling of skeletal muscle (34). Descriptions based upon
identified local model networks have proved capable of
capturing nonlinear phenomena that have proved chal-
lenging by other methods of approach. One example of this
is associated with nonlinear summation of contractions for
sequences of stimulation pulses having very short inter-
pulse intervals and is known as the ‘‘catch-like’’ effect. Lo-
cal model network methods have been found to model this
phenomenon correctly (34).

The basic idea in the LMN approach is to divide a com-
plex nonlinear modeling task into a set of simpler tasks
involving sub-models. A scheduler determines how rele-
vant each sub-model is to describe the system for the cur-
rent operating point and weights the different sub-model
outputs appropriately. The type of LMN used in the mod-
eling of muscle has been found suitable for describing
muscle contraction under varying conditions of stimula-
tion and can be applied to muscles with a range of different
characteristics (34).

4.4. Point Process Identification

Although the techniques of signal analysis outlined above
and the associated methods of system identification based
on continuous system models have proved valuable in the
investigation of neuromuscular systems, there are inher-
ent difficulties in dealing with the full complexities of some
elements, such as the muscle spindle. The multi-input,
multi-output structure of the muscle spindle is vitally im-
portant in terms of the role of this element within the
complete stretch reflex but only a few published studies
have considered more than one input variable (e.g.,
(35,36)). The linear single-input—single-output transfer
function type of model is also not readily extendable to
include effects of nonlinearities that are believed to have
an important influence on the way in which muscle spin-
dles behave within the overall system.

Rosenberg and his co-workers (36–40) have success-
fully applied methods for the identification of point-pro-
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cess systems to the muscle spindle and to other elements
of the neuromuscular control system. The main attraction
of this approach is that multi-input—multi-output situa-
tions can be dealt with, as well as nonlinearities. A further
advantage is that hybrid systems involving a combination
of continuous and point process signals can be investi-
gated. The resulting model parameters are expressed in
terms of stochastic point-process parameters that are al-
ready used in neurophysiology.

Point process identification methods can be based ei-
ther on a time-domain or a frequency-domain basis
(36,37). Linear point-process identification methods have
been used successfully to estimate, for example, the gain,
phase, and coherence for the relationship between a fusi-
motor input to a muscle spindle and the primary and sec-
ondary afferent responses. Approximate 95% confidence
intervals of the estimates are also obtainable (37).

The range of values over which the estimated values of
coherence lie above a certain threshold value can be used
to establish the range of frequencies over which the linear
model may be assumed to be valid. This threshold is in fact
an upper level of a 95% confidence interval for the coher-
ence at each frequency under the assumption that the two
processes are independent (37). Any estimated values of
coherence, calculated from the input and output processes,
that lie below this 95% confidence interval suggest non-
linear dependence of output on the input, or a lack of any
dependence. Such measures are valuable in experimental
work on neuromuscular systems where dependency of one
signal on another can be difficult to establish.

In terms of analogies between point-process identifica-
tion and the identification of continuous systems, a Pois-
son point-process has the same role in the identification of
point-process systems as a Gaussian white-noise signal
has in continuous system identification (37). Other links
between the concepts involved in ordinary time-series
analysis and in point-processes analysis have been dis-
cussed by Brillinger (38). More general discussion of both
linear and nonlinear techniques of point-process identifi-
cation may be found in other publications by Rosenberg
and other members of his group (e.g., (39,40)).

5. REHABILITATION ENGINEERING AND PROSTHETICS

Electrical stimulation can be used to activate muscles in
patients who have suffered spinal cord injury. Such func-
tional electrical stimulation (FES) can thus be used, in
conjunction with appropriate hardware or a combination
of hardware and software, to provide functions that would
otherwise be missing. Although attempts to provide func-
tional control of standing posture for such patients have
had limited success, so far, this is an important area of
research and interesting developments are being reported
(e.g., (41,42)).

Functional neuromuscular stimulation (FNS) is the
specialized term that has been used to describe the appli-
cation of FES to activate paralyzed muscles for restoring
movement or postural control. The term neuroprosthesis
has also been applied to systems that activate sensory
neurons as well as activating muscle.

FNS systems use paralyzed muscles to produce the
forces and moments needed to maintain a given posture or
initiate a controlled movement. They involve a number of
basic elements that may be grouped as follows:

* Electrodes (surface or implanted) and the associated
electronic circuitry to deliver pulse trains to the ap-
propriate muscles that will cause them to contract.

* A control system to establish which muscles should
be stimulated at each instant of time and the neces-
sary stimulation level for each one.

The design of control systems for FNS is a highly com-
plex task that, ideally, requires a good model of the system
being controlled. Techniques that have been used with
some success include purely open-loop systems involving
bilateral stimulation of the knee extensor muscles, closed-
loop control of knee extensors using conventional PID con-
trollers (see, e.g., (41,42) for useful reviews of work in this
field) and more recent results involving a linear quadratic
Gaussian (LQG) design approach (43) and H-infinity ro-
bust control design techniques (44). An alternative meth-
odology, that avoids the need for modeling of the system,
involves open-loop measured data and fitting of a control-
ler so that the closed-loop system satisfies performance
requirements determined using a simple reference model
(45). Prochazka (46) has suggested that the concepts of
fuzzy control may provide a more ‘‘biologically compatible’’
approach to describing the behavior of the neuromuscular
system and thus may be useful in the design of active
prostheses.

FES methods may also be used to good effect in assist-
ing patients who are paralyzed to exercise. Major clinical
problems associated with spinal injuries often involve
gradual deterioration in the condition of other physiolog-
ical systems, such as the cardiovascular system, due to
lack of exercise caused by the paralysis. Use of controlled
functional electrical stimulation techniques allows pa-
tients who might otherwise be immobile to exercise arms
and legs using hand-crank loading mechanisms or spe-
cially adapted tricycles (e.g., (47)).

One technique that is based upon biological control
principles and attempts to augment existing movement
capabilities and enhance the abilities of patients who have
suffered strokes or spinal injuries to make controlled
movements is known as functional electrical therapy
(FET). FET has already been applied to the control of
arm movements and involves activation of afferent path-
ways synchronously with the movements. Preliminary
clinical studies provided encouraging results (48) and fur-
ther theoretical studies involving analysis of movement
and functional tasks provided useful information that
could lead to the development of a practical hierarchical
controller for FET applications involving arm movements.

6. BIOMIMETICS

Neuromuscular systems provide one important source of
inspiration for engineers involved in robotics. The intro-
duction, by Norbert Wiener more than fifty years ago, of
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the word ‘‘cybernetics’’ to describe the study of control
principles that are common to man and machine (49) has
been followed by steady progress involving adaptation of
ideas from biology for use in the development of intelligent
control systems. In addition to ‘‘cybernetics,’’ words such
as ‘‘bionics,’’ ‘‘biocybernetics,’’ ‘‘bio-inspired,’’ and ‘‘bio-
mimetics’’ have become common in descriptions of such
work.

Most man-made control systems have performance lev-
els that fall far below those of equivalent biological sys-
tems. Tasks that most humans find straightforward after
suitable training, such as riding a bicycle, are generally
beyond the capabilities of present-day humanoid robots.
In more practical manufacturing applications present-day
manipulator robots show levels of performance that are
generally inferior to those achieved by the human arm.
For example, most robots have a dynamic response that is
highly dependent on the load being moved, while the arm
has characteristics that are much less affected by loading.
This important difference is almost certainly due to dif-
ferences in the overall structure of the control systems
involved and the exploitation of nonlinearities within the
neuromuscular system. Features of the biological control
system provide adaptive properties through which the
system can deal with sudden alterations in load. These
properties allow the characteristics to be changed from
being stiff (as occurs when a heavy object is being held in
position against external forces such as gravity) to highly
compliant (as, for example, in the act of shaking someone’s
hand).

Considerable success has been reported in finding bio-
mimetic solutions to problems of control of movement in
legged robots. Electronic analogs of central pattern gen-
erators have received particular attention and control
strategies have been developed that mimic the neuromus-
cular systems of insects to provide appropriate control for
multilegged mobile robots (e.g., (50)). Robotic systems that
use principles similar to those of snakes for movement
control have been demonstrated very successfully, as have
been certain forms of fishlike robot that use a combination
of body-flexing and tail-flapping movements for propul-
sion.

Research on control systems for biomimetic robots by
Nelson and Quinn (51) suggests that our understanding of
issues relating to sensory feedback and higher levels of
control in neuromuscular systems is contributing to de-
velopments in robotics. Similarly, the study of biomimetic
robots is also leading to useful new hypotheses about the
biological control mechanisms. In the opinion of Proc-
hazka (25), conclusions reached by Nelson and Quinn
(51) concerning the role of sensory feedback in biomimet-
ic robots are not only consistent with biological findings
but, together with the concepts of fuzzy control (46), also
suggest that:

1. Stable locomotion can be explained by the inherent
stiffness of limb muscle activated in a cyclic fashion,
together with a contribution from stretch reflexes to
provide load compensation within each phase of the
step cycle and some control of gait, speed, and pos-
ture.

2. Switching control, involving upper levels in the hi-
erarchy, is used for larger changes of speed or to deal
with significant changes of terrain.

3. Overall balance, initiation of movement, or predic-
tion of movement requirements can be achieved
through a rule-based approach involving input
from a variety of different sensors with higher lev-
els within the hierarchical control system.

Engineering developments based on biological princi-
ples are thus leading both to new developments in robotics
and to new ways of thinking about neuromuscular sys-
tems. It is likely that interaction between neurophysiolo-
gists, biomedical engineers, and robotics researchers will
continue to produce new and exciting developments.
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1. INTRODUCTION

The nuclear magnetic resonance physical principles can
be summarized as four phenomena: polarization, which
describes the equilibrium tendency of nuclear magnetic
moments to align parallel with an external magnetic field;
excitation, which describes how an aggregate net magne-
tization of a collection of nuclear spins can be tipped out of
equilibrium by the application of a radiofrequency (RF)
electromagnetic wave pulse; precession, which describes
how non-equilibrium magnetization resonates within the
magnetic field and, finally, relaxation, which explains how
the magnetization returns to equilibrium. The following
sections will present some details on each of these phe-
nomena.

2. POLARIZATION

The magnetism has its origin in the movement of electri-
cally charged particles. Magnetization refers to the phe-
nomenon caused by a non-random orientation of the
magnetic moment of the electrons. This orientation results
in a net magnetization. In addition to electrons, most of
the atomic nuclei possess a small field or magnetic mo-
ment which is used for obtaining MR (magnetic reso-
nance) images (Fig. 1). This nuclear magnetism has its
origin in the nuclear spin and its associated angular
momentum which is related to the atomic number (num-
ber of protons), to the atomic mass (number of protons plus
number of neutrons) and to the number of neutrons. A net
nuclear magnetic moment is present in atoms with an odd
number of nucleons, i.e., either when the number of
protons is odd and the number of neutrons is even number,
as is the case for 1H (hydrogen-1), 15N (nitrogen-15), 19F
(fluorine-19), 23Na (sodium-23), and 31P (phosphorus-31),
or when the number of protons is even and the number of
neutrons is odd, as for 13C (carbon-13). The hydrogen, with
just one proton (1H) is a good isotope for imaging because
of its great natural abundance in the living matter and
because it has a larger nuclear magnetic moment than any
other atom, resulting in an easily detectable signal. In

biological samples, the protons essential to conventional
MR imaging are either in water or in lipid molecules.

As described above, atoms with an odd number of
protons or neutrons possess an intrinsic characteristic
known as spin-angular momentum. The magnetic mo-
ment from individual atoms is very weak and cannot be
detected with conventional technology. Normally the nu-
clear ‘‘spins’’ are randomly aligned, so that there is no net
magnetization in a material, as shown in Fig. 2a. Magnet-
ism of the necessary strength can be created by aligning
the spins of many atoms, causing their magnetism to act
in coherently. When the collection of spins is placed in a
strong magnetic field, typically indicated by the para-
meter B0, the spins align either along or opposite to the
magnetic field (Fig. 2b). Overall, 1H spins tend to align
with the magnetic field by a very small number (lower
energy level, see Fig. 2c), providing a net magnetic mo-
ment. This net magnetic moment, or net magnetization,
will be the basis of the signal in NMR or MRI. The
strength of B0 used in MR imaging varies between 0.15
and 9.7 Tesla (T), but the most common field strength in
clinical MRI is currently 1.5 T. For reference, the earth’s
magnetic field is approximately 0.5-1 Gauss, and 1 T is
equivalent to 10,000 Gauss.

In presence of a static magnetic field, protons populate
two distinct energy levels (E1 and E2), as depicted in Fig.
2c. The energy difference between these levels (DE) in-
creases linearly with magnetic field strength, as does the
population difference (p1 and p2). A spin’s state can jump
to the high energy level if it receives an external energy
equal or greater than DE (energy separation between
these two levels). This process is called excitation. After
having received that external energy, the spin will tend to
return to its equilibrium (lower energy level), emitting the
previously absorbed energy. This process is called relaxa-
tion. The energy difference can be calculated as DE¼h �o,
where h¼ 6.62 � 10�34 J � s. If we increase the field
strength we increase the energy difference and hence
also the population difference (p1 vs. p2). Since the size
of the NMR signal is directly dependent on the population
difference, the NMR signal also increases. This explains in
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Figure 1. The nuclei of some atoms have a magnetic moment,
which can be thought of as a small magnet with a north and south
pole. Nuclear magnetism arises from an intrinsic property of the
nucleus called spin angular momentum, or spin.
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part an increase of the signal-to-noise ratio of NMR
signals with field strength.

In a quantum-mechanical sense, radiofrequency (RF)
waves may be considered as packets of energy. If that
packet of energy equals DE it will cause a spin to jump to
the high energy level. After an RF pulse, many spins will
transit to the higher energy state, and there will be no
longer an equilibrium state. To return to this state, the
spins which jumped to the higher energy state have to
return to the low level. In doing so, such spins will emit an
amount of energy, DE, which in aggregate will be detect-
able as an RF signal in an NMR experiment. The transi-
tions back to the equilibrium do not all occur immediately,
but extend over a period of time following the RF pulse.

2.1. The Bloch Equation

In a static magnetic field B0, traditionally described as
oriented along the z-axis of a Cartesian coordinate frame,
the dynamics of the magnetization are described by the

Bloch equation,

dM

dt
¼ ðM� gB0Þþ

M0 �Mz

T1
�

Mxy

T2
; ð1Þ

where the x-y plane represents the transverse plane
perpendicular to the main magnetic field. M represents
the time-varying magnetization vector, M0 is the equili-
brium magnetization vector that results from the mag-
netic field B0, Mxy is the component of the magnetization
in the transverse plane and Mz is the component of the
magnetization along the direction of the magnetic field.
The longitudinal and transverse relaxation times, T1 and
T2 and the gyromagnetic ratio, g, are constants that
depend on the material being imaged. The relaxation
times, T1 and T2, are parameters of molecular structures;
T1 is always greater than T2.

B0

external
etic field

a)

With an applied external
magnetic field

(b)

(c)

Parallel
(lower energy level)

E1

E2

∆E
Energy

(Rel
Energy absorption

(Excitation)

Antiparallel
(upper energy level)

Figure 2. (a) Magnetic moments of a material outside of a magnetic field are aligned randomly (no
net magnetic moment exists). (b) With the application of a strong magnetic field, B0, these
moments align either with (parallel) or against (antiparallel) the direction of that magnetic field.
Overall, spins tend to align with the magnetic field by a very small number, providing a net
magnetic moment (net magnetization), being the basis of the MR signal. (c) Under the application
of a strong magnetic field, nuclei populate two distinct energy levels: the lower energy level if the
spin aligns with the magnetic field and the upper energy level if the spin aligns against the
magnetic field. A spin can jump from the lower energy level to the upper energy level absorbing the
energy difference, DE (excitation) or from the upper energy level to the lower energy level emitting
the energy difference, DE (relaxation). This situation of only two allowed states is true only for
nuclei whose ‘‘magnetic spin quantum number’’ is equal to 1/2. This includes 1H, 13C, 19F and 31P
among others. Other magnetically active nuclei, e.g. 2H and 23Na, are allowed more than two
orientations.
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3. PRECESSION

The first term of the Bloch equation describes precession,
or resonance: dM

dt ¼M� gB. In the absence of an external
magnetic field, the spins are randomly oriented, but when
placed in a strong magnetic field, a small fraction of the
spins align with the axis of the applied field, resulting in a
net magnetization, Mz, in the longitudinal direction (z-
axis). These spins precess about the z axis at a frequency
directly proportional to the strength of the magnetic field,
as shown in Fig. 3. The Larmor equation describes the
dependence between the magnetic field, B0, and the
angular frequency, o0, known as the Larmor frequency:

oo¼ gjB0j: ð2Þ

The gyromagnetic ratio, g is a material constant, and
has a value of 42.5781 MHz/T for 1H (see Table 1). Hydro-
gen protons are most commonly imaged due to their
abundance in living tissue.

4. EXCITATION

In the equilibrium state, the magnetization lies along the
longitudinal axis. An MR signal is detected as a voltage in
a receiver coil, induced by the precessing transverse
magnetization. Before such a signal can be observed it is
necessary to manipulate, or excite, the magnetization out
of equilibrium state so that a component in the transverse
plane is present.

4.1. Nutation of Magnetization

If an additional field, B1, is applied in a transverse
direction, as shown in Fig. 4, the magnetization will
precess about the vector sum of the fields B0 and B1.
Typically the transverse magnetic field, B1, is small in
amplitude compared with the static field B0. Thus the
perturbation of the magnetization toward the transverse
plane is not relevant if B1 is static.

The transmitter coils are normally configured so that
B1 can be applied with a component in any direction
transverse to B0. In order to tip the magnetization pro-
gressively into the transverse plane, the direction of the
B1 field is rotated such that the B1 follows the precession
of the magnetization vector M. Now, instead of precessing
around a static B0þB1, the magnetization continues to be
tipped toward the transverse plane, as shown in Fig. 5.

Figure 6 shows a three-dimensional representation of
the trajectory defined by the spin for the excitation process
during the application of so-called 451, 901 and a 1701
radiofrequency excitation pulses, i.e., RF pulses of inten-

Mxy

y

x

M
MzB0

z

Figure 3. The magnetization vector precesses about the direc-
tion of the applied magnetic field at a rate that is proportional to
the strength of the applied magnetic field, B0. Mxy: transverse
component of the magnetization, M. Mz: longitudinal component
of the magnetization, M.

z B0+B1

M

y

x

Figure 4. When a static transverse field, B1, is applied, the
magnetization precesses about the vector sum of the field B0 and
B1. Since B1 is much smaller than B0, the effect of a static B1 is
insignificant.
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Figure 5. When the direction of the transverse field, B1, is
rotated about B0 at the same rate as the precession of the
magnetization, the transverse field causes the magnetization to
tip through a large, controllable angle as shown by the time series
(a–d).
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sity and duration such, that they tilt the magnetization
vector out of equilibrium orientation by the corresponding
angle.

4.2. Rotating Magnetic Frame

The process of excitation can be viewed conveniently in a
rotating coordinate frame, assuming that the coordinate
system x-y-z rotates about the z-axis with respect to the
still coordinate frame or ‘‘laboratory coordinate frame’’, x’-
y’-z. The rotation is at the Larmor rate o0 so that a
magnetization precessing at a rate of o0, for now ignoring
relaxation effects, is stationary in the rotating frame.
Figure 7a reviews the excitation process in the lab frame
(shown in Fig. 5). However, in the rotating frame (Figure
7b) where effectively B0¼ 0, B1 is constant, and the
magnetization tips from the longitudinal axis smoothly
to the transverse plane with an angular speed propor-
tional to jjB1jj.

Table 1. List of Biologically Relevant Elements that are Candidates for Producing MR Images with their Key Parameters.

Nucleus Abundance in Human Body (mole/liter) Magnetic Moment g (MHz/T) Relative Sensitivity

1-hydrogen, 1H 88 2.793 42.58 1
23-sodium, 23Na 80 � 10�3 2.216 11.27 1 � 10� 4

31-phosphorus, 31P 75 � 10�3 1.131 17.25 6 � 10� 5

17-oxygen, 17O 16 � 10�3
�1.893 �5.77 9 � 10� 6

19-fluorine, 19F 4 � 10�6 2.627 40.08 3 � 10� 8

Notes: Hydrogen, having the largest magnetic moment and greatest abundance is, by far, as the best element for general clinical utility. Other elements, such

as 23Na and 31P, have been used for imaging in limited situations, despite their relatively low sensitivity. A negative sign for the magnetic moment and the

gyromagnetic ratio, g, of 17O refers to the fact that the magnetic moment is anti-parallel to the angular momentum.

z

x

y

x

z

y

z

x

y

(a) (b)

(c)

Figure 6. Computer simulated trajectory of the
resulting magnetization for the excitation step
during the application of a 451 (a), 901 (b) and
1701 (c) radiofrequency excitation pulses.
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Figure 7. A rotating coordinate frame can be used to show the
process of excitation. The rotating frame rotates about the long-
itudinal axis at the Larmor frequency, o. When the rotating field
B1 is applied, the magnetization tips in a spiral pattern along a
spherical surface in the lab frame (a), but simply moves directly
along an arc toward the transverse plane in the rotating frame
(b).
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The resonance frequency of hydrogen at 1.5 T is
63.8 MHz, which is in the radiofrequency band. For this
reason, the B1 field is also referred to as the RF field, and
the electrical pulses used to generate it are referred to as
RF pulses.

5. RELAXATION

The last two terms of the Bloch equations (Equation 1)
describe relaxation of magnetization, the dynamics of how
a perturbed magnetization returns to its equilibrium
position. If a bar magnet is tilted away from its alignment
with a magnetic field it will try to return to its equilibrium
state. The net magnetization arising from the protons will
do the same, providing two types of relaxation:

* Longitudinal Relaxation – Restoration of longitudinal
magnetization to its equilibrium value (T1 or ‘‘spin-
lattice’’ relaxation). It describes an exponential
growth (see Fig. 8a).

* Transverse Relaxation – The net magnetization leav-
ing the transverse plane (T2 or ‘‘spin-spin’’ relaxation)
describes an exponential decay (see Fig. 8b).

Longitudinal relaxation results from ‘‘spin-lattice’’ in-
teractions, and results in an exponential recovery of the
equilibrium magnetization.

Viewed from a rotating reference frame, longitudinal
relaxation of magnetization over a time interval, t, gives

MzðtÞ¼M0þ ðMzð0Þ �M0Þe
�

t
T1 ; ð3Þ

where Mz(0) and Mz(t) are the longitudinal components of
the magnetization at the start and end of the interval, M0

is the equilibrium magnetization, and T1 is the longitu-
dinal relaxation time constant. The longitudinal magne-
tization component as a function of time is shown in
Figure 8a.

Transverse relaxation comes from ‘‘spin-spin’’ interac-
tions, and results in an exponential decay of the trans-
verse magnetization toward zero (Fig. 8b).

Transverse relaxation over a time interval t gives the
transverse magnetization as

MxyðtÞ¼Mxyð0Þe
� t

T2 ; ð4Þ

where Mxy(0) and Mxy(t) are the transverse magnetiza-
tion components of the magnetization at the start and end
of the interval, and T2 is the transverse relaxation time
constant. The transverse magnetization due to T2-relaxa-
tion is shown in Fig. 8b.

Longitudinal and transverse relaxation (or T1-relaxa-
tion and T2-relaxation) are much slower effects than
precession. For biological tissues, T1 and T2 vary from
hundreds of microseconds to several seconds (see Table 2).
The difference in relaxation times between different tissue
types is frequently exploited as a mechanism of generating
contrast between different tissues in imaging. For exam-
ple, bound water tends to have shorter T1 and T2 times
than free water (i.e. longitudinal magnetization in bound
water will recover faster than in free water, and trans-
verse magnetization decay is faster as well). Pulse se-
quence parameters, i.e. timing and amplitude parameters
for RF and other pulses in an MRI experiment, can be
manipulated in a variety of ways to elicit for example
predominantly T1-weighted or T2-weighted image con-
trast (see Fig. 9).

The effects of precession and relaxation together are
shown in Fig. 10. The transverse component of magneti-
zation disappears with exponential decay time T2 (Fig.
10a), also called the ‘‘spin-spin’’ relaxation time. The long-
itudinal equilibrium magnetization recovers decay time
T1 (Fig. 10b), also called ‘‘spin-lattice’’ relaxation time. It is
interesting to point out that T1 is always greater or equal
to T2 because jjMjj cannot grow beyond jjM0jj during
relaxation, and, as defined in the Bloch equations (Equa-
tion 1), transverse T2 relaxation also includes transverse
magnetization decay due to T1 relaxation.

Decay of transverse magnetization may be explained to
stem from the fact that different individual spins may
precess at slightly different angular speeds, resulting from
differences in net magnetic field due to presence of other
spins. Over time this destroys the initial phase coherence
of the spins following excitation, and this de-phasing
results in decay of the net aggregate magnetization in
the transverse plane (see Fig. 11b–d) eventually leading to
complete cancellation of the signal, as can be observed in
Fig. 11e.

Similar to this ‘‘true’’ T2 relaxation due to the physical
properties of the system, inhomogeneity of the main field
B0, due to imperfect instrumentation, causes spins at
different locations to precess at slightly different Larmor
frequencies. The resulting faster decay of transverse
magnetization can be described by another, shorter, re-
laxation time parameter known as T�2, which incorporates
combined effects of the natural dephasing and B0 inhomo-
geneity.

5.1. Spin Echoes

Dephasing of magnetization in a collection of spins caused
by static field inhomogeneities, as described above char-

1

M
xy

0
Time
(b)

Time
(a)

0

M
z

1

Figure 8. (a) The longitudinal component of magnetization
grows exponentially toward its equilibrium value with a time
constant T1. (b) The transverse component of magnetization
decays exponentially toward zero with a time constant T2.
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acterized by the shorter T�2 relaxation time, does not
provide information about the characteristics of the spins
involved in the process, and is thus in many instances less
interesting than observation of true T2 decay. If spins are,
in a macroscopic sense, at a fixed location, the T�2 decay of
transverse magnetization will proceed at stationary rate
in each location. After partial or complete T�2 relaxation,
an appropriately applied pulse applied at a time t¼TE/2
(TE: echo time) after excitation can invert the transverse
component of the magnetization, intrinsically also invert-
ing the accumulated T�2 phase differences. The inversion
thus puts the faster spins behind the slower spins. Upon
further evolution of the spin phase distribution the faster
spins will catch up with the slower ones and all will be
back in phase again, forming a so-called spin echo (Fig.
12e) at time TE after excitation. True T2 dephasing, which

originates from interactions between individual spins,
does not recover following inversion by the 1801 pulse,
and the magnetization that can be observed at the echo
time t¼TE will follow the decay as described by Equation
4.

6. MAGNETIC RESONANCE IMAGING: SPATIAL
ENCODING

The Larmor frequency is proportional to the magnetic
field strength. If we subject a spatially distributed sample
to a field with a spatially variable field strength, the
spectral distribution of the received signal will reflect
the spatial characteristics of the sample. This idea, with
use of linearly varying fields, is used to great advantage in
the medical imaging technique known as magnetic reso-
nance imaging or MRI.

A ‘‘gradient field’’ is generally understood not to change
the direction of B0, but it spatially modulates the B0 field
strength. If a constant (often denoted as ‘‘linear’’) field
gradient Gx is applied in a direction x, the resonance
frequency of a collection of identical spins will vary in
linear fashion with their position along the x-axis:
oðxÞ¼ gðB0þGx � xÞ. As illustrated in Fig. 13, it will be
possible to recover the spatial distribution of spin signals
along this gradient direction x.

6.1. Image Reconstruction from Projections

Define a spin density function q(x) in 3-space. If all signal
observations may be assumed to be performed within a
short time approximately at time t after excitation, re-

Table 2. Relaxation Times, T1 and T2, for Different Body
Tissues Under a 1.5T Magnetic Field Strength, in
Milliseconds

Tissue T1 T2

Cerebrospinal Fluid (CSF) 2400 160
Blood 1200 100
White Matter (WM) 780 90
Grey Matter (GM) 920 100
Fat 260 80
Bone marrow 400 60
Muscle 870 45
Liver 500 45
Pancreas 600 70

GraSE/M
SL 10

(b)(a)

P

Figure 9. Head sagital acquisition. (a) T1-weighted im-
age (the cerebrospinal fluid is black), (b) T2-weighted
image (the cerebrospinal fluid is white).

x

y z

x

(a) (b)

Figure 10. (a) Top and (b) transverse view of
idealized ‘‘free-precession’’ of magnetization. As
the magnetization relaxes, it precesses about the
direction of the applied magnetic field (z-axis, in
this case), while returning to its initial equilibrium
position.
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Figure 11. Decay of transverse magnetization. As time
goes on and after a 901 excitation pulse (a) the different
components of the magnetization precess at slightly
different rates (b-d) leading to a complete cancellation
of the signal in the transverse plane (e).

90° RF pulse

x′ y′ x′ y′

x′ y′

x′ y′ x′ y′x′ y′

x′ y′

(a) (b) (c)
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Fast
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Fast
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(d)
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Figure 12. Echo formation in a rotating coordinate frame. After applying a 901 excitation pulse
(a), and before all the transverse magnetization has disappeared, a 1801 excitation pulse is applied
(d), rephasing all magnetization vectors and arising into another vector sum, called the spin echo
(g).
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laxation properties may be assumed constant during
signal detection. We will introduce an ‘‘observable image
function’’ f(x), which represents the spin density q(x),
modulated by the relaxation state at this time t. Relaxa-
tion contrast will be discussed further in Section 9. Con-
trast in NMR Imaging.

The magnetization vector s(t) following excitation will
be an integral combination of the spatially distributed
resonance frequencies along the gradient direction:

sðtÞ¼

Z 1

�1

f ðxÞe�2pjgðB0 þGxxÞtdX: ð5Þ

After demodulation of the common Larmor frequency
(Equation 2) a Fourier transform of the signal will yield
the image function f(x), resolved along the gradient direc-
tion. Since the field is constant in directions orthogonal to
x, this one-dimensional image is a projection of the more-
dimensional f(x) onto the gradient direction axis.

If a scalable gradient field can be applied indepen-
dently and concurrently in any of all three main axis
directions in 3-space, a gradient in any arbitrary direction
may be created as a vector sum of these three gradients.

A complete multi-dimensional image f(x) may be recon-
structed from a set of such projections, acquired at equi-
distant angular gradient direction steps, through
projection reconstruction methods, based on the Radon
Transform [See Radon Transform] in two or three dimen-
sions.

6.1.1. First Dimension (z): Slice Selection. The B1 field
must be tuned to the resonant frequency of the magneti-
zation. By using gradient fields, a spatial variation can be
applied to this resonance frequency. Then, applying a
narrow bandwidth RF field, it will excite only a thin ‘‘slice’’
of spins in the object, as shown in Fig. 14. The width of the
slice can be decreased either by increasing the amplitude
of the gradient field or by decreasing the bandwidth of the
RF pulse. The bandwidth of the pulse can be made small
at the cost of duration of the pulse. The gradient ampli-
tude is limited by gradient hardware. Typical slice widths
in imaging range from 1 to 10 mm.

Similarly, the fact that lipid tissue and water tissue
have different resonant frequencies can be exploited. If the
RF pulse is made narrow compared to the resonant
frequency difference between water and fat, then it is
possible to excite water or fat without exciting the other.
This is very useful in medical imaging to increase sensi-
tivity to pathological abnormalities by increasing the
dynamic range of the MR images.

6.1.2. Second dimension (x): Frequency Encoding. Once
the desired slice has been selected, a second gradient, the
x-gradient, will be applied during the recording of the
echo, implying an instantaneous change of precession
frequency, as depicted in Fig. 15.

The NMR signal from each x-position contains a spe-
cific center frequency. The over-all NMR signal is the sum
of signals along x. A Fourier transform will recover signal
contribution at each frequency, i.e. x-location, and the
resulting spectrum will determine a projection of the
desired imaged object, as shown in Fig. 16.

6.1.3. Third Dimension (y): Phase Encoding. The fre-
quency encoding gradient (x-direction) will always pro-
duce iso-lines of resonance frequencies so, how can the y-
localization be achieved?

There are two very different solutions to achieve the
third dimension localization:

1. By reconstructing from several projections using
rotating gradients.

2. By using a third encoding gradient: the phase en-
coding gradient.

6.1.3.1. Reconstruction from Projections: Rotating Gra-
dients. When a rotating field gradient is used, linear
positioning information is collected along a number of
different directions, as shown in Fig. 17. That information
can be combined to produce a two-dimensional map of the
proton densities. The proton NMR signals are quite sensi-
tive to differences in proton content that are characteristic
of different kinds of tissue. Even though the spatial
resolution of MRI is not as great as a conventional x-ray

Gx(t)

B0

Larmor precessional frequency
B0+Gx(t)

Higher precessional frequency
B0-Gx(t)

Lower precessional frequency

B0

Figure 13. Larmor frequency varies linearly in space.
The gradient Gx(t) creates a spatial variation of the main
static field B0 along direction x over the time t.
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Fourier
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RF amplitude

Position (z)
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1
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Bandwidth

Figure 14. Using a magnetic field gradient (a), a thin slice of tissue can be excited (b) by applying
a narrow-band RF pulse that has the frequency profile shown in (c). To a first order approximation,
the RF pulse (c) is the Fourier transform of the frequency profile. The width of the slice can be
modified by changing the gradient amplitude or the bandwidth of the RF pulse. The slice position
can be varied by shifting the modulation frequency of the RF pulse.

high frequency

x position

objectlow frequency

high frequency

x position

low frequency

magnetic field
strength

B(x)

Figure 15. Larmor frequency varies linearly along
x-axis: oðxÞ¼ gðB0þGx � xÞ.
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film, its contrast resolution is much higher for tissue.
Rapid scanning and computer reconstruction give well-
resolved images of organs.

The rotating gradients have important disadvantages
as the difficulty in acquiring several projections that al-
ways go through the same point and the multiple artifacts
they create in the image due to its inherent rotation,
degrading the final image quality.

Considering also other aspects as the possibility to use
a 2D Fourier Transform instead of the filtered backprojec-
tion reconstruction, a third gradient has been imposed.
This third gradient is known as the phase-encoding
gradient.

6.1.3.2. Third Encoding Gradient: the Phase Encoding
Gradient. After applying a gradient in y-direction, the
nuclei collect different amounts of phase shift jy according
to y-location: jðyÞ¼jy¼TP�oðyÞ ¼TP� gGy � y where TP
corresponds to the sampling interval in the y-direction.

Application of repeated pulse sequences with y-gradi-
ents of increasing steepness (while the frequency-encod-
ing and the slice-encoding gradient stays same) creates a
dependence of By (and therefore jy) on y-position and the
pulse sequence repetition number.

Each position causes a signal component with a unique
precession frequency and phase (see Fig. 18), sin(Doxtþ
jy). So, for a fixed x-position, the sequence of phase
encoding gradients i, from 1 to N, leads to a sine wave
like sinðDoxtþ i�jyÞ¼ sinðcþ i�oy�TPÞ where c¼Doxt
¼ constant, and TP corresponds to the sampling interval
in the y-direction.

The 2D array of NMR signals obtained from the
frequency and phase readings is referred to as the k-space
map.

MR signal

time

Fourier
Transform

1D image projection

x position
frequency spectrum

high frequency

objectlow frequency

Figure 16. Applying a frequency encoding gradient
in x-direction the MR signal obtained is a ‘‘modu-
lated’’ signal that contains information of the 1D
image projection of the object through the x-direc-
tion. Through a Fourier Transform the useful in-
formation can be extracted. The frequency spectrum
represents that 1D image projection of the object
analyzed through that direction.

Figure 17. Through rotating gradients, several 1D projections
can be obtained. Using filtered backprojection reconstruction, the
final image can be reconstructed.
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Figure 18. Each position causes a signal component with a
unique precession frequency and phase. With the application of
the frequency-encoding and the phase-encoding gradients it will
be possible to cover the entire matrix.
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7. RESOLUTION AND FIELD OF VIEW IN NMR IMAGING

In order to study the basic image parameters like resolu-
tion and field-of-view (FOV), the complementary k-space
must be considered as summarized in Fig. 19.

The FOV determines the dimension of the image, and is
typically measured in millimeters. It is directly related to
the spacing or density of sampling of data points in k-
domain, Dk.

2D image resolution (Dx or pixel size in x-direction, Dy
or pixel size in y-direction) is defined as the minimum
distance that two point sources can be resolved. It is
typically measured in millimeters, and it is related to
the highest observed spatial frequency component in k-
space, kmax

x , both in x-direction and kmax
y in y-direction,

measured in cycles/cm. FOV, kmax and Dk are defined in
Fig. 20.

The relationship between these parameters is simple.
In each case, the extent in one domain multiplied by the
resolution in the other domain is unity. Hence

FOVx�Dkx¼1

and

2kmax
x �Dx¼ 1:

since the extent in k-space goes from �kmax
x to þ kmax

x . In
addition, if N is the number of samples in either domain,
then

FOVx¼Nx�Dx

and

2kmax
x ¼Nx�Dkx:

These equations make intuitive sense if you consider
the effect of phase encoding steps for the case of the y-
dimension. Each step adds one cycle of phase across the

FOV. If one phase encode is zero, then the next at þDky

produces one cycle over the FOV, so Dky¼
1

FOVy
and

FOVy�Dky¼ 1.

8. MRI HARDWARE

In a conventional MRI system there are some important
hardware components that interact directly with the
material being scanned:

* A strong static magnetic field in the ‘‘longitudinal’’
direction is produced typically by either a permanent
magnet or a superconducting electromagnet.

* A second coil arrangement produces a field, trans-
verse to the static field, that can change with time.

* Receiver coils are also arranged to sense the field in
the transverse direction.

* Gradient coils produce a spatial variation of the
longitudinal magnetic field with respect to position
along three orthogonal axes (see Fig. 21).

8.1. Static Magnetic Field: B0

The static longitudinal magnetic field B0 is usually pro-
duced either by a superconducting electromagnet or by a
permanent magnet. For imaging, it is important that the
static field strength be uniform. A stronger static field
results in greater polarization of nuclear spins and thus a
stronger magnetic resonance signal. The more uniform
the static field is, the less the resonant frequency varies
with position. Field inhomogeneities cause many difficul-
ties in imaging, from image distortion to blurring and
replication artifacts. Typically, the static magnetic field
strength of imaging systems ranges from about 0.15 T to
as much as 9.7 T, and the homogeneity is better than 1
ppm across the imaging region.

8.2. Transverse Radio Frequency Field: B1

A transverse, or B1, field is produced in a direction
perpendicular to the static B0 field. The B1 field is
produced by coils tuned to the resonant frequency of the
magnetization. As mentioned above, since this frequency
is in the RF band, the coils are often referred to as RF
coils. The field from the RF coils is used to excite the
magnetization, that is, to ‘‘tip’’ it from its equilibrium
position along B0 to a position where it has a transverse
component.

8.2.1. Signal Reception. Precessing transverse magne-
tization causes a changing flux in a coil oriented facing a
transverse direction. Through Faraday’s law of induction,
this changing flux induces a voltage in the coil (see Fig.
22). The received signal is in the same frequency band as
the excitation pulses and often the same coil or coils used
to generate the B1 field can be used to receive the signal.

The received signal can be expressed as a complex
valued signal, with the real and imaginary parts repre-
senting orthogonal directions in the transverse plane. In
this representation, a magnetization resonating at a fre-

Time series

Position

Image

Frequency spectrum

Spatial frequency

k-space

Fourier
transform "Signal""Spectrum"

∆f fmax tsample
Tmax

1
fmax = fNyq = 2tsample

∆f = fmin =
1

Tmax

Figure 19. Existing relationships between k-space and image
space.
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quency o0 produces a received signal srðtÞ¼ e�jo0t, where t
is time.

This received signal (voltage induced in the receiver
coil) is known as a Free Induction Decay or FID:

* ‘‘Free’’: this signal is acquired without the driving B1

field at the time of observation,
* ‘‘Induction’’: this signal is induced in the coil,
* ‘‘Decay’’: the signal decays exponentially over time at

rate T�2 due to spin-spin relaxation (dephasing) and
local field inhomogeneities.

8.3. Spatial-Encoding Gradients

Gradient coils are what enable an MR system to resolve
spatial position, and thus form images. Three separate
gradient coils provide a linear variation in the longitudi-
nal field strength (Fig. 23) as a function of position along
three orthogonal directions. The strength of each gradient
can be varied, so that a three-dimensional ‘‘gradient-
vector’’ can point in an arbitrary direction and be of
arbitrary strength.

The determination of spatially localized MR informa-
tion depends upon the sequential application of the three
pulsed magnetic gradient fields (Gx, Gy and Gz). These
gradients are needed to obtain:

* Slice selection: any plane can be selectively excited by
applying a magnetic field gradient Gz during RF
excitation.

* Phase encoding: following selective excitation, the
rotating spins can have their precessional phases
manipulated by the Gy gradient such that they
become a function of y.

* Frequency encoding: following this phase encoding
step all spins are rotating at the same Larmor
frequency but at different phases in their preces-
sional orbits. By applying a field gradient in the x-
direction (Gx) the Larmor frequency can be manipu-
lated such that it becomes a function of x. Immedi-
ately following the application of this field gradient
the FID is recorded.

The result of the gradient fields is to produce a varia-
tion of the longitudinal component of the magnetic field
(Bz) with position:

Bz¼ jB0j þG � r; ð6Þ

where G is the gradient vector and r is a position vector,
with respect to a central origin where the gradients have
no effect on the field. The variation of longitudinal field
strength results in a corresponding linear variation of
resonant frequency with position. This resonant frequency
difference is what is used to resolve position in images.

9. CONTRAST IN NMR IMAGING

The intensity or brightness of a position in an image is a
reflection of the amplitude of the MR signal arising from
that position, which in turn is proportional to the concen-
tration of mobile protons at that position. The ability of
MR to not only map the tissue proton density but also to
sense other alterations in its chemical structure is the
main factor that distinguish MR from other imaging
techniques. This ability resides in the fact that different
tissues have different T1 and T2 values. Especially for
pathological tissue, these values are substantially mod-
ified, permitting its use as a source of contrast. The change
can be as large enough as to produce a great contrast
difference between pathologic and normal tissues. This
allows the design of highly specific imaging sequences and
weightings, directed to the detection of particular abnorm-
alities.

There are different ways of modifying contrast depend-
ing on the nature of the property on which it is based
either the intrinsic properties of the biological tissue
(relaxation times T1 and T2, proton density, chemical shift,
flow) or the extrinsic properties of the sequence (repetition
time between pulse sequences, echo time, flip angle).

Figure 24 shows the T1 and T2 relaxation times curves
for two different tissues, and Table 3 gives some indica-
tions for the influence of TR and for TE in order to obtain
T1, T2 or spin density weighted images.
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Figure 21. Arrangement of magnets in an MRI machine.
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9.1. T2 Weighted Imaging

In order to obtain contrast according to different T2 values,
we must manipulate the TR (time between repetitions of a
pulse sequence) and TE (time from the initial RF excita-
tion pulse to the generation of the echo). This is accom-
plished by setting TRcT1 and prolonging TE to the range
of tissue values. The long TR will permit complete recov-
ery of longitudinal magnetization regardless of variations
in tissue T1 values. Since the signal is not detected until
the time TE after the initial RF excitation pulse, the
transverse magnetization will have decayed more in a
tissue with a short T2 time as compared to a tissue with a
longer T2 time. Tissues with longer T2 times will contri-
bute more signal, and therefore appear hyperintense in
the MR image relative to tissues with shorter T2 times.

9.2. T1 Weighted Imaging

T1-weighted imaging is accomplished by shortening the
TR to the range of tissue T1 values, and making TE{T2.
The short TE does not allow time for significant decay of
the transverse magnetization regardless of tissue T2

values. However, since TR is short, the amount of long-

itudinal magnetization available for the next spin-echo
excitation/detection sequence depends on how fast it was
able to recover from the previous excitation pulse. There-
fore, those tissues with short T1 times will have more
longitudinal magnetization available for conversion into
transverse magnetization before each excitation pulse.
Consequently, tissues with shorter T1 values contribute
more signal and appear hyperintense relative to tissues
with longer T1 values.

10. PULSE SEQUENCES IN MRI

MRI provides the best contrast between tissues among the
existing medical imaging modalities. One of the reasons of
this great contrast achievable in MRI is found in the
variety of parameters that can be modified during the
acquisition. Some of these parameters are related to what
is known as pulse sequences. A pulse sequence can be
described as the temporal succession of RF pulses, deter-
mining its temporal occurrence, the flip angle of the RF
pulse, its duration, the time line of the application and the
duration of the magnetic field gradients, and the moment
of the acquisition.

There is a huge amount of MR imaging sequences
acronyms and different families but almost all the existing
MR sequences and techniques can be classified based on
some primary descriptive terms. The following terms have
been extracted from the agreement between Vlaardinger-
broek and den Boer and Haacke, Brown, Thompson and
Venkatesan, and are shown in Table 4, where the magne-
tization state and echo number and type of the MR scan
method is described. A brief description of each one of the
descriptive terms of MR scan methods used in that Table
is explained below.

1. Magnetization state
The magnetization state describes the magnetiza-

tion at the start of the sequence –just before the
excitation pulse-.

a. unprepared/prepared
In Magnetization-Prepared methods each se-

x
y

z
B0

z

x

y

Figure 23. The three gradient components cause
the longitudinal field amplitude to vary linearly
with position in the direction of the gradient. The
arrows in the figure represent the longitudinal field
strength at each position along the axis. The ampli-
tude and sign of the gradients can be varied. The
gradient vector, G, is generated by three separate
coils, Gx, Gy and Gz. Gx and Gy create a variation of
B0 with position in transverse directions while Gz

creates a variation in B0 with position in the long-
itudinal or z-direction.

Mxy

Receiver coil

V(t)

t

Figure 22. Detecting the magnetization. Imagine that a 901
pulse is applied to the collection of spins. The net magnetization
will now lie in the transverse plane and begin to precess about the
B0 axis at a rate equal to the Larmor frequency. This macroscopic
magnetization is changing direction (rotating) over time, thus it
can induce an alternating current in a coil of wire. That current
can then be used as a measure of the magnetization in the
transverse plane.
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quence or group of sequences is preceded by one
or more RF pulses and gradient lobes to influence
the magnetization state at the start of the se-
quence. Magnetization preparation is used to
influence the weighting of the resulting images
and make T1 or T2 weighting more dominant.
Also, other weighting parameters may be influ-
enced (for example diffusion weighting).

b. unspoiled/spoiled
Spoiling (generated by RF phase cycling of the
excitation pulses or by gradients) may be applied
to minimize, in the acquired signal, the observed
coherence between the contribution of the FID
and the transverse magnetization resulting from
earlier excitations at the start of each sequence.

c. steady/transient
Steady-state methods have an equal magnetiza-
tion state at the start of each sequence, while
transient-state sequences are all sequences in
which the magnetization state at the start of

each sequence changes, in phase and/or in mag-
nitude.

2. Echo
The excitation pulse with which a sequence starts

generates an FID. Normally, this FID is not mea-
sured directly, but is transformed into one or more
spin echoes and/or gradient echoes, producing either
spin echo methods or gradient echo methods –
although a mixture of these is also possible-.

a. number
Concerning the number of echoes that can be
acquired after each excitation in order to acquire
the k-space data, there are three different op-
tions:
i. it can be sampled one line of the k-space after

each RF pulse,
ii. or several lines of the k-space can be acquired

after one RF pulse,
iii. or all the whole k-space can be filled after just

one RF pulse.
The techniques where just one Fourier-en-
coded is read per TR, as for the first case,
will be called single-echo techniques, as in
conventional spin-echo or gradient-echo se-
quences.
The techniques that utilize multiple echoes
with different Fourier encodings per TR, as
for the second and third cases described
above, will be called repeated-echo techni-
ques. For these repeated-echo techniques, it
will be indicated when the sequence is of the
second case (with segmented k-space acquisi-
tion, widely used, for example, in cardiac
imaging) or of the third case (filling the k-
space after one RF pulse, also known as
single-shot techniques, as in most cholangio-
graphic images).

3. type

a. spin echo
In spin-echo imaging the signal immediately
after a 901 pulse is not measured but a spin-
echo is created using a 1801 rephasing pulse.

b. gradient echo
An echo is formed by means of refocusing gradi-
ents. Compared to spin-echo sequences, a shorter
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Figure 24. T1 (a) and T2 (b) relaxation times for
different tissues.

Table 3. Contrast in MRI

T2 weighted imaging
Long TR - Reduces saturation and minimizes influence of

different T1.
Long TE - Maximizes T2 contrast.

Relatively poor SNR.
Spin density weighted imaging

Long TR - Minimizes effects of different degrees of
saturation (T1 contrast).

- Maximizes signal
Short TE - Minimizes T2 contrast.

- Maximizes signal.
T1 weighted imaging

Short TR - Maximizes T1 contrast due to different degrees
of saturation.

Table 4. Descriptive Terms of MR Scan Methods.

Magnetization State
Echo

Number Type

unprepared unspoiled steady single spin echo
prepared spoiled transient repeated gradient echo
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echo time is possible because no time is needed
for the 1801 rephasing pulse, although imaging
changes caused by dephasing occur more often in
this type of scans.

11. ACCELERATION STRATEGIES IN MRI

MRI is considered a relatively slow medical imaging
modality (vs. Computed Tomography, for example) but it
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Figure 25. MRI global scheme from spin physics to image reconstruction.
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is improving very fast. A variety of avenues have been
pursued in the quest to reduce the acquisition time and, in
addition to important improvements associated with ad-
vanced hardware and faster acquisition sequences, the
incorporation of various types of prior knowledge to the
acquisition and reconstruction steps has been investigated
to constrain the reconstruction problem and thus reduce
data requirements.

While increasing imaging speed has largely been asso-
ciated with stronger gradient systems in the past, inher-
ent limitations of ever-faster magnetic field gradients
have been reached. These limitations relate to the poten-
tial of peripheral nerve stimulation caused by fast switch-
ing gradients. Moreover, the total energy deposited in the
patient is a concern even at moderate magnetic field
strengths, such as 1.5 Tesla. This is of particular relevance
if imaging sequences with short repetition times and
relatively large flip angles are applied.

With the development of acceleration techniques, alter-
native ways for speeding up data acquisition have become
available. Although there are several different techniques
to reduce scan time, most of them can be classified in two
big families: view sharing acceleration techniques and
parallel imaging techniques.

View-sharing techniques acquire incomplete sets of
phase-encodings for different cine images. Then, they
share phase-encodings from temporally adjacent acquisi-
tions to complete the k-space matrix for each cine phase
image. Parallel imaging techniques can be also further
divided into two big groups: those that operate in image
space and those that operate in k-space. By one hand,
those working with the image space, with SENSE as its
most well-known technique, uses receiver coil array sen-
sitivity maps to compute missing data from an under-
sampled scan. On the other hand, those from k-space, with
SMASH as its precursor technique, uses specific receiver
coil geometries to create additional k-space information
without added scans.

12. ADVANTAGES AND DISADVANTAGES OF MRI

MRI has several advantages, some of them unique be-
tween the existing medical imaging modalities. Among the
most important advantages are:

* It has an excellent soft tissue contrast.
* Pathology and injuries show up well (tumor, hemor-

rhage, etc).
* Very few artifacts and complete penetration (vs. X-

ray).
* It is possible to do flow imaging (angiography) and

contrast enhancement methods.
* It provides high resolution images (under the mm).
* It is possible to image in any direction.
* Allow specialized applications as spectroscopy or

functional MRI.
* It is non-invasive, it uses non ionizing radiation and

it has no known hazard.

The main disadvantages are:

* It is relatively slow (vs. Computed Tomography, for
example) but it is improving very fast.

* Patients must be monitored for implants, pacemakers
and electromagnetic devices.

* Possible to have claustrophobia in some MRI designs.

Figure 25 shows a global scheme that tries to explain
the whole process in NMR Imaging: from spin physics to
image reconstruction.
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D. Moratal-Pérez, L. Martı́-Bonmatı́, M. E. Brummer, J. Millet-
Roig, and F. Castells, Surcando el espacio-k para mejorar la
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JUAN JOSÉ RAMOS CASTRO

Universitat Politecnica de
Catalunya

Barcelona, Spain

1. INTRODUCTION

The advances in electronics and instrumentation design
today allow for extracting the information contained in
low-level signals, which is an important achievement,
particularly in medical systems, where the signals related
to a certain human function were very weak. Only one
limit for obtaining this information exists: the noise level.

When managing the noise related to instrumentation
systems, usually only the electrical noise generated by the
instrumentation system itself is considered. However, the
noise sources could be very disparate, from the noise
generated in the measurement environment to the cosmic
noise.

Van der Ziel (1) gives the following definition for noise:
‘‘In physics and electrical engineering one often encoun-
ters fluctuating signals generated in electrical circuits,
electrical devices or other measuring systems. Such fluc-
tuating signals are generally called noise.’’

The term ‘‘noise’’ comes from the concept of acoustic
noise. If we connect these fluctuating signals to a loud-
speaker through a low-frequency amplifier, we hear noise.
So, the term ‘‘noise’’ is extended to the electrical engineer-
ing field and is used to designate the randomly fluctuating
signals regardless of its frequency band.

In an instrumentation system, we can find three kinds
of noise: thermal or Johnson noise; shot noise; and 1/f or
flicker noise.

The history of noise studies started in 1828 when the
botanist Robert Brown discovered the random fluctua-
tions of pollen grains in suspension on a liquid. In a first
approach, he attributed this movement to the particles
being alive, but very soon this hypothesis was disre-
garded. In 1889, Gouy demonstrated that the motion
was faster for smaller particles, and Exner, in 1900, found
the motion dependent on temperature and particle size. In
1905, Albert Einstein published his quantitative theory on
Brownian motion obtaining a mathematical explanation
of the phenomenon and integrated it into his kinetic
theory. During the same period, the French physicist
Jean-Baptiste Perrin verified Einstein’s analysis, receiv-
ing the Nobel Prize for Physics in 1926 for his work.

In 1918, Walter Schottky discovered the shot noise in
tubes and developed his formula for the shot noise spectral
density. In 1925, Johnson succeeded in measuring the
predicted shot noise spectrum, but, in addition to the
white noise behavior described by Schottky, he also found

that the spectrum behaves like 1/f at low frequencies. With
this discovery Johnson published ‘‘Schottky effect in low
frequency circuits.’’ In 1926, Schottky provided a theore-
tical explanation of 1/f noise behavior of the low-frequency
spectra in ‘‘Small-shot effect and flicker effect.’’ Also in
1927, Johnson published ‘‘Thermal agitation of electricity
in conductors,’’ where he showed the experimental results
of measurements of random fluctuations of potential in
conductors because of thermal agitation. One year later,
Nyquist theoretically formulated this phenomenon with
thermodynamics principles and statistical mechanics. All
these works were important advances in noise research.

In 1934, Bowling Barnes and Silverman showed that
‘‘practically every process which may be used to make
physical measurements is in some way limited by Brow-
nian motion’’ (2). This contribution is important because it
establishes a principle that is necessary to take into
account when performing measurements: The ultimate
sensitivity limit in a measurement process is the noise
level.

It is important to distinguish between interference and
noise. Both are unwanted signals present in a circuit, but
their origin and characteristics are very different. The
noise, as we described before, is a random fluctuating
signal present in a measurement system generated unin-
tentionally by itself or by other physical processes outside
the measurement system. The interference is a signal
generated intentionally by an external source for commu-
nication or supply purposes, and it becomes a perturbation
in the measurement system because the existence of a
communication path. In an electronic system, this com-
munication path can be a wireless path, in the case of
radiated interferences, or a wired path, in the case of
conducted interferences.

Usually, in a biomedical environment, we are working
to obtain signals of very low amplitude or images with
very poor signal-to-noise ratio, so a good knowledge of
noise in the different stages of the measurement process,
and in the measurement environment and surrounding
areas, is fundamental to obtain successful results.

2. NOISE CHARACTERIZATION

As the time evolution of noise cannot be predicted, it can
be considered as a random function of time. Noise is a
random signal in which the future instantaneous values
cannot be predicted no matter how long noise has been
observed in the past (3). As a result of its time unpredict-
ability, noise is characterized statistically. Noise can be
characterized both in time and frequency domains. In the
time-domain, three main parameters should be consid-
ered: mean, variance, and correlation function. In the
frequency-domain, the power spectral density and the
coherence function are usually employed. Before describ-
ing the characterization of noise in the time and frequency
domains, we need to define some terms.

Ensemble: Every time that an experiment is performed,
a different noise realization is obtained; this realization is
a continuous function of time. Noise is regarded as a
stochastic process: a function of several random variables
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whose output changes with an independent variable (i.e.,
the time). The family of different realizations is called
ensemble.

Ergodicity: The average value of all the realizations in
a certain instant of time is called the ensemble average,
and the correlation between the values of the random
process at two different times is called autocorrelation
function. When the ensemble average and the autocorre-
lation function do not depend on time, the process is called
stationary. Moreover, if the ensemble average is equal to
the time average of any realization and the ensemble
autocorrelation function is equal to the autocorrelation
function of a realization, the process is ergodic.

Mean or time average: As noise is a time-continuous
variable, its mean is obtained as

�x¼ lim
T!1

1

T

Z 1

0
xðtÞ � dt; ð1Þ

where we consider that x(t) is defined only for t40. In
practice, the mean is estimated by integrating the noise
signal in the available observation time. The mean is
sometimes called the first-order moment of the random
process.

Variance: It is the mean square value when only
considering the fluctuating component of the noise, that
is, the mean square value about its mean value. It is
obtained as

s2
x ¼ lim

T!1

1

T

Z 1

0

ðxðtÞ � ð �xÞÞ2 � dt; ð2Þ

where the same assumptions for the mean have been
employed. The square root of the variance is called
standard deviation, which is denoted by sx.

Correlation function or cross-correlation function: It is
a measurement of the similarity between two random
processes. It can be obtained as

RxyðtÞ¼ lim
T!1

1

T

Z T=2

�T=2

xðtÞ � yðt� tÞ � dt: ð3Þ

When x¼ y, the above function is called the autocorrela-
tion function and measures the self-similarity of the
process.

Power spectral density: It provides information about
how the signal power is distributed in the frequency
bandwidth. It is calculated from the autocorrelation func-
tion as

Sxxðf Þ¼ 2 � F½RxxðtÞ�; ð4Þ

where F½�� is the Fourier Transform operator and f � 0.
Similarly, the cross-power spectral density is defined as

Sxyðf Þ¼ 2 � F½RxyðtÞ�: ð5Þ

Coherence function: It is a measure of the accuracy of a

linear input (x)/output (y) model, and it is computed as

Cxyðf Þ¼
Sxyðf Þ

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

Sxxðf Þ � Syyðf Þ
p : ð6Þ

Other interesting relationships also exist between the
concepts defined above. Parseval’s theorem allows one to
obtain the variance of a process from the spectral density:

s2
x ¼

�X2¼

Z 1

0
Sxxðf Þ � df : ð7Þ

Also, the mean (or DC value) can be obtained from the
autocorrelation function as

�x¼Sxxð0Þ¼ 2 �

Z 1

0
RxxðtÞ � dt: ð8Þ

If x(t) is the input of a linear system and y(t) its output,
the following relationships hold:

Syyðf Þ¼Sxxðf Þ � jHðf Þj
2 ð9Þ

s2
y ¼

�Y2¼

Z 1

0
Sxxðf Þ � jHðf Þj

2 � df ; ð10Þ

where H(f) is the linear system frequency response. If the
system has a low-pass characteristic and x(t) can be
modeled with constant Sxx (also referred as white noise),
s2
y is

s2
y ¼

�Y2¼Sxx � jHð0Þj
2 �

Z 1

0

jHðf Þj2

jHð0Þj2
� df

¼Sxx � jHð0Þj
2 � Beq;

ð11Þ

where

Beq¼

Z 1

0

jHðf Þj2

jHð0Þj2
� df ð12Þ

is known as the equivalent noise bandwidth.
The most common parameters in the noise character-

ization are the Root Mean Square (RMS) value, the
spectral density, and the noise factor or noise figure.

The RMS value is the positive square root of the mean
square value, and it coincides with the standard deviation
if the mean is zero. Usually, in biomedical instrumentation
systems, the involved signals are voltages and currents,
and the noise in these applications is also a voltage or a
current. In these cases, the mean is measured in Volts or
Amperes and characterizes the DC component of the
signal. For noise, this component is generally zero. The
fluctuations or AC component of the signal is measured as
its RMS value (voltage or current) that corresponds to the
square root of the variance.

The power spectral density, defined above, is measured
in Volts2/Hz or Amperes2/Hz. Nevertheless, it is typical to
work with the square root of the power spectral density
defined as the voltage or current spectral density, because
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it is the noise parameter found in the datasheets of
electronic devices.

The noise factor is a merit parameter for a system or
device with respect to noise. It will be defined later after
introducing the noise models for electronic devices.

2.1. Noise Models for Electronic Devices

The noise generated by an electronic device can be ana-
lyzed with a model consisting of a noiseless ideal device
with voltage or current noise sources connected to it.
Figure 1 shows the general models for one-port and two-
port devices.

These models are used in the noise analysis of complex
systems. Each system element has a noise contribution to
the output system. In order to estimate its effects, the
element is substituted by its noise model and the con-
tribution to the output is calculated by considering that all
the other elements are noiseless. Repeating the procedure
for every element, the output noise contribution of every
part of the system is obtained. Finally, by assuming that
all the noise sources are statistically independent, the
total noise is calculated by quadratic additions of all
contributions.

When characterizing a linear system, one of the most
employed parameters is the noise factor (F). The noise
factor (F) is a figure-of-merit for a device or circuit with
respect to noise. The noise factor of a two-port device is
defined as the ratio of the available output noise power per
unit bandwidth to the portion of that noise caused by the
actual source connected to the input terminals of the
device, measured at the standard temperature of 290 K.
An equivalent definition of the noise factor is

F¼
ðS=NÞi
ðS=NÞo

; ð13Þ

where (S/N)i and (S/N)o are the signal-to-noise ratios at
the input and output of the device, respectively, that are
calculated from the RMS values of the signal and the
noise. When the noise factor is expressed in decibels, it is
called the noise figure (NF).

In order to illustrate how to analyze the noise with the
previous descriptions, the following example is proposed.
Let’s suppose a simple system: a low-pass filter with DC
gain of 10 and cut-off frequency of 1 kHz. The frequency
response of the system is considered ideal (for frequencies
below 1 kHz, the output signal is 10 times the input signal,
and for frequencies greater than 1 kHz, the output signal
is zero). With no input, the noise at the output (created by
the filter itself) has an RMS value of 0.1mV. If the input
signal is contaminated with white noise with a voltage
spectral density of 1 nV/Hz1/2, the total output noise can be
obtained as follows.

Calculation of the input noise contribution to the out-
put:

s2
y jinput¼Sxx � jHð0Þj

2 �

Z 1

0

jHðf Þj2

jHð0Þj2
� df

¼ ð1 nV=Hz1=2
Þ
2
� 102 � 1 kHz¼ 0:1 � 10�12V2

syjinput¼ 0:32 mV

Calculation of the total output noise:

sy¼ ððsyjinputÞ
2
þ ðsyjfilterÞ

2
Þ
1=2
¼ ðð0:32 mVÞ2þ ð0:1mVÞ2Þ1=2

¼ 0:34 mV

3. SOME FORMS OF RANDOM NOISE

In electronic devices, three fundamental noise mechan-
isms exist: thermal noise, shot noise, and flicker noise.
Moreover, the signals recorded in biomedical applications
are not electrical, so a transduction is needed. The process
of transduction introduces other noise sources like quan-
tum noise in systems that measure light or radiation or
dielectric noise in glass pipettes for patch-clamp measure-
ments.

The thermal noise (or Johnson noise) is the most
frequent noise. It comes from the random movement of
electrons in conductors, which is known as thermal agita-
tion. This fluctuation of charge inside the conductor gen-
erates, at their ends, random fluctuations of voltage (or
current). The thermal noise depends on the temperature
of the conductor and represents a minimum level of noise
(2) present in any conductor. The thermal noise voltage
(rms value) developed by a conductor with resistance R
measured with an ideal noiseless voltmeter with equiva-
lent noise bandwidth BW, can be expressed as

Vn¼ ð4 � k � T � R � BWÞ
1=2; ð14Þ

where T is the absolute temperature (expressed in Kelvin)
and k is Boltzmann’s constant (1.374 � 10�23 J/K). In
some analyses, it is convenient to express the thermal
noise as a current source. In this case, the following

(b)

en en

in in
Noiseless

device
 Noiseless

device

(a)

inen

Figure 1. Noise models for electronic devices. (a) One port
devices voltage and current noise. (b) Two ports devices, noise
voltage and current sources at the input and the output.
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expression applies:

In¼
4 � k � T � BW

R

� �1=2

: ð15Þ

The thermal noise is a particular case of white noise.
The power densities of the voltage and current sources
remain constant along the frequency axis and are

SV ðf Þ ¼4 � k � T �R SIðf Þ¼
4 � k � T

R
; ð16Þ

where SV ðf Þ is the power density when considering a
voltage source (in V2/Hz) and SIðf Þ is the power density
when considering a current source (in A2/Hz).

Thermal noise exists in all elements that contain a
resistance. In the general case that the passive properties
of the element is modeled by a complex impedance, the
thermal noise is only associated with the real part of the
impedance. In this case, the equivalent voltage or current
noise soruces are obtained as

Vn¼ 4 � k � T �

Z f2

f1

ReðZðf ÞÞdf

� �1=2

In¼ 4 � k � T

Z f2

f1

1

ReðZðf ÞÞ
df

� �1=2

;

ð17Þ

where f1 and f2 are the frequencies that limit the noise
bandwidth.

The thermal noise does not depend on the composition
of the element. A carbon resistor and a metal film resistor
generate the same level of thermal noise if both compo-
nents have the same resistance. From Equations 14 and
15, it seems that a resistor can deliver an infinite amount
of noise if the bandwidth of the measuring system was
infinite. Nevertheless, actual resistors have a shunt capa-
citance (Cs) that limits the maximum noise that it can
generate (the real part of the impedance decreases as the
frequency increases). From Equation 17, this maximum
level of noise is

Vnjmax¼
k � T

Cs

� �1=2

: ð18Þ

The shot noise (or Schottky noise) is another kind of
white noise but with different origin. The shot noise
appears when a current flows across a potential barrier.
It can be found in semiconductor devices and vacuum
tubes. In these elements, the current is generated by the
flow of carriers, each carrying the charge of an electron.
Random fluctuations on the flow of these carriers create
fluctuations over the mean level of the current.

The shot noise is modeled as a current source whose
value depends, once again, on the equivalent noise band-
width of the measuring system. It can be expressed as

In¼ ð2 � q � I � BWÞ
1=2; ð19Þ

where I is the mean value of the current that flows across
the potential barrier, q is the charge of the electron (1.602
� 10� 19 C), and BW is the equivalent noise bandwidth. As
in the case of thermal noise, shot noise has a constant
power density (white noise) that can be expressed as

SIðf Þ¼ 2 � q � I: ð20Þ

The flicker noise (1/f noise, low-frequency noise, pink
noise, or excess noise) is a kind of noise described in terms
of the shape of its power spectral density. It is generated at
the interface of two media. It appears in vacuum tubes,
semiconductors, aqueous ionic solutions, in the voltage
across nerve membranes, and in all nonequilibrium sys-
tems (4). Flicker noise can be the most important source of
noise at low frequencies, and it is very device-dependent.
In flicker noise, the power density (for voltage or current
models) can be generally described as

Sðf Þ /
1

f a
; ð21Þ

with a40.

4. NOISE IN BIOMEDICAL INSTRUMENTATION SYSTEMS

From the noise point of view, a biomedical instrumenta-
tion system is composed of several elements of different
nature, from the ‘‘equipment under test’’ that is a living
creature, to the electromechanical and electronic systems
that interact to extract the wanted information. These
elements work in a nonisolated noisy environment that
influences the measurement result. Figure 2 illustrates
the different concepts involved in a biomedical measure-

Outside world

Body

Measurement
System

Interferences

N
O
 I
S
E

Figure 2. Representation of a biomedical instrumentation sys-
tem with all involved noise and interference sources.
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ment system. The measurement system and the measured
subject are inside a volume called measurement environ-
ment. Around it we have the outside world with noise and
interference sources that could affect the measurement
process. Also in the measurement environment, other
noise and interference sources could exist that are not
directly involved with the measurement process but could
interact with it. The human body is represented by a
circle. Inside it, there is the signal that we want to
measure (the small central circle), and around it, there
are other circles that represent other biological signals
that can affect the measurement. For example, when we
want to measure the electrocardiogram (ECG), in the
recorded signal, the electromyogram (EMG) is present,
which is the signal caused by muscle activity. Moreover,
variations exist in the amplitude of the ECG waves
(depending on the recorded lead) attributable to changes
in the thoracic cavity caused by respiration, and the
baseline of the signal can change because of movements.
Some of these unwanted signals, like the EMG, can be
interpreted as noise sources inside the body. Others, like
movement artefacts or the effect of respiration, cannot
strictly be characterized as noise. Another example can be
found in the biological research field. When using DNA
microarrays, a lack of specificity in the binding (two
dissimilar samples of DNA bind in the same probe DNA)
adds noise to the measurement.

Finally, in the measurement system itself, noise and
interference sources exist that could alter the measure-
ment result.

Figure 3 shows the typical structure of a biomedical
instrumentation system that is composed by:

1. The sensors, which are the nearest elements to the
human body and whose task in the measurement
system consists of converting the different forms of
energy into electrical energy that can be measured
by electrical systems. The most common sensors
used in biomedical applications are electrochemical
(electrodes), optical, and mechanical.

2. The signal conditioning stages that amplify and
filter the signals coming from the sensors, adapting
them to the input characteristics of the next stage,
the analogue-to-digital converter. These filters and
amplifiers are composed of active electronic devices,
like operational amplifiers, instrumentation ampli-
fiers, and transistors, and passive devices, like re-
sistors and capacitors.

3. The analogue-to-digital converter digitizes the sig-
nal, making it suitable for processing by a computer
and extracts the information of interest.

4.1. Noise in Sensors

This section contains the noise description of common
sensors used in biomedical applications: electrodes, optical
sensors, and temperature sensors.

4.1.1. Electrode Noise. Biopotential electrodes are elec-
trochemical sensors that convert the ionic currents gen-
erated inside the body in electronic currents that can be
recorded by electronic measurement systems. Many bio-
medical functions are recorded with electrodes; the most
known are the electrocardiogram and the electroencepha-
logram.

Many kinds of biopotential electrodes exists, from glass
micropipettes used for measurements inside a cell (using
patch-clamp technologies whose diameter is lower than
that of a human hair) to the electrodes used for tissue
stimulation that have a large area. The most common
electrodes in biomedical recordings are Ag-AgCl electro-
des because of the stability of its half-cell potential.

Although, in the recording of biomedical signals, elec-
trodes introduce a significant noise component, its noise
has barely been studied, and the electrode noise is usually
associated with the noise of the real part of its impedance,
which is modeled as a resistor in parallel with a capacitor.
Nevertheless, the magnitude of electrode noise is consid-
erably higher than the equivalent thermal noise from its
impedance, and its noise spectral density increases at low
frequencies as 1=fa (5,6). Figure 4 shows the noise spectral
density of electrodes placed face-to-face and on the body
surface comparing it with the noise associated to the real
part of electrode impedance.

The electrode noise analysis and measurement is not
simply because the electrode works in contact with the
skin, and it is the pair skin electrode that determines the
noise characteristics. In fact, two interfaces exist when the
electrode is placed in contact with the skin, the electrode-
electrolyte interface and the electrolyte-skin interface.
The magnitude of noise generated in the first interface
is typically less than 1mVrms, which is negligible in many
recording situations, but it must be taken into account in
high-resolution measurements (5,7,8). The magnitude of
noise generated in the electrolyte-skin interface is higher,
from 1mVrms to 15–20mVrms, and could be attributable to
the interface activity and to some residual EMG (5,6,9,10).

A/D

sensors
Signal conditioning

Figure 3. A typical biomedical instrumenta-
tion system.
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Several studies have been carried out about the factors
that influence the electrode noise: electrode area, the kind
of electrolytic gel, and the skin preparation (5,6). No
influence has been found regarding the kind of metal
used to build the electrode (6).

4.1.2. Optical Sensors Noise. Optical sensors use light
to detect changes in the variable under measurement. In
fact, optical sensors are composed of a source of radiation,
which could be a light-emitting-diodes (LED) or laser
diode, and a detector of this radiation. The detectors of
radiation are generically called photodetectors. Two kinds
of photodetectors exist, photoconductive detectors, in
which absorbed incident photons produce free-charge
carriers and therefore change the electrical conductivity
of the detector, and photovoltaic detectors that generate a
voltage in response to an incident radiation. Photodetec-
tors are employed in oximetry, blood, gas, glucose, and
immunologic measurement systems. The main source of
noise in photodetectors are the shot noise, caused by the
discrete nature of light and to the dark current that flows
across the detector when no light is applied, and the
thermal noise, caused by the resistive component of the
sensor. Moreover, in those sensors with a current bias,
such as the photoconductive sensors, low-frequency noise
appears. Photovoltaic sensors generally do not have the
problem of 1/f noise.

In pulse oximeters and some blood glucose monitors,
photodiodes are employed. A model of a photodiode is
shown in Fig. 5. In these sensors, the total noise is
modeled by a noise current source that is the result of

the combination of three types of noise: the thermal noise
caused by the shunt resistance of the photodiode, the shot
noise caused by current flow across the p-n junction, and
the flicker noise caused by the surface contacts.

The thermal noise current (Ith), the shot noise current
(Ish), the flicker noise current (Ifl), and finally, the total
noise current can be estimated as

Ith¼
4 � k � T � BW

RSH

� �1=2

Ish¼ð2 � q � Idc � BWÞ
1=2

Ifl �
K � Idc � BW

f

� �1=2

IN ¼ ðI
2
thþ I2

shþ I2
flÞ

1=2;

ð22Þ

where BW is the bandwidth of interest, f is the central
frequency of the bandwidth (the expression for the flicker
noise only holds when BW=f{1), RSH is the shunt resis-
tance of the photodiode, T is the absolute temperature, Idc
is the constant current across the photodiode, k is the
Boltzmann constant, q is the electron charge, and K is a
constant that depends on the type of material and the
geometry of the sensor. Thermal noise can dominate when
employing the photodiode with zero bias. Shot noise can
dominate when a reverse bias is applied. Finally, flicker
noise can dominate when the bandwidth of interest con-
tains frequencies below 1 kHz.

Regarding the radiation sources, any variation in the
amplitude or phase of the output light could generate a
change in the detector response that could be attributable
to a change in the measured magnitude. LED and laser
diodes have 1/f noise.

4.1.3. Temperature Sensors Noise. Thermistors and
RTD are the most used sensors in medical applications
because of their low size and temperature measurement
range. Thermistors are made of ceramic material, so they
exhibit 1/f noise as a result of its granulated nature.
Nevertheless, the usual measurement range in biomedical
applications is much over the noise level. RTDs are
resistors whose value depends on temperature, so they
have the same kind of noise as resistors.
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Figure 4. Measured electrode noise and thermal noise associated with the real part of impedance,
(a) electrodes placed face-to-face, (b) electrodes placed on the body surface.
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Figure 5. Model for a photodiode.
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4.2. Noise in Electronic Devices

Electronic devices exhibit different types of noise that
depend on their characteristics (materials, fabrication
process, contacts, junctions, homogeneity, impurities,
size, volume, etc.). Table 1 shows the different types of
noise produced by common electronic devices and sensors.
In the following sections, we describe the noise character-
istics of some common electronic devices, putting the
emphasis on the more appropriate models for circuit noise
calculation. Detailed analyses of the physical origin of
noise in electronic devices are available in the literature
(1,11,12).

4.2.1. Noise in Resistors and Potentiometers. Several
types of fixed resistors exist, but all types generate exactly
the same amount of thermal noise for a given resistance
value and temperature. The voltage noise spectral density
is given by

en¼ ð4kTRÞ
1=2: ð23Þ

Some types of resistors exhibit other kinds of noise. For
example, a carbon composition resistor is made up of
carbon granules squeezed together and is therefore a
discontinuous medium. An experimentally determined
equation for the excess noise voltage spectral density is

eexðf Þ¼
mIDCR

f 1=2
¼

mVDC

f 1=2
; ð24Þ

where m is a constant, dependent on the manufacturing
process, and VDC is the direct voltage drop across the
resistor. Resistor manufacturers specify excess noise by

the noise index (NI). The noise index is defined as the
number of microvolts of noise in the resistor per volt of DC
drop across the resistor in each decade of frequency.
Wirewound resistors are less noisy, as they add very little
excess noise. Metallic film resistors are a bit noisier. The
common carbon composition resistor is the noisiest.

Of course, potentiometers exhibit the same types of
noise as fixed resistors, (i.e., thermal and excess noise).
Additionally, they exhibit dynamic noise generated by
vibration or rotation of the movable part. The excess noise
of potentiometers can be used for their quality assessment
(13).

4.2.2. Noise in Capacitors, Inductors, and Transformer-
s. Ideal capacitors and inductors are noiseless because the
real part of their impedance is zero. Real capacitors have a
series resistance and a shunt leakage resistance. In this
case, the real part of the capacitor impedance is not zero,
and therefore it generates some amount for thermal noise.
However, it is usually negligible. A real inductor has a
series resistance, and therefore it has some thermal noise.
However, as in the case of the capacitor, it is usually
negligible. The same applies to transformers, but here
great care must be exerted in order to shield it to avoid
interference.

4.2.3. Noise in Batteries. Batteries are desirable power
supplies for low-noise amplifiers. An ideal battery is noise-
less, but real batteries have internal impedance, and
therefore some noise exists. However, it is usually negli-
gible. Only when nearly exhausted does the noise raise to
significant levels.

Table 1. Noise Produced by Common Electronic Devices and Sensors

Device Thermal Shot Flicker Quantum Quantization

Resistor (wirewound) Yes No No No No
Resistor (metal film) Yes No Low No No
Resistor (carbon composition) Yes No High No No
Potentiometer Yes No Yes No No
Capacitor No No No No No
Inductor Low No No No No
Vacuum tube Yes Yes Yes No No
Semiconductor diode Low Yes Yes No No
BJT Yes Yes Yes No No
JFET Yes Low Yes No No
MOSFET Yes Yes Yes No No
Operational amplifier Yes Yes Yes No No
Instrumentation amplifier Yes Yes Yes No No
Analog multiplexer Yes Yes Yes No No
A/D converter Yes Yes Yes No Yes
D/A converter Yes Yes Yes No No
Piezoelectric sensor Yes No Low No No
Thermocouple Yes No Yes No No
Electrode Yes No Yes No No
Laser diode Yes Yes Yes Yes No
LED Yes Yes Yes Yes No
Photodiode Low Yes Yes Yes No
Photoconductor Low No Yes Yes No
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4.2.4. Noise in Diodes. In a forward-biased diode, the
principal noise is the shot noise. The noise current spec-
tral density is given by

ish¼ ð2qIDCÞ
1=2; ð25Þ

where q is the electronic charge ð1:602 � 10�19 CÞ and IDC is
the direct current flowing through the diode. The shot
noise equivalent circuit of a forward-biased diode is there-
fore formed by a shot noise current generator in parallel
with the dynamic resistance of the diode, which is noise-
less because it does not represent a physical resistance.
Flicker noise also exists in a forward-biased diode at low
frequencies. When this effect is included, the total noise
current spectral density is given by

in¼ ði
2
shþ i2f Þ

1=2
¼ 2qIDC 1þ

ff
f

� �� �1=2

; ð26Þ

where ff is the so-called flicker-noise corner frequency (14)
and is empirically determined (15). Below this frequency,
flicker noise predominates over shot noise.

A reverse-biased diode has two breakdown mechan-
isms, the Zener and Avalanche mechanisms, that exhibit
different noise properties (16).

4.2.5. Noise in Bipolar Junction Transistors. The bipolar
junction transistor (BJT) exhibits thermal noise, shot
noise, and flicker noise. The BJT noise parameters are
functions of the operating point, which can be selected for
reducing noise. The noise sources are added to the small-
signal hyprid-p or T model. The principal noise sources in
a BJT are thermal noise in the base spreading resistance,
shot noise and flicker noise in the base bias current, and
shot noise in the collector bias current.

The equivalent input noise sources (Fig. 1) of the BJT at
mid frequencies are given by

in¼ ð2qIBÞ
1=2
¼ 2q

IE

b

� �1=2

en¼ 4kT rbþ
re

2

� �h i1=2
;

re¼
kT

qIE
¼

1

gm
;

ð27Þ

where IB and IE are the base and emitter currents, rb is the
spreading base resistance, and re is the emitter small-
signal resistance. The current noise is the shot noise of the
base current, whereas the noise voltage source corre-
sponds to the thermal noise of the base resistance in series
with one-half the small-signal resistance of the base-
emitter junction.

At low frequencies, flicker noise must be taken into
account. In BJTs, it is in that is principally affected, and
the expression for the noise current source at low frequen-

cies is

in¼ 2qIBþ
KImB
f n

� �1=2

; ð28Þ

where nB1, K are subject to spread, and 1omo2.
A common characterization of the BJT noise in data-

sheets is by means of the noise figure.

4.2.6. Noise in Field-Effect Transistors. The principal
noise sources of field-effect transistors (FET) are the shot
noise of the leakage current flowing through the gate,
thermal fluctuations in the drain current that are coupled
into the gate circuit, thermal excitation of carriers in the
channel of the device, and flicker noise caused by trapping
and de-trapping of carriers.

The FET equivalent input noise sources above the
flicker noise region are given by

en¼ ð4kTRnÞ
1=2; Rn¼

2

3gm

inðf Þ¼ ð2qIGSSþ4kTRn � ð2 � p � f Þ2C02GSÞ
1=2;

ð29Þ

where gm is the mutual conductance of the FET, IGSS is the
gate leakage current, and C0GS is the internal input
capacitance of the FET (approximately two-thirds of the
total capacitance CGS). Rn is an equivalent noise resis-
tance. The noise sources have a form similar to that in the
BJT. However, the leakage current IGSS is usually much
smaller than a typical base current. The noise sources of
the metal-oxide semiconductor FET (MOSFET) are much
the same as those of the junction FET (JFET), but IGSS is
negligible. In JFETs en is found, in practice, to be some-
what larger than that calculated from the measured gm,
which is because of the thermal noise of the bulk resis-
tance of the source terminal.

4.2.7. Noise in Amplifiers.
4.2.7.1. Noise in Operational Amplifiers. Noise caused

by an operational amplifier (OpAmp) can be introduced by
the amplifier itself, the components of the feedback loop,
or the power supply. The noise of the amplifier is a mix of
white noise and 1/f noise, and it is frequently modeled
with three noise sources, as indicated in Fig. 6. The
manufacturers specify the power spectral densities of
the three noise sources. Figure 7 shows a typical example
for the current and voltage noise sources in a low-noise
operational amplifier.

The three noise sources can be regarded as indepen-
dent, and their effect on the output of the circuit can be
obtained by the superposition principle. Very often, the
manufacturer simplifies the model to a two-noise source
model: a voltage noise source and a current noise source
between the two inputs of the OpAmp. In the datasheets,
the manufacturer provides the spectral density of the
noise when it can be considered as white noise and,
eventually, at different frequencies below the corner fre-
quency (the frequency where the white and 1/f interpo-
lated spectral densities intersect). These values typically
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can range between 1 nV/Hz1/2 and 100 nV/Hz1/2 for the
noise voltage source and between 0.1 fA/Hz1/2 and 10 pA/
Hz1/2 for the noise current sources.

The OpAmp is, generally, employed inside closed-loop
architectures in order to implement amplifiers with well-
known gains. All the components in the feedback loop add
their own sources to the total noise in a quadratic sense.

4.2.7.2. Noise in Instrumentation Amplifiers. In some
applications, instrumentation amplifiers are preferred to
OpAmps because of their optimized specifications for
certain applications and their integration level. The model
and specification of noise sources is similar to that of
OpAmps (see Fig. 7). Because the gain can be trimmed,
the manufacturers also provide how the noise spectral
density changes with the gain. Because the noise sources
are referred to the input, as the gain grows, the spectral
density diminishes. The spectral density of a noise source
at the output will be that determined by the manufac-
turer’s specifications (combination of the input noise
sources) times the gain of the instrumentation amplifier.

Instrumentation amplifiers consist, generally, of two
stages. Each stage is responsible for some amount of noise.
Some manufacturers distinguish between the voltage
noise generated by the first stage (eni) and the second

stage (eno) instead of providing how the voltage noise
spectral density changes with the gain. With these speci-
fications, the total input voltage source can be calculated
as

total RTI noise¼ e2
niþ

eno

G

� �2
� �1=2

; ð30Þ

where G is the gain of the first stage and, generally, the
trimmed gain for the instrumentation amplifier. The total
RTO noise (at the output) is the total RTI noise times the
gain of the instrumentation amplifier.

4.2.8. Noise in Converters. Many digital-to-analogue
(D/A) converters are formed by a resistive network (R-2R
or binary-weighted network) followed by an operational
amplifier stage. The noise voltage spectral density of a R-
2R network has a value of (4kTR)1/2 (considering only
thermal noise) because the equivalent resistance of this
network is R. A binary-weighted network has an equiva-
lent voltage spectral density, considering only thermal
noise, of (15).

en¼
4kTR

1þ 2N�1�1
2N�1

� 	

" #1=2

; ð31Þ

where N is the number of bits of the converter. As N
increases, en rapidly approaches a value of (2kTR)1/2

because the equivalent resistance approaches R/2. The
noise contribution of the resistive network to the total
output noise can be calculated multiplying en by the
operational amplifier stage voltage gain. The noise con-
tribution of the operational amplifier stage to the total
output noise can be calculated in the usual way with the
standard operational amplifier noise model described in
the corresponding section. Finally, the total output noise is
calculated summing the individual contributions as de-
scribed in the corresponding section. Other noise sources
exist that can be included, such as the voltage reference
noise and the excess noise of the resistor.
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Figure 7. Noise spectral densities in a low-noise OpAmp.
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The estimation of noise in analogue-to-digital (A/D)
converters depends strongly on the device topology but
can be analyzed in a similar way. For example, a flash A/D
converter is formed by a resistive network followed by an
array of comparators.

In A/D converters, another noise source exists of a
different nature caused by the finite quantization levels
of the A/D converter. In contrast with the other types of
noise, the quantization noise has approximately a uniform
amplitude distribution rather than a Gaussian one. The
maximum quantization error is given by V/(2(Nþ 1)), where
V is the dynamic range of the converter and N is the
number of bits of the converter. The RMS noise voltage is
given by V/2(Nþ 1)31/2) because of the uniform amplitude
distribution.

5. TOTAL NOISE CALCULATION IN AN
INSTRUMENTATION SYSTEM

Different methods have been proposed in the literature for
calculating the total noise of an electronic circuit or
system. Most of them are only applicable for a particular
type of circuit or a particular type of noise (for example
white noise). However, a general method for analyzing the
noise in the general linear circuit with uncorrelated noise
sources is available (17). First, the equivalent input noise
spectral densities of all the devices in the circuit are
determined, either by consulting the datasheets or by
measurement. Next, the total voltage noise spectral den-
sity at the output is determined by squaring and summing
the individual output noise voltage spectral densities.
Finally, the total voltage noise density is integrated over
the bandwidth of interest yielding the total RMS noise
voltage at the output (Fig. 8). If the equivalent noise at the
input is desired, it is only necessary to divide the preced-
ing result by the system gain. This method may seem a bit
involved if the circuit is complex, but with a computer with
the adequate software, this should not be a problem today.

Once the total noise is calculated, it must be deter-
mined if it meets specifications. If not, the values of the
components or the electronic devices must be changed.
Then a new calculation is performed. This process is
repeated until the instrumentation system fulfills the
specifications.

6. EXAMPLE OF NOISE CALCULATION IN A BIOMEDICAL
INSTRUMENTATION SYSTEM

In order to illustrate the noise calculation in a real circuit,
an example of an ECG amplifier has been proposed (Fig.
9). For noise analysis, it will be considered only the front-
end circuit and the first amplifying stage. The noise
contribution of the subsequent stages can be neglected if
the gain of the first stage is high enough.

The analyzed circuit consists of two bootstrap buffers
(OPA111BM, Texas Instruments), to increase the input
impedance of the instrumentation amplifier and to remove
the electrode DC voltage, and a commercial integrated
instrumentation amplifier (AD624, Analog Devices). The
complete circuit, including all the noise sources, is shown
in Fig. 10. The voltage noise spectral density for all
resistors is given by Equation 14. The voltage and current
noise spectral density for the instrumentation amplifier
and operational amplifiers can be modeled by the equa-
tions:

e2
nðf Þ¼K2

V 1þ
fCV
f

� �

V2=Hz ð32Þ

I2
nðf Þ¼K2

I 1þ
fCI
f

� �

A2=Hz: ð33Þ

The current noise sources for the instrumentation
amplifier have been removed from the analysis because
its contribution to the output noise is negligible; the
voltage drop across the output impedance of the opera-
tional amplifiers is very low.

In order to analyze the total noise, some assumptions
must be made: all noise sources in the circuit are uncor-
related; both buffer circuits are identical; and it is only
necessary to analyze one circuit. We have also included
the equivalent noise source of the electrodes. The analysis
will be completed in two steps. First, we analyze the
circuit buffer and then we calculate noise at the output
of the instrumentation amplifier.

gN

g2

g1

HN

H1

H2

( )^2

+ Von

( )^2

( )^2

fB

fA
�

Figure 8. Total output RMS voltage noise
calculation for a generic linear circuit with N
noise sources. gi represents a voltage or cur-
rent noise spectral density and Hi is the trans-
fer function of the corresponding noise source
to the output.
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The transfer functions for the noise sources in the
buffer circuit are

HR1
ðsÞ¼

s2R2ZEðsÞC1C2þ sðR2C1þZEðsÞC2Þþ 1

s2R2ZEðsÞC1C2þ sðR1þR2þZEðsÞÞC2þ 1
ð34Þ

HR2
ðsÞ¼

sZEðsÞC2þ 1

s2R2ZEðsÞC1C2þ sðR1þR2þZEðsÞÞC2þ 1
ð35Þ

HZeðsÞ¼
s2R2ZEðsÞC1C2þ sðR1þR2ÞC2

s2R2ZEðsÞC1C2þ sðR1þR2þZEðsÞÞC2þ 1
ð36Þ

Hen ðsÞ

¼
s2ðR1þZEðsÞÞR2C1C2þ s½ðR1þR2þZEðsÞÞC2þR2C1� þ 1

s2R2ZEðsÞC1C2þ sðR1þR2þZEðsÞÞC2þ 1

ð37Þ

HIn ðsÞ

¼
s2R1R2ZEðsÞC1C2þ s½ðR1þR2ÞZEðsÞC2þR1R2C1� þR1þR2

s2R2ZEðsÞC1C2þ sðR1þR2þZEðsÞÞC2þ 1
:

ð38Þ

The spectral noise density at the output of the buffer

will be

e2
buff ðf Þ¼ ½jHR1

ðj2pf Þj2e2
R1
þ jHR2

ðj2pf Þj2e2
R2

þ jHZE
ðj2pf Þj2e2

ZE
ðf Þ

þ jHen ðj2pf Þj
2e2

nðf Þ

þ jHIn ðj2pf Þj
2I2

nðf Þ�:

ð39Þ

The noise spectral density at the output of the instru-
mentation amplifier will be

e2
totalIAðf Þ¼ ð2e

2
buff ðf Þþ e2

nIAðf ÞÞ �GIAðf Þ: ð40Þ

Once the expression for the total noise at the output has
been obtained, we must substitute the component values
and constants in the above expression. Table 2 shows the
value and noise for each component in the circuit.
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Figure 9. Proposed circuit for noise analysis.
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Figure 10. Example circuit for noise analysis including all noise
sources.

Table 2. Component Values and Noise Spectral Density in the Example

Component Value Noise Parameters

R1,R2 3.3 MO 0.233mV/Hz1/2

C1,C2 1 mF 0
A1,A2 OPA11BM enðf Þ ¼6:9 � 10�9 1þ 69 Hz

f

h i1=2
V=Hz1=2

Inðf Þ¼4 � 10�16 1þ 0:1 Hz
f

h i1=2
A=Hz1=2

A3 AD624 enAIðf Þ¼4 � 10�9 1þ 3 Hz
f

h i1=2
V=Hz1=2

Ze 10 kO (electrode impedance) eZE¼ð4 � 1:38 � 10�23J=K � 298 K �
10 kOÞ1=2

¼18:1 nV=Hz1=2
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NONIONIZING RADIATION
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1. INTRODUCTION

Nonionizing radiation (NIR) refers to that portion of the
electromagnetic (EM) spectrum in which the characteris-
tic wavelength is greater than around 180nm. Radiation
of shorter wavelength than this has sufficient quantum
energy (given by hc/l, with h¼Planck’s constant, c¼
wavespeed in vacuo, and l¼wavelength) to remove outer
electrons from neutral atoms to cause the atom to become
ionized, hence the term ‘‘ionizing radiation.’’ NIR conse-
quently does not have the same intrinsic potential for
atomic and molecular alteration or the health effects con-
sequent to this. For this reason, damage to DNA and other
biomolecules caused specifically by the removal of elec-
trons is difficult to envisage. The main groupings of NIR,
with increasing wavelength (and decreasing frequency)
are ultraviolet (UVR), visible, Infrared (IR), radio fre-
quency (RF), and extremely low frequency (ELF). The
RF spectrum can be further divided as shown in Table 1
to include microwaves, millimeter waves, terahertz radi-
ation, as well as the conventional divisions for broadcast
communications. Although not part of the EM spectrum,
ultrasound radiation is normally considered to be part of
NIR, as are static (0Hz) electric and magnetic fields. The
application of the term ‘‘radiation’’ to the ELF portion is
also of little consequence, because the wavelength is sev-
eral thousand kilometers at 50/60-Hz power frequencies.

2. NONIONIZING RADIATION PROTECTION

Guidelines on NIR radiation protection are developed by
the International Commission on NIR Protection (IC-
NIRP). In North America, other bodies have developed
standards, such as the IEEE (International Committee on
Electromagnetic Safety) and the American National Stan-
dards Institute (ANSI), or guidelines, such as the Amer-
ican Conference of Government Industrial Hygienists
(ACGIH). Some jurisdictions have chosen to incorporate
these (or related) guidelines into legislation.

The mechanism of interaction of NIR with living tissue
varies with the groupings just mentioned. These are sum-
marized below, along with effective protection measures
against overexposure.

2.1. UVR

UVR exposure from the sun outweighs that from all other
sources except for a small group of individuals in excep-
tional circumstances. Solar UVR overexposure is a world-
wide problem, leading to increased skin cancer, and by
World Health Organization estimates, up to 3 million peo-
ple are made blind through cataracts. Burning of the skin
is a direct indicator of overexposure, at least in the short

term. Solar radiation and other UVR sources can initiate
photochemical reactions, such as the breakdown of atmo-
spheric oxygen to form oxygen-free radicals and ozone.
UVR also has a role in Vitamin D control and production.
Of greater relevance to adverse health effects, biomole-
cules (such as DNA components and proteins) can undergo
resonant UVR absorption to give rise to dimers (where two
similar molecules join to form a single unit). For example,
adjacent thymine bases in DNA can fuse to cause an ab-
normal form. The cell repair mechanisms can sometimes
fail to detect this, which leads to mutations. The initial
response of the skin to UVR within hours of exposure is
reddening (erythema or sunburn) from increased blood
flow and oedematous changes. The role of photochemical
reactions in erythema is unclear. In addition, the immune
response can also be suppressed by UVR, which increases
risk of infection. On the other hand, the socially attractive
tanning of the skin is caused by UVR-induced increase in
melanin pigmentation. Chronic exposure leads to skin ag-
ing and increased risk of skin cancer. Nonmelanoma skin
cancers (NMSCs) include basal cell carcinoma (80%) and
squamous cell carcinoma. The risk of NMSC varies with
annual solar UVR dose to the power of between 2 and 3.
Melanoma, which has a poor prognosis because of its abil-
ity to metastasize, is related to the amount of sun expo-
sure or sunburn during childhood. Chronic eye exposure
leads to increased cataract risk. Certain pharmaceuticals
and other agents lead to photosensitization, in which ab-
sorption of longer wavelength UVR can lead to resonant
absorption usually associated with shorter wavelengths.
The UVR range is usually divided into UVA, B, and C, as
indicated in Table 1. The rationale for this is that (1) bi-
ological photoreactions are less important above 315–
320nm and (2) there is virtually no terrestrial solar radi-
ation below 280–290nm. The boundaries between the
ranges are somewhat imprecise. UVA has less capability
to cause erythema (by a factor of around 1000) than UVB,
but because UVA radiation is the predominant form of so-
lar radiation, it contributes around one sixth of the
erythemal dose. A minimum erythemal dose (MED) is
the UVR exposure (in J �m� 2), which gives rise to just
noticeable reddening in the skin of previously unexposed
individuals. Overexposure is defined as that which leads
to erythema within 3 hours or less in a normal population.
MEDs have been determined experimentally for narrow
bandwidths in the range 180–400nm, giving a minimum
of 30 J �m� 2 at 270nm. A set of values Sl that denotes the
relative effectiveness of UVR to cause erythema at a spe-
cific wavelength l is then derived. For example, because at
180nm, 2500 J �m�2 is required for the occurrence of ery-
thema compared with 30 J �m� 2 at 270nm, S180 is 30/2500
or 0.012. Because exposures are usually to a range of
wavelengths (and mainly in the UVA range), a weighted
sum for each wavelength component according to its ca-
pacity to cause erythema can be obtained. The standard
erythemal dose (SED) is then defined such that 1 SED is
100 J �m�2. This measure is independent of skin type,
because MED measurements relate to fair-skinned sub-
jects. Most commonly, overexposure is a result of being
outdoors without skin protection, but it can also result
from artificial suntanning (in a solarium), proximity to
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tungsten halogen lamps (without filtering glass covers),
proximity to UVR light-boxes in scientific and industrial
applications, and certain forms of flame welding, with the
main possibility of eye damage in these latter sources.
Cases of erythema from fluorescent tubes have been re-
ported in extreme cases of photosensitization. The main
forms of protection are wearing appropriate clothing, sun-
blocks (such as zinc oxide cream), sunscreens (based on
photo-absorbers, such as para-amino-benzoic acid and
cinnamates), and effective sunglasses. Staying out of the
sun when this can be avoided is a good behavioral ap-
proach for exposure minimization. The ‘‘sun protection
factor’’ (SPF) is effectively the ratio of time of exposure
before erythema occurs in protected skin to the corre-
sponding time in unprotected skin. A ratio of at least 30 is
recommended for effective protection in recreational and
occupational exposure to solar radiation. It is important to
ensure that sunglasses have sufficient UVR absorption to
protect against cataracts. Various forms of clothing protect
against UVR exposure to differing degrees, ranging from
wet open-weave cotton, which offers an ultraviolet protec-
tion factor UPF (which is analogous to SPF) of only around
3–6, to elastane (Lycra) with UPF values of around 100
(99% absorption). It should be noted that these protection
factors are computed as the ratio of effective dose (ED)
with and without protection (ED/EDm). The ED is the
sum of solar spectral radiance components weighted ac-
cording to erythemal effectiveness. Here ED¼

P

ElSlDl,
where El is the solar spectral irradiance in W �m� 2.nm� 1,

Sl is the relative effectiveness of UVR at wavelength l
causing erythema (as mentioned), and Dl is a small band-
width in nanometers. The units of ED are W �m�2

�EDm is
similar, but it contains a factor Tl to denote the fractional
transmission of the test sunscreen (cream, fabric) at a
particular wavelength (i.e., EDm ¼

P

ElSl Tl Dl).
The global UV index (UVI) is a dimensionless quantity

in which the ED is summed over the range 250–400nm
and multiplied by 40 m2W�1. In Darwin, Australia, this
ranges from 0 to 3 in the early morning and evening to 14
or more at noon on a clear day. At this UVI, erythema will
result in fair skin after 6minutes. See http://www.ic-
nirp.de/documents/solaruvi.pdf for more information.

It is estimated that significant reductions in the inci-
dence of both malignant and benign forms of skin cancer
could be achieved by the enforcement of protective mea-
sures, particularly in occupational settings involving fair-
skinned people in outdoor work in tropical or subtropical
regions. Occupational exposures in Australia have re-
cently been measured (1), and UVR safety has been re-
viewed in several publications (see Ref. 2, for example).
Indicative exposure limits are given in Table 2. It should
be emphasized that for brevity many details are omitted
from this table. For full details of limits pertaining to a
particular geographical region, local radiation protection
authorities should be consulted. The ICNIRP guidelines
are readily accessible via downloads from http://www.ic-
nirp.de. These guidelines represent reviewed publications
originally appearing in Health Physics.

Table 1. The Nonionizing Radiation Spectrum

Name of Range Frequency Range Wavelength Range Common Sources

Ultraviolet UVC 1.07–3PHz* 100–280nm Germicidal lamps
Arc welding

UVB 0.95–1.07PHz 280–315nm Solar radiation
Arc welding

UVA 750–950THz** 315–400nm Solar radiation, Solarium
Visible 430–750THz 400–770nm Solar radiation, indoor and

outdoor illumination
Infraredw Near IR (IR A) 214–430THz 0.7–1.4mm Furnaces

Mid IR (IR B) 100–214THz 1.4–3mm Night photography
Far IR (IR C) 0.3–100THz 3 mm–1mm Infrared spectroscopy

Terahertz (part of IR C)
Microwave (including

millimetre wave)
Extremely High Freq 30–

300GHz
1mm–1 cm Satellite, radar & remote

sensing
Super High Freq 3–30GHz 1 cm–10 cm Speed radar guns

Communications
Ultra High Freq 1–3GHz 10–30 cm Mobile telephony

Radio frequency Ultra High Freq 0.3–1GHz 30 cm–1 m Mobile telephony
Very High Freq 30–300MHz 1–10 m TV, FM Radio Broadcasting
High Freq 3–30MHz 10–100 m Electro-welding equipment
Medium Freq 0.3–3MHz 100m–1km AM Radio
Low Freq 30–300kHz 1–10km Long-wave radio
Very Low Freq 3–30kHz 10–100km Navigation & time signals

Extremely low frequency o3kHz 4100km Electrical power,
Electrotherapy

Static 0Hz Geomagnetic field, Magnetic
Resonance Imaging systems

*PHz¼petahertz, or 1015Hz.
**THz¼ terahertz, or 1012Hz.
wThe boundaries among near-, mid-, and far-IR are imprecise, as is the terahertz range indicated.
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2.2. Visible Radiation

This is the region of NIR to which the retinal pigments of
the eye are sensitive, so understandably, eye injury is the
main concern in overexposure. There are two forms of
hazard: photochemical and thermal. In addition, if the eye
lens has been surgically removed (aphakia), there is an
enhanced risk of damage. Photochemical damage becomes
more likely with shorter wavelengths and is sometimes
referred to as a ‘‘blue light hazard.’’ The type of photo-
chemical reaction is bleaching of the visual pigments,
which leads to temporary loss of vision. Thermal injury
can result in permanent impairment of vision, especially if
the foveal region, used for fine focus, is involved. Thresh-
olds for these forms of injury have been determined in the
wavelength range 400–1400nm (thus including near in-
frared, see below), and an assessment of whether these are

exceeded for a particular source takes into consideration
the spectral characteristics of the source. For exposures
shorter than a few hours, the total radiance should be be-
low 106W �m� 2

� sr�1, where sr refers to a unit solid angle
subtended by the source. Lasers represent the sources
most likely to cause injury and because these emit a small
number of discrete wavelengths, this assessment can be
straightforward. Eye injury is minimized by the blink re-
flex, but laser wavelengths outside the visible range are
less easy to control, because their paths are difficult to
track, especially from incidental reflections. Lasers are
classified according to the luminous power, their visibility,
and their effective aperture. High-power lasers are used in
machining, welding, and engraving of a variety of mate-
rials, including plastics, metals, and fabrics. They also
provide the source of beams in communications and pho-

Table 2. Approximate Exposure Limits for NIR: Exact Limits Vary BetweenCountries and in SomeCases BetweenDifferent
Contexts of Exposure

Name of Range

Indication of Level Above
Which Intervention is
Recommended

Biohazard Forming Basis of
Protection

References to Health Physics
Publications

Ultraviolet U-shaped over wavelength
range: 180nm—
2.5kJ �m� 2; 270nm—
30J �m� 2 (minimum);
400nm—1MJ �m� 2

Skin reddening from burn
(erythema), also prevention
of cataract

Vol. 71, p. 978 (1996)

Vol. 84, pp. 119–127 (2004)
Visible Depends on viewing position

and spectral content of
source

Retinal thermal or
photochemical damage

Vol. 73, pp. 539–554 (1997)

Lasers (includes above and
below)

Depends on wavelength,
exposure duration, and size
of aperture. For long
exposures (4100 s), limits
are of the order of 1W �m� 2

Retinal (esp. foveal) damage:
photochemical or thermal

Vol. 71, pp. 804–819 (1996)

Also skin Vol. 79, pp. 431–440 (2000)
Infrared 100W �m� 2 for long exposure* Thermal injury to lens and

cornea
Vol. 73, pp. 539–554 (1997)

Terahertz Not well defined
Microwave (including

millimetre wave)
6–300GHz: 50W �m� 2 (time

averaged) 50kW �m� 2 peak}
Rise in tissue temperature

sufficient to cause protein
denaturation

Vol. 74, pp. 494–522 (1998)

10 mJ �kg� 1 within 50ms
interval}

Microwave hearing As above

Radio frequency 0.1–6,000MHz: 0.4W �kg� 1 for
whole-body exposure;
10W �kg�1 for 10-g mass
(head & torso)}

Rise in tissue temperature
sufficient to cause protein
denaturation

As above

3–10,000kHz: f/100 (f in Hz)
mA �m� 2 in head & torso}

Shocks or burns from induced
current or contact current

As above

Extremely low frequency Tissue-induced field: 18
mV �m� 1 for f, 20Hz; 18(f/
20) mV �m�1 for f between
20 & 800Hz (IEEE)w,
10mA �m� 2 for range 4–
1000Hz (ICNIRP)

Magnetophosphenes,
microshock

As above

Static 0.2-T time-weighted average},
2-T ceiling, 5-T limbs}

Magnetophosphenes associated
with movement

Vol. 66, pp. 100–106 (1994)

}These basic restrictions are for occupational exposures: divide by 5 to get general public limits.
wThese basic restrictions are for ‘controlled environment’ (i.e. occupational) exposures: divide by 3 to get general public limits.
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tonics research laboratories. During normal operation, a
combination of administrative and engineering controls
provide adequate protection for workers. On the other
hand, high-power lasers used in ‘‘light show’’ entertain-
ments have sometimes given rise to unintentional beams
directed at members of the public. The unrestricted dis-
tribution of laser pointers, with the capacity of causing eye
damage, has also been a concern in several jurisdictions.
Apart from laser sources, welding flames represent the
next most common form of visible light hazard (‘‘welder’s
flash’’). A hazard can be minimized by the use of appro-
priate goggles. Recently, high-powered light-emitting di-
ode sources have been evaluated by the ICNIRP for their
potential for a visible light hazard, particularly those
emitting blue light. Although injury is unlikely, the power
density of these devices continues to increase as technol-
ogy develops.

2.3. IR

The major sources of IR radiation that are of concern are
furnaces and some high-powered nonvisible laser devices
(femtosecond lasers). Here there is increased possibility of
local thermal injury, but because there is poor penetration
of the lens of the eye, the possibility of retinal damage is
reduced compared with the visible range. The IR range is
divided into three ranges as shown in Table 1. Above 1–
2 mm, water is a strong absorber of IR. Whereas guidelines
for optical radiation extend up to 1.4mm (near infrared),
there is some disagreement on the appropriate levels be-
yond that. Levels of incident radiation above 100W �m� 2

are considered as posing an unacceptable thermal hazard.
Those at risk of overexposure include foundry workers
and welders. Recently, advances have extended telecom-
munications frequencies into the ‘‘terahertz gap,’’ the re-
gion between 0.3 and 3THz, which has previously been
unexploited by technological applications. The health ef-
fects are presently unknown, but they are expected to be
similar to those of the contiguous frequency ranges. How-
ever, there is a current discontinuity between IR and RF
standards or guidelines for 1-mm wavelength, (0.3THz).

2.4. RF

Common sources of high-power RF emissions include
welding equipment and induction heaters used in indus-
trial drying processes. Radio, TV, and telecommunications
transmitters can involve high broadcast powers (400kW
or more for commercial TV stations). There are two types
of potential hazard: thermal injury in the range 100kHz–
300GHz and neural stimulation from induced currents or
contact with metallic surfaces at frequencies below
10MHz. At 300GHz, the effective wavelength in tissue
is less than 1mm, so little will penetrate below the skin.
On the other hand, at 80MHz, the wavelength is compa-
rable with the long axis of the human body, so absorption
is enhanced. Protective measures in terms of incident RF
power density (in W �m� 2) are thus strictest in the range
10–400MHz. The basic restriction above 100 kHz is on the
rate of energy absorption by tissue (specific absorption
rate, (SAR) in W �kg� 1 of tissue). SAR is related to the RF

electric field induced in tissue (Ei V �m
� 1) such that

SAR¼ sEi=r;

where s is local conductivity in S �m� 1 and r is tissue
density in kg �m�3. In unperfused insulated tissue, SAR
is related to the rate of rise of temperature dT/dt via

SAR¼ k:dT=dt;

where k is the specific heat of tissue, 3480J.kg�1.K�1 ap-
proximately.

This basic restriction is limited to values for whole-
body or localized exposures such that normal thermoreg-
ulation would not be compromised, with a ten-fold safety
margin. Although there is some variation between stan-
dards in place throughout the world, many countries em-
ploy a distinction between occupationally exposed persons
(‘‘aware users’’) and the general public, for whom an extra
five-fold level of protection is provided. The ICNIRP value
for whole-body SAR for the general public is 0.08W �kg� 1,
with higher values of 2W �kg�1 in the head and trunk and
4W �kg� 1 in the limbs, which is averaged over 10 g of tis-
sue. The power density of incident plane-wave radiation
(in W �m� 2) that would give rise to these levels of SAR (for
far-field exposures) has been computed by mathematical
modeling and animal studies in a conservative manner,
such that if these reference levels are complied with, the
basic restrictions will be met. Because, for free space, the
power density, S, is related to the electric and magnetic
field values (E and H, respectively) by S¼E2/377¼
H2
� 377, compliance testing can be accomplished by mea-

suring E-field values alone. Reference levels at particular
frequencies can be found by reference to the ICNIRP
guideline as indicated in Table 2.

Induced current density restrictions are imposed at
10MHz and below. Above this frequency, it is considered
that the fields vary too quickly to produce neural stimu-
lation. Again, there is a safety factor of 10 between occu-
pational levels and the level at which mild stimulatory
effects can be noted in 1% of the population. This ranges
from 100A �m�2 at 10MHz to 10mA �m�2 at 4Hz–1kHz,
in the ICNIRP guidelines, which will be discussed in the
ELF section.

At frequencies between 0.2 and 6GHz, a phenomenon
of ‘‘microwave hearing,’’ caused by thermoelastic expan-
sion of brain tissue in response to pulsed radiation, occurs.
Additional restrictions are in place in the ICNIRP guide-
lines to prevent this phenomenon from occurring.

Overexposure to RF radiation, which leads to serious
burns, is usually from the failure of control measures,
such as guards on RF seam welding apparatus or work on
RF antennaes mistakenly thought to be nonoperational.

The safety of communications equipment, including
mobile telephony handsets and base stations, is a major
community concern. There is little substantive evidence of
harm from long-term exposure at so-called ‘‘nonthermal’’
levels, but because there are many young users of hand-
sets, many countries have endorsed a precautionary ap-
proach, encouraging use only when necessary. The
scientific evidence for the possibility of ‘‘nonthermal’’ ef-
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fects has been reviewed in the United Kingdom by the In-
dependent Expert Group on Mobile Phones (IEGMP) (3)
and by other bodies. The IEGMP concluded that although
‘‘the balance of evidence to date suggests that (low levels of
RF radiation) do not cause adverse health effects’’ that
‘‘gaps in knowledge are sufficient to justify a precaution-
ary approach.’’ Some national standards (for example,
Australia and New Zealand) incorporate a ‘‘precaution-
ary’’ clause; that is, exposures incidental to service deliv-
ery should be minimized (but taking other relevant factors
into consideration). The limiting of mobile phone use by
children was recommended by IEGMP (3), but the Health
Council of the Netherlands sees no convincing scientific
argument to support this (4).

2.5. ELF and Static

The range of frequencies (0–3 kHz) includes power trans-
mission and distribution systems (50/60Hz) as well as
transportation systems (0, 16.7, 50, 60Hz), surveillance
systems, and screen-based visual display units. Here the
main potential hazard from exposure to fields (rather than
direct contact with conductors) seems to be from inappro-
priate neural stimulation caused by induced current (as in
the case of RF). Consequently, treating ELF as a special
case may seem out of place, but because the ELF range is
precisely that of biogenic currents from the operation of
nerves and muscles, its separate treatment is justified.
The susceptibility of cells to the influence of exogenous
currents is related to the time constants for the operation
of cell membrane channels, which are typically of the or-
der of milliseconds. At lower frequencies, cell membranes
tend to adapt to imposed electrical changes, so restrictions
need to be strictest in the range 10–1000Hz. In humans,
the retina of the eye represents a complex network of in-
teracting nerve-cells, which gives rise to sensations of pin-
points of light when stimulated by external electric and
magnetic fields (EMFs). Because this gives a guide to the
levels at which stimulatory effects could become an an-
noyance, or could possibly be interpreted as a stressor, a
basic restriction for occupational exposure of 10mA �m� 2

(which corresponds to an induced field of around
100mV �m� 1) has been adopted by ICNIRP for the range
4–1000Hz. This restriction rises above and below this
range. In particular, at 0Hz (static fields), levels are re-
stricted to 40mA �m� 2. Levels for the general public are
less by a factor of 5. Reference levels for magnetic fields
are derived from these basic restrictions by considering
the body to be simple geometric objects, but more ad-
vanced modeling yields similar results. For sinusoidally
varying fields, the reference magnetic fields can be derived
from basic restrictions via the formulas:

B¼E=ðpfrÞ or B¼J=ðspfrÞ;

where E refers to the basic restriction in terms of induced
tissue electric field (in V �m� 1), J is the basic restriction in
induced current density (A �m� 2), f is the frequency in
hertz, s is the tissue conductivity (in S �m� 1), and r is the
radial distance from the center of symmetry (in the same
direction as the external magnetic field B).

Electric field reference levels are derived more from
considerations of avoiding ‘‘microshocks’’ which may oc-
cur, for example, if an arm with finger extended is raised
in an intense electric field. Details of these reference levels
can be found (for the ICNIRP limits) at http://www.ic-
nirp.de. Because it is possible to exceed the electric field
reference levels in electrical switchyard work, special pre-
cautions need to be taken. Exceeding magnetic field ref-
erence levels is rare. Some government groups and other
organizations have advocated a much more prudent ap-
proach to limiting exposure, particularly to the general
public. This approach comes from some dozen or so well-
conducted epidemiological studies linking exposure of
children to a time-weighted average magnetic field of
0.4 mT or more, to an approximate doubling of leukemia
incidence. The possibility of low-level health effects of ELF
has been the topic of research for nearly three decades.
Because there is no agreed to mechanism of how elevated
leukemia rates could be brought about, nor is there ade-
quate evidence from long-term animal studies, there is
doubt that magnetic fields are the causative agent. Nev-
ertheless, time-varying ELF magnetic fields (but not elec-
tric fields or static fields) have been categorized by the
International Agency for Research in Cancer (IARC) as a
‘‘possible carcinogen’’ (category 2B) (5). Essentially, the
U.S.-government funded EMF-RAPID (Electric and Mag-
netic Field Research and Public Information Dissemina-
tion) program, whose Working Group reported in 1998 (6),
came to a similar conclusion. The final report of the
NIEHS Director (7), on the other hand, concluded that
‘‘the scientific evidence suggesting that ELF-EMF pose
any health risk is weak’’ but also acknowledged that ‘‘ex-
posure cannot be recognized as entirely safe because of
weak scientific evidence that exposure may pose a leuke-
mia hazard.’’ The report also advocated ‘‘educating both
the public and regulated community on means aimed at
reducing exposures.’’ There is intense debate on how a
policy of prudence should actually be interpreted, because
approximately 1% of homes would be in the ‘‘over 0.4 mT’’
category (8,9) (this percentage varies widely between and
even within countries). Several moderate cost engineering
measures can be employed to reduce field levels from
transmission lines, and electric power companies often
employ these in new installations.

3. PERCEIVED ELECTROSENSITIVITY

Several individuals claim debilitating symptoms associ-
ated with proximity to electrical installations or appli-
ances or in association with the use of mobile (cell) phones.
Despite several well-conducted, independent, ‘‘provoca-
tion studies,’’ in which sufferers have been subjected to
energized and not energized sources in random order, no
association between exposure status and occurrence of
symptoms has been established. A recent Dutch study of
psychological sequelae of mobile phone base station expo-
sure implied that the overall baseline responses in a group
of ‘‘electrosensitives’’ differed from a similarly sized group
of ‘‘normals,’’ but that the changes associated with mobile
phone use were similar in both groups.
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4. ULTRASOUND

Few processes and devices outside of clinical medicine in-
volve the possibility of human exposure to ultrasound if
normal protective guarding measures are in place. Air-
borne ultrasound is used in surveying instruments and in
a variety of drilling, mixing, and emulsification industrial
processes. Ultrasonic descalers are used in dentistry and
to clean jewelry. Reports of injury are rare. For industrial
applications, the frequency range of 20–100kHz is covered
by ICNIRP limits and is based on the pressure amplitude
of the ultrasound in air (of the order of 110 dB, referenced
to 2� 10–5 Pa). In clinical applications, ultrasonic energy
is usually delivered across the skin via coupling gel and is
in the frequency range 1–25MHz. Diagnostic ultrasound
is designed to prevent tissue temperature rising above
411C for sustained periods (10,11). Effectively, beam in-
tensities are capped at 1000W �m�2 (spatial peak, tem-
poral average), except for short periods of insonation.
Higher intensities are possible if the energy density is be-
low 500kJ �m� 2, which gives a large margin below estab-
lished hazardous effects. Therapeutic ultrasound exposure
is usually limited by patients reporting excessive heat, but
use on patients with limited sensation is of concern. In-
tensities of 10 kW �m�2 are common in therapeutic appli-
cations. Tissue damage occurs above 10MW �m� 2.

5. SERIOUS INJURY FROM NIR

Thus, it would seem that NIR is fairly innocuous. It should
be stressed, however, that high-power devices, if inappro-
priately used or modified, can cause serious injury. UVC is
routinely used as in germicidal devices, and the microcav-
itation produced by intense ultrasound beams is used to
disrupt tissue. Laser skin burns occasionally occur in re-
search laboratories. Severe injury and fatalities have re-
sulted from surgical uses of lasers in which gas embolisms
have become ignited within body cavities. Early un-
shielded microwave ovens were associated with severe
kidney damage. Cases of severe burns are still too com-
mon in small businesses using RF heat sealers, often
caused by the removal of guards. Serious burns result
from an accidental or ill-advised approach to broadcast
antennas and other communications equipment (12). In
addition to burns, severe chronic neurological deficits can
also result from overexposure to RF currents (13).

6. ACHIEVING ADEQUATE PROTECTION AGAINST NIR

Opinion is divided about the need to control NIR exposure
by legislation. Communications equipment manufacturers
have to comply with rigid requirements related to health
guidelines and standards, and many countries have the
power to prosecute in instances when equipment is tam-
pered with or altered such that the guidelines would be
exceeded. Codes of practice often have provisions for
marking ‘‘no go’’ areas where levels could be exceeded,
with appropriate signage. In terms of the potential for
preventing debilitating illness or early death, the link be-
tween solar UVR and skin cancer and cataract represents

the area where intervention is most warranted. It is esti-
mated that adequate sun protection could perhaps save
tens of lives per million of population per annum with over
$5M pa per million in savings in health costs. The costs of
ensuring employers of outdoor workers and the workers
comply with measures of UVR exposure reduction are
hard to estimate, but they are likely to be high. Whereas
compliance with a limit of 30 J �m� 2 equivalent (or MED)
is achievable in relation to artificial sources, this level can
be exceeded in less than an hour’s exposure to intense so-
lar radiation around noon in low latitudes. Employers can
be required to educate their workforce to use appropriate
measures to reduce the risk of becoming sunburnt, but it
is virtually impossible to eliminate this from actually oc-
curring. It would seem unreasonable to require employers
to be responsible for an overexposure to a familiar and
essential source of energy to which we have all been ex-
posed since the dawn of time.

Because several forms of NIR carry with them an un-
certainty of possible harm in the long term, several na-
tional radiation protection authorities have espoused the
‘‘Precautionary Principle.’’ This principle entails taking
measures to reduce exposure, even where exposures are
well within levels set by scientific evaluation of the avail-
able research. It is recognized that reducing exposure
might introduce new hazards or increase other hazards
(such as being unable to use a cell-phone in an emergency
because of extra power restrictions), so an evaluation of
the need to be ‘‘Precautionary’’ with respect to NIR should
be in the wider context of overall risk management. In
general, the introduction of arbitrary extra margins of
safety, to appease public outcry, are not warranted.

7. USES OF NIR IN MEDICAL DIAGNOSIS AND THERAPY

7.1. UVR

The UVR-induced photochemical reactions form the basis
of an effective treatment of the disease psoriasis, which is
marked by widespread red itchy scales on the skin. This
reaction is caused by an accelerated cell cycle and DNA
synthesis in skin cells. The drug psoralen is preferentially
taken up by these dividing cells, which on subsequent ex-
posure to UVA radiation leads to binding with DNA and
subsequent inhibition of synthesis and cell division. A
normal course of treatment consists of 25 monthly visits to
a clinic, with 8-methoxypsoralen taken orally, followed 2
hours later by a UVR exposure of 10–100kJ �m�2 per
visit, which is usually delivered via a bank of 48 or so high-
intensity fluorescent tubes.

A second use of UVR in biological and clinical analysis
and research is in the identification of biomarkers through
fluorescence. One technique involves placing electroph-
oretic gels over a UVR lightbox to localize the fluorescent
regions. As mentioned, the possibility of overexposure in
those who perform multiple observations is a matter of
concern.
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7.2. Lasers

The high intensity of laser radiation, particularly if it is
pulsed, provides a means of tissue ablation, carbonization,
coagulation, and desiccation. High-intensity short pulses
produce photomechanical disruptions of tissue. At longer
pulse lengths (B1 s), thermal and photochemical pro-
cesses become more important. Excimer (¼ excited dimer)
laser radiation has proved to be useful in the surgical
treatment of defects in vision. This technique, radial
keratotomy or keratectomy, reshapes the corneal surface
to alter the effective focal length of the eye and thus do
away with the need for spectacles or contact lenses. Laser
ablation is also useful in the treatment of ocular mela-
noma, Barratt’s oesophagus, removal of ‘‘port wine’’ stains
on the skin, and (using an optical fiber delivery system in
a cardiac catheter) the removal of atheromatous plaque in
coronary arteries. A second property of intense laser light,
that of photo-activation, is exploited in a range of treat-
ments known as photodynamic therapy. In this therapy,
several compounds are known to be preferentially taken
up by tumor tissue, but they also have the property of
resonant absorption of light to produce free radicals, such
as singlet oxygen and oxygen radical, which ultimately
leads to endothelial cell membrane damage, blood supply
shutdown, and hence necrosis of tumor tissue. These pho-
tosensitizing compounds are injected or in some cases
taken by mouth. Intense laser light (of 600–770-nm wave-
length) is then directed at the tumor to produce this photo-
activation. Energy thresholds are of the order of
1MJ �m�2. Although used mainly on superficial tumors
(depth less than 6mm), optical fiber delivery into deeper
tissue (such as the breast) has also been tried. Because the
tumor tissue becomes fluorescent on uptake of these com-
pounds, there are diagnostic techniques (photodynamic
diagnosis) based on a similar principle. Suitable com-
pounds are related to hemoglobin (hematoporphyrin de-
rivative), rhodamine, amino levulinic acid,
bacteriochlorins, and phthalocyanines. The herb St John’s
Wort also yields hypericins that have similar properties.
The ability to use scanning optics in association with op-
tical fibers has provided ways of making microscopic en-
doscopy possible.

Incoherent sources of blue light are used in the treat-
ment of neonatal jaundice (hyperbilirubinaemia). Biliru-
bin is decomposed during the exposure of the neonate to
fluorescent tubes (filtered to remove wavelengths shorter
than 380nm).

7.3. IR

Infrared reflectivity from the skin and from layers imme-
diately below the skin varies with skin temperature. Ther-
mography has been used to identify regions of enhanced or
reduced peripheral blood flow, which occur for example in
mammary tumors. The high false-positive rate has inhib-
ited its use in mass screening for this disease. On the other
hand, breast imaging using time-of-flight IR transmission
methods shows promise. Blood oxygen saturation is easily
measured noninvasively via the ratio of reflectances at
two wavelengths, 650 and 805nm (the wavelengths show-
ing greatest and least sensitivity to the degree of satura-

tion, respectively). This forms the basis of the pulse
oximeter, which clips on the finger and gives an indica-
tion of pulse rate in addition to oxygen saturation. Laser
Doppler blood flow meters give an indication of capillary
blood flow via the autocorrelation of reflected light signals.
Wavelengths of 780nm are selected because of the good
depth of penetration of skin.

IR spectroscopy has a wide range of industrial and re-
search applications, because of specific molecular stretch-
ing, bending, and rotational modes of energy absorption.

7.4. Terahertz

Several medical applications have been proposed for tera-
hertz radiation, which come from differential reflection
from cancerous/normal skin and from its relatively good
transmission through bones and teeth. Its use in bi-
osensing is also being investigated.

7.5. RF

The tissue heating and consequent protein denaturation
has been used in catheter-tip devices for ablating acces-
sory conduction pathways in the atria of the heart, which
gives rise to arrhythmias. The use of focused RF in cancer
hyperthermia treatment has been used in conjunction
with conventional radiotherapy to improve the hit rate
of the latter, most likely from the increased available ox-
ygen via thermally induced blood flow increase. Increased
blood perfusion is also thought to underlie the use of RF
diathermy in physiotherapy, although this has now been
almost entirely replaced by therapeutic ultrasonic dia-
thermy (see below). RF exposures are part of magnetic
resonance imaging (MRI), in which some care has to be
taken to avoid ‘‘hot spots’’ during investigation. SARs can
exceed 2W �kg� 1 at frequencies in the region of 100MHz.
If we can extend the term ‘‘radiation’’ to include the direct
application of RF currents, then electrical impedance
tomography should be included. In this technique, a cur-
rent of approximately 50kHz is applied via a ring of elec-
trodes to the torso or head, essentially to identify
differential conductivity values in different organs and
thus track shifts in fluid content, posttrauma, for example.

7.6. ELF

In clinical diagnosis, nerve conduction and muscular func-
tion studies are performed by examining responses to
electrical stimulation (by single pulses or trains of pulses
of the order of a few milliseconds in duration) of particular
groups of nerve fibers. Electrical stimulation of specific
regions of the body are also reported to give rise to ben-
eficial effects. For example, or transcutaneous electrical
nerve stimulation (TENS) is of some efficacy in controlling
pain by raising the threshold for pain perception. Inter-
ferential therapy, which consists of a combined exposure of
regions of the skin to low currents at two narrowly sepa-
rated frequencies (for example, 4 kHz and 3.7 kHz) are
claimed to be useful for a range of muscular and joint pain
conditions and for circulatory disorders, but the mode of
interaction is unclear. The currents are of the order of
50mA, and the tissue is reportedly performing a demod-
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ulation of the 4-kHz carrier to produce a TENS-like deep
current of a few hundred hertz. Similarly, pulsed magnetic
fields are claimed to be effective in speeding healing in
bone fractures, despite the small magnitude of induced
currents. On the other hand, electroconvulsive therapy
(ECT), in which pulses of current of several milliamps
(mA) are passed through the head, causes general nerve
activation. This therapy is of proven value in cases of se-
vere depression, but the origin of this benefit is an enigma.
Transcranial magnetic stimulation (TMS) can be used
both in diagnosis by eliciting specific responses and in
therapeutic mode, in a manner analogous to ECT. How-
ever, the therapeutic efficacy of TMS still awaits clarifica-
tion.

7.7. Static

The application of permanent magnets to painful joints is
claimed to have beneficial effects, but the evidence for ef-
ficacy is equivocal. It has been suggested that the Lorentz-
type forces on flowing electrolytes (such as blood) produce
electric fields and currents. However, at typical blood flow
velocities of 0.1m � s�1, a 1-mT magnet will only induce
0.1mV �m� 1, which is well below levels shown in Table 2.

7.8. Ultrasound

The use of ultrasound in the range 1–25MHz in diagnosis
comes from the wavelength (and hence resolution) being of
the order of a few millimeters. Acoustic mismatch between
tissue layers gives radar-type echoes that form the basis of
two- and three-dimensional imaging. The Doppler shift
caused by flowing fluid forms the basis of its use in blood
flow measurements. Differential absorption provides a
means for tissue characterization. In therapeutic ultra-
sound, the warmth is produced by adiabatic expansion
and contraction within the tissue, to a depth of several
centimeters. At higher intensities, cavitation and mechan-
ical movement of organelles can occur.

8. ONLINE RESOURCES

Australian Radiation Protection and Nuclear Safety
Agency: www.arpansa.gov.au

ICNIRP references from Health Physics: www.ic-
nirp.de

Health Protection Agency (formerly National Radiolog-
ical Protection Board (NRPB) UK): www.hpa.org.uk/ra-
diation
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OBSTRUCTIVE SLEEP APNEA: ELECTRICAL
STIMULATION TREATMENT
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1. INTRODUCTION

Obstructive sleep apnea (OSA) is an intermittent occlu-
sion of the upper airways (UAW) resulting in frequent
arousals during sleep (Fig. 1) (1). OSA is a prevalent
problem among middle-aged overweight males. Surgical
approaches offer only partial relief and the outcome of the
surgery is not predictable preoperatively. No drug therapy
exists that is effective for the long-term (2). The best
therapy currently available is a nasal mask that applies
a continuous positive airway pressure (CPAP) to keep the
airways open. Most common complications of OSA are
restless sleep, excessive daytime sleepiness, job-related
accidents, impaired short-term memory, hypertension,
congestive heart failure, and decreased libido. Personality
disorders and other psychological problems may further
complicate the situation in the long run.

OSA is recognized at an increasing rate as more sleep
centers open around the world. In most epidemiology
studies, the severity of the OSA is rated by the number
of obstructive apnea and hypopnea (intermittent within a
breath) episodes per hour of sleep (apnea-hypopnea index,
AHI). In a recent review, it was estimated that roughly 1
out of every 5 adults has at least mild OSA (defined by
AHI � 5) and 1 out of 15 has at least moderate OSA
(defined by AHI � 15) in predominantly white populations
(3). Another report concluded that 1–4% of the male
population in Sweden suffers from OSA (4). In a small
town in Western Australia, at least 8.5% of the men and
4% of the women had evidence of sleep-disordered breath-
ing for at least one-third of the night (5). In another study
conducted in Australia, the prevalence of sleep-disordered

breathing (AHI > 15) in a sample of 2,202 subjects be-
tween the ages of 35 and 69 was at least 3.6% (5.7% in men
and 1.2% in women) (6). These statistics demonstrate that
OSA is a prevalent sleep disorder in all parts of the world.

The pathogenesis of OSA has been extensively studied
and reviewed (1,7–11). The current research suggests that
along the secondary variables like excessive weight, gen-
der, age, and the use of drugs that depress the upper
airway tone, mainly two factors render the upper airways
vulnerable for obstructions: the anatomical and neuro-
muscular factors. Some of the anatomical factors that
reduce the size of the air passage are extra adipose tissue
in the pharynx and a small or recessed lower jaw.

The fall in the tonic and phasic activity of the UAW
muscles during sleep increases the UAW collapsibility and
results in the closure of the pharynx in the face of
unfavorable anatomical measures. Earlier, the phasic
genioglossal (GG) activity in OSA patients was shown to
be approximately three times that of normal patients
during wakefulness to compensate for the anatomic re-
striction of the flow (12). In a more recent report, the OSA
patients had higher tonic, phasic, and peak phasic GG
activity than control subjects for a wide range of epiglottic
pressure changes during wakefulness (13). As the slope of
the GG activity versus the epiglottic pressure was the
same for both groups, this report concluded that the high
GG activity in patients was a product of increased tonic
activation of the muscles, combined with increased nega-
tive-pressure generation during inspiration. On the other
hand, it has been shown that GG and tensor palatini
muscle activities had significantly larger decrements than
controls during alpha-theta transition at the sleep onset
(12,14–17) [although the decrease in the GG activity was
not always present (18)]. The large decrease in the UAW
muscle activity from its elevated level renders the UAWs
more collapsible compared with normal subjects. The GG
activity further decreases during a transition from non
rapid eye movement (NREM) to REM sleep (19). Finally,
because the negative airway pressure created by the
diaphragm muscle during inspiration is not sufficiently
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Figure 1. A typical pattern of upper-airway
occlusion (AO) in a patient. Although present,
the genioglossal (GG) activity is low during the
occlusions while the pressure swings in the
airways are maximal. An arousal occurs just
prior to the termination of the occlusive phase,
as indicated by the EEG, and the inspiration
resumes with a large peak in the GG activity.
The patient relapses back into occlusions after
a few breaths until the next arousal (1).
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balanced by the dilating forces of the UAW muscles, the
airways collapse at the most vulnerable sites: the soft
palate (nasopharynx or velopharynx) or behind the tongue
(i.e. oropharynx) (20). It is worth noting that central apnea
differs from obstructive apnea in its origin and form. As
the respiratory drive ceases in the central apneas com-
pletely, breathing does not occur even if the upper airways
are open. This article deals only with OSA.

These reports cited above present a scenario that can
potentially be corrected by direct activation of the muscles
involved using small electric currents. After all, the OSA
patients are able to keep their airways open voluntarily
during wakefulness or resume breathing upon arousal
from sleep. The extra dilating forces needed to keep the
airway patency during sleep can potentially be provided
by electrical stimulation of the UAWmuscles or the nerves
that innervate them. The objective then becomes finding
the right set of muscles or nerves that can dilate the site of
obstruction maximally with minimum disturbance to the
subject. The sensation caused by the electrical stimula-
tion, however, should not even cause micro-arousals.
Otherwise, the main objective would be defeated by redu-
cing the total amount of time that the patient spends in
deep stages of sleep.

The discussion above leads to the conclusion that the
hypoglossal nerve (HG) and the tongue muscles that are
supplied by the HG nerve are potential targets for stimu-
lation (Fig. 2) (21). The HG nerve innervates the extrinsic
muscles of the tongue (i.e., the genioglossus (GG), stylo-
glossus and the hyoglossus), the intrinsic muscles that
reshape the tongue, and the geniohyoid muscle. The
tongue is the structure with the largest displacement in
the region and can potentially relieve the naso- and
oropharynx with its forward movement. In addition to
the dilation function, activation of the tongue muscles can
increase the stiffness of the airways and therefore reduce

the collapsibility during the negative pressure swings of
inspiration. The GG, the fan-shaped muscle underneath
the tongue, is the tongue protrusor and its activity is
responsible for anterior positioning of the tongue, whereas
the styloglossus and hyoglossus are considered as retrac-
tor muscles (Fig. 2). The genioglossus fibers normally
contract during inspiration as part of a reflex that is
elicited by the negative pharyngeal pressure. Therefore,
the studies have concentrated around augmenting this
phasic contraction either by direct activation of the GG or
selective stimulation of the medial branch of the HG nerve
that results in GG activation. Those efforts are summar-
ized in the next section below.

2. CURRENT APPROACHES TO ACTIVATE THE TONGUE
MUSCLES

2.1. Genioglossal Stimulation

A study conducted in nine OSA patients demonstrated
that unilateral GG stimulation with acutely implanted
wire electrodes could increase the inspiratory airflow at
moderate levels of nasal positive airway pressure (CPAP)
without arousing the patients from sleep (22). The GG
activation increased the maximum inspiratory flow rates
significantly (although the flow limitation was not com-
pletely abolished) whereas the retractor muscle (hyoglos-
sus and styloglossus) stimulation decreased it. The
repetitive GG stimulation in four of those patients de-
creased the AHI from 65.6711.5 to 9.075.8 episodes/h. In
another study, electrical stimulation via percutaneously
inserted bipolar-hooked wires successfully increased the
diameter of the hypopharyngeal airway as much as 284%
of the resting diameter during wakefulness in nine of the
14 patients studied (23). In seven awake healthy subjects,
the UAWs were first partially occluded by applying an
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Figure 2. The hypoglossal nerve and the muscles
that it innervates: the intrinsic and extrinsic mus-
cles of the tongue and the geniohyoid. Genioglossus
is considered as the main tongue protrusor of the
extrinsic muscles and the hyoglossus and styloglos-
sus as the retractor muscles (21).
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external pressure to the submental hyoid region. Then,
the transmucosal stimulation of the tongue base, which
presumably activated the GG, effectively reduced the
pharyngeal resistance (about 42%), despite the fact that
submental stimulation (see below) did not generate any
statistically significant changes in the same study (24).
Another group tested the effects of direct GG stimulation
on UAW resistance in anesthetized dogs (25). Upper air-
way resistance (Rua) increased during both inspiration
and expiration when the tracheal negative pressure was
switched from 5 to 20 cmH2O. Airway resistance was
significantly reduced by stimulation of the GG. The effect
of stimulation on airway resistance varied remarkably
with the stimulation frequency and reached a plateau
above 50Hz.

These reports suggest that the GG activation alone is
capable of improving the airway patency. Nevertheless,
chronic implantation of wire electrodes in the tongue is
not feasible for this approach to become a clinical tool. A
possible alternative paradigm for direct GG stimulation is
to use a floating type of microelectrode without intercon-
nects to the outside world, such as the BIONs. The results
of the BIONs implants in OSA patients have not been
reported yet [see (26) for a preliminary report] and no
other floating stimulators are being tested for this pur-
pose, to our knowledge.

2.2. Submental Stimulation

Similar to the direct GG stimulation, it is the GG muscle
again that is targeted with transcutaneous stimulations
with electrodes placed underneath the mandible, the
lower jaw. Miki et al. (27) examined the effects of sub-
mental electrical stimulation in six patients. The stimula-
tions decreased the frequency of apneic episodes, apnea
time/total sleep time, the longest apnea duration, and the
number of times that oxygen saturation dropped below
85% per hour significantly compared with those control
nights. The stimulations neither caused arousals, nor
affected the blood pressure or the heart rate significantly.
Hida et al. reported in 13 patients that submental stimu-
lation reduced the frequency and duration of apneic
episodes with an improvement in the sleep quality and
daytime sleepiness (28). These effects remained for at
least two nights following the five successive stimulation
nights. None of the patients was awakened by the stimu-
lation and none complained of pain or any other discom-
fort caused by stimulations. Another report by this group
demonstrated that the effect of submental stimulation on
upper airway collapsibility was similar to that of hypo-
glossal nerve stimulation in anesthetized dogs (29), which
was to decrease the collapsibility and expand the UAW
size.

A controversial study was reported by Edmonds et al.
(30) in eight male patients with OSA that submental and
subhyoidal transcutaneous electrical stimulations failed
to prevent sleep-disordered breathing or to improve sleep
architecture. Transcutaneous stimulation did not enlarge
the upper airways during wakefulness, nor did it prevent
the upper airways from collapsing during sleep. Decker et
al. (31) reported that submental stimulation had incon-

sistent effects in seven OSA patients, terminating only
22% of the apneas. The submental stimulation was dis-
comforting during wakefulness. Nonetheless, the stimulus
intensity producing arousal during sleep was significantly
greater than that producing barely tolerable discomfort
during wakefulness. Schnall et al. (24) tested the dilatory
effects of upper airway muscle contractions induced by
transcutaneous electrical stimulation in awake subjects.
Only sublingual stimulation produced measurable tongue
protrusion, which was believed to be the effect of GG
activation, and helped preserve the upper airway patency
while a pressure load was applied exogenously. Neither
submental (geniohyoid) nor paralaryngeal (sternohyoid
and sternothyroid) muscle stimulation, no matter alone
or combined, could cause any tongue protrusion.

In summary, the reports on submental stimulation are
controversial, which can be explained by nonspecific acti-
vation of the GG because of the tissue present between the
stimulating electrodes and the target site. The electrode
size and the position can play a significant role on the
muscle recruitment function with transcutaneous stimu-
lation. The submental approach is attractive because of its
non-invasiveness and ease of application. The success rate
and the severity of the OSA cases that can benefit from
this approach remains to be seen in a larger-scale study.

2.3. Hypoglossal Nerve Stimulation

Electrical nerve stimulation has a number of advantages
over muscle stimulation. The electrode interface is me-
chanically more stable during activation and, therefore,
the recruitment characteristics are better defined. Neural
stimulation requires much less energy than muscle sti-
mulation. Thus, the HG nerve stimulation should be
preferred over GG activation if the same function can be
achieved. Furthermore, HG is mainly a motor nerve.
Although it is not known exactly how many afferent fibers
are present in the human HG nerve, the experience in
clinical trials suggests that HG nerve stimulation at
moderate levels does not cause pain to the subject during
wakefulness and the threshold for arousal is even higher
during sleep (31).

Direct hypoglossal nerve stimulation in UAW isolated
dogs caused a remarkable decrease of upper airway
compliance (29), defined as the slope of the pressure-
volume (P-V) curve. With chronic implants in dogs, it
has been shown that unilateral hypoglossal nerve stimu-
lation can increase the peak upper-airway flow from 0.1L/
s to 1.6L/s tested over a 3-month period (32). Histological
examination revealed no nerve damage resulting from
chronic stimulation. In humans with intraoperative acute
nerve-cuff implants on the HG nerve, the pharyngeal size
at the level of the tongue base was increased to twice the
size of the intubation tube in one study (33), and the flow
of inspired air was doubled in another (34). Stimulation of
the medial branch was nearly as good and was superior to
stimulation of other branches in the latter study (34).
Hypoglossal nerve stimulation at both loci during sleep
consistently resulted in increased inspiratory airflow
without arousals from sleep. Stimulation of the distal
HG nerve to the GG caused protrusion and contralateral
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deviation of the tongue in another study by the same
group (35). The former group noted that the current
amplitude needed to open the obstructed airways was
below the level to cause tongue protrusion (33).

Decker et al. (31) reported that the HG nerve stimula-
tion with percutaneously inserted wire electrodes pro-
vided tongue protrusion at minimal discomfort in
humans terminated only 23% of the apneic events. Stimu-
lation with bipolar needle electrodes by another group was
shown to interrupt obstructions in human subjects with-
out arousals (36). As discussed by the former group, the
inefficiency of the stimulations with wire electrodes could
be because of misplacement of the wires around the nerve
trunk resulting in the recruitment of retractory muscles
before the protruser muscles of the tongue.

The most advanced efforts on HG stimulation has been
lead by a group at Johns Hopkins University and their
collaborators from other research centers and Medtronics
Inc., MN. In an international collaboration effort, this
group chronically implanted eight OSA patients with a
device that stimulated the hypoglossal nerve unilaterally
(37). The device consisted of an implantable intrathoracic
pressure sensor for synchronization with breathing, a
programmable pulse-generating device, and a stimulating
half-cuff nerve electrode (Fig. 3) placed around the medial
branch of the HG nerve. Electrical stimulation was deliv-
ered for the entire night after the onset of sleep and
significantly reduced the mean apnea-hypopnea index in
NREM and REM sleep stages and reduced the severity of
oxyhemoglobin desaturations. The long-term stimulation
at night was tolerated by all the patients without any
adverse effects. Apnea was eliminated entirely in all
patients, but the intermittent inspiratory flow limitation
(snoring) remained. The stimulation seemed to be most
effective for patients with retroglossal obstruction. Poor
synchronization, electrode breakage, and sensor malfunc-

tion prevented the continuation of the study in some
patients.

In summary, HG nerve stimulation seems to be a
promising treatment method for OSA. Different levels of
success in the cited reports are most likely because of
anatomical variations across the subjects, the site of
obstruction, and the site of electrode implantation. Room
for improvements exists before this approach can become
a clinical tool. One of these techniques that offers a
potential for improvement, selective nerve stimulation,
is discussed below.

2.4. Selective Stimulation of the Hypoglossal Nerve

Selective nerve stimulation is a technique that has been
developed to improve the motor function obtained with
electrical stimulation of the peripheral nerves with cuff
electrodes. This technique was recently applied to the HG
nerve for more effective removal of UAW obstructions
(38,39). A flat-interface-nerve electrode (FINE) with mul-
tiple contacts (40) was used for selectively activating the
fascicles inside the HG nerve trunk. A FINE with nine
contacts was implanted on the proximal hypoglossal nerve
trunk in a dog (38). The data showed that genioglossus or
geniohyoid could selectively be activated from the main
HG trunk by delivering small currents through selected
contacts. A 17-contact FINE implanted immediately prox-
imal to the branching point (Fig. 4) generated selective
activation of the protrusor (genioglossus) or the retractor
muscles (hyoglossus and styloglossus), although selective
activation of the styloglossus or the hyoglossus muscle
was not possible (39).

Huang et al. imaged the upper airways in anesthetized
beagles to assess the effects of selective stimulation of the
main HG nerve trunk (41). A fiberoscopy lead (diam.
5mm) was inserted through the cut end of the trachea
cephalad and positioned immediately past the proximal
rim of the trachea while the head was fixed at either 301 or
601 from the horizontal. Transoral images showed that
stimulations delivered through various electrode contacts
could generate different activation patterns of the tongue
muscles (Fig. 5) (41), including medial or lateral dilation
or constriction of the oropharynx at the root of the tongue.
Some of these tongue-activation patterns translated into a
substantial increase in the oropharyngeal size whereas
others did not have any effect (41), which suggests that
multiple muscle-activation patterns can be generated with
selective HG stimulation, and some of these patterns may
be more effective than others for removing the UAW
obstructions. This result may, in turn, increase the size
of the patient population that can benefit from the HG
nerve stimulation as a treatment method for OSA.

3. CONTINUOUS VERSUS CLOSED-LOOP STIMULATION

An important question, still unanswered, is if a feedback
signal to synchronize the stimulations with breathing is
necessary. Can the stimulations be applied continuously
without causing muscle fatigue overnight? The current
literature shows that the stimulation level needed for
functional results is much lower than the maximum

5 mm 

Figure 3. The half-cuff neural electrode with tripolar contacts
(Model 3990) developed by Medtronic, Inc. for stimulation of the
HG nerve in patients.
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recruitment level of the muscles, and this level is not
discomforting to the patients during wakefulness. An
open-loop, continuous stimulation paradigm may reduce
the number of apnea/hypopnea episodes in a mild OSA
patient by merely decreasing the UAW compliance, which
suggests that continuous stimulation may be an accepta-
ble paradigm, eliminating the need for a feedback signal.
However, reducing the total time of muscle stimulation
may still be of interest because intensive activation may
result in conversion of the fatigueable fibers to fatigue
resistant ones in the long term. The contribution of this
change to the upper airway patency remains to be seen.
Thus, the use of a feedback signal has the potential to
improve the overall success of the device.

In addition, the starting point of the pulse train within
each breath may be a critical parameter for the best
results. It may be much easier to keep the airways open
through the inspiratory cycle by turning the stimulus
train on prior to the onset of the inspiratory phase rather
than trying to dilate the airways against the surface
tension of the lining liquid after they collapse (42), which
is particularly true if the ‘‘delayed activation of the upper
airway inspiratory muscles’’ plays a role in the pathogen-
esis of the obstructions, as suggested by Hudgel and
Harasick (43).

Figure 4. Placement of the flat-interface-nerve elec-
trode on the hypoglossal nerve for selective stimula-
tion (39).

Medial Lateral At Rest 
Figure 5. Tongue (top row) and pharyngeal images
(bottom row) captured simultaneously to compare the
effects of medial and lateral contact stimulation with
the flat-interface-nerve electrode in an anesthetized
beagle. The head was 301 from the horizontal with the
mouth open to image the tongue. Top row, left to
right: the control image at rest, stimulation through
the lateral, and medial contacts of the FINE. The
tongue area that is activated by the stimulation is
marked with a circle in each image. The bottom row
shows the corresponding pharyngeal images taken
with a 5mm fiberoscopy lead inserted through the cut
end of the trachea cephalad and placed immediately
past the rim of the trachea. The septum in the middle
is the caudal end of the soft palate (the arrow in the
bottom-left image). The nasopharynx is the opening
below the soft palate and the oropharynx is the one
above (dog is in supine position). The lateral contact
stimulation dilates the oropharynx toward the ipsi-
lateral side and the medial contact stimulation di-
lates the oropharynx bilaterally (41).
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4. DETECTION OF OBSTRUCTIONS TO SYNCHRONIZE
STIMULATIONS

If it is determined that the closed-loop approach is ad-
vantageous, a reliable method for detection of obstructive
breaths will have to be developed to apply the stimulus
pulses only when needed. A few detection methods have
been proposed to synchronize the electrical stimulation
with breathing while some others have been described as a
part of an experimental procedure without evaluating its
contribution to the overall success of the stimulation
paradigm. Among those physiological variables are the
hypopharyngeal (22), esophageal (35), and intrathoracic
(37) pressure; airflow detected with a thermistor near the
nose or mouth (28); tracheal breath sounds (44); tracheal
interring distance measured with a strain gauge (36); and
the HG nerve’s own activity as the feedback signal (45,46).
Only the intrathoracic pressure method (37) has been
tested in OSA patients to date with a chronically im-
planted stimulator device. An algorithm was developed to
predict the onset of the next inspiration to turn the
stimulator on in advance before a negative intratracheal
negative pressure was developed by the respiratory drive.
This group reports that synchronization was poor in two
patients, and electrode breakage and sensor malfunction
occurred in five of the eight patients total. Although
promising, some practical problems still await solutions.

It was proposed that the coupling between the UAW
mechanics and the HG nerve activity should be stronger
than any other secondary variable to be used for detection
of obstructions (45). This technique eliminates the need
for implantation of a separate sensor if the HG nerve is
implanted with a cuff electrode for stimulation. Two
beagles with cylindrical cuff electrodes were implanted
to record the HG activity as a response to loading of the
UAWs during sleep. The loading paradigm was a remotely
controlled force applied to the submental region exter-
nally. The phasic HG activity increased immediately in
the following breath as a response to the submental force
and stayed at an elevated level as long as the force was
applied (Fig. 6a) (45). The baseline signal increased
slightly with the submental force in one of the animals,
but the increase in the baseline did not interfere with
detection of the phasic component. The phasic HG signal
began to increase before the esophageal pressure with an
average time difference of 177196 ms (mean7SD, 220
breaths). The HG activity was detectable even at very low
levels of UAW loading in this dog model (47). It remains to
be seen if the obstructive breaths are detectable in OSA
patients using the cuff electrode recordings of the HG
nerve’s activity.

5. EVALUATION OF CURRENT APPROACHES

5.1. Stimulation Paradigms

In general, reports cited above are aimed at activating the
GG directly or via stimulation of the medial branch of the
HG nerve. Activation of the medial branch alone seems to
be as efficient as the main trunk of the HG nerve in a
group of patients (35). Can this be generalized to the rest

of the population with the given variations in the UAW
anatomy and the degree of OSA severity? The tongue
movements have a large degree of freedom as manifested
during mastication and swallowing. It is also a unique
organ that is capable of changing its shape voluntarily
with the recruitment of vertically and transversely located
intrinsic muscles (48). Can a stimulation paradigm be
found that uses these capabilities of the tongue for re-
moval of obstructions in a more effective way than single-
branch stimulation can provide? Can such an advanced
stimulation paradigm also provide multiple modes of
muscle activation so that a control algorithm can be
designed to switch between these modes when the patient
changes his/her position in the bed?

To speculate on some of these questions, a paradigm
aiming to recruit only the GG muscle and the whole
muscle at once is not likely to be the optimum solution
for the following reasons: (1) Genioglossus is a fan-shaped
muscle attaching to the ventral side of the tongue along its
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Figure 6. Hypoglossal nerve activity as a response to external
loading in a dog model of upper airway obstruction. (a) A force
transition maneuver in NREM sleep. The traces from top to
bottom are the submental force, esophageal pressure, rectified-
averaged HG activity, abdominal movements, and EEG signal. (b)
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longitudinal axis, the hyoid bone on one end and the
mandible on the other end (Fig. 2). Activation of the whole
muscle at once, rather than some selected portions of it,
can produce agonist forces and not a net force in the
forward direction to pull the tongue out of the pharyngeal
cavity. (2) The forces generated by the tongue muscles are
context-dependent (i.e., neck position). For certain posi-
tions of the neck, the retractor muscles and the geniohyoid
can also be recruited to augment the pharyngeal dilation
obtained with the GG alone. (3) Coordinated activation of
the GG, the retractor, and the intrinsic muscles can
generate forces not only to pull the tongue forward but
also push it downward to relieve the nasopharynx. (4)
Coactivation of the antagonistic muscles can reduce the
collapsibility of the UAWs by stiffening the whole struc-
ture. In animal and human experiments, the net result of
protrusor (genioglossus) and retractor (styloglossus and
hyoglossus) muscle coactivation is a rectraction of the
tongue (35,48–50). Nevertheless, experiments in patients
demonstrated that coactivation of these muscles causes
increased inspiratory flow rates (35). The question then
becomes what is the stimulation paradigm or the right set
of muscles to be activated that will maximize the func-
tional outcome and thereby the patient population who
can benefit from this treatment method?

5.2. Functional Assessment Tools

It is evident that a single-dimensional measure like upper
airway resistance or airflow is not sufficient as a func-
tional assessment tool for the HG or GG stimulation. The
evaluation methods for the electrical stimulation should
reflect the details of what happens to the UAW size and
shape in its various compartments in addition to the
measurements of collapsibility. Recent reports on HG/GG
stimulation have used UAW imaging as an assessment
tool. In some studies, techniques that allow imaging of the
pharyngeal lumen directly with insertion of an endoscopic
camera were used (41,51–54). Imaging techniques that
can take a transverse section and make cross-sectional
and volumetric measurements, such as magnetic reso-
nance imaging (55–58), computer tomography (59), and
fluoroscopy (59), were also used. The endoscopic methods
have the disadvantage of having a lead (rigid or flexible)
inside the UAWs that may disturb the muscle function. On
the other hand, they are easy to use and do not require an
expensive imaging facility. The noninvasive techniques,
however, provide more precise area and volume measure-
ments at user-selected depths of the airways without
disturbing the structures being imaged. In general, these
recent reports reflect the attempts for acquiring more
functional information about exactly what the stimula-
tions do in various compartments of the pharynx. Upper-
airway mechanical resistance, compliance of the pharyn-
geal passage, or the critical pressure at which the airways
collapse should still be measured independently. Despite
the fact that these are single-dimensional variables and
provide information only on the overall structure, it is still
necessary to use these measures along with the imaging
tools for an accurate assessment of the function.

5.3. Animal Models

Appropriateness of the animal models and extrapolating
data from these models to answer questions regarding a
neural prosthesis for humans should be evaluated care-
fully. Major anatomical differences exist between the hu-
man and the common animal models used in these
studies; primarily the cat and the dog. Across the species,
variance in the shape of the hyoid bone and its attach-
ments is one example. The relative size and the scale of
the structures may also introduce a difference in the
passive mechanical properties of the muscles. For in-
stance, the critical pressure at which the airways collapse
in an animal model may be significantly different than
that of a human in an otherwise comparable study.
Anesthesia (e.g., chloralose, halothane, ketamine, and
pentobarbital) suppresses the HG activity drastically
(60). Decerebration is often used to eliminate the effects
of anesthesia. It is still questionable, however, how appro-
priate it is to extrapolate the data from a decerebrate
model to make conclusions about the condition of the
UAWs during sleep. These deviations from the human
case limit the use of animal models for studying the
consequences of the electrical stimulation of the UAW
muscles or at least make it difficult to translate the results
to the humans.

5.4. What More y

Before electrical stimulation of the tongue muscles can
become a clinically available neuroprosthetic device, the
longevity of the implanted electrodes at the site of the HG
nerve, which experiences significant rotations and trans-
lations, should be tested with chronic implants. With the
recent advances in electrode technology, we anticipate
that this testing will not be a major challenge in the
near future. The set of tongue muscles to be activated
and the patterns of activation need to be studied carefully
in human patients to maximize the functional benefit.
Selective stimulation of the HG nerve may be the tool to
use for generation of these patterns. A method of detection
for the obstructive breaths and a closed-loop control algo-
rithm that is robust enough to work in all sleep stages and
respiratory patterns should be developed. A unique ap-
proach is needed for the REM sleep because of its chaotic
nature. A diagnostic measure is needed to predict the
outcome of the HG nerve implants preoperatively. Sub-
lingually inserted wire electrodes that can activate the GG
may have a utility as a diagnostic tool in this regard (61).
Finally, one should not expect that every OSA patient will
benefit from such a neuroprosthetic device even after all
the problems are resolved. In most severe cases, it may not
be possible to generate the combination of forces necessary
to keep the UAW patency before arousing the patient from
sleep.
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OCULOMOTOR CONTROL
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1. INTRODUCTION

Eye movements are accurate reflections of the brain’s
control strategy. Their function is to provide essential
information about the visual scene under a wide variety
of conditions encountered in daily life. Therefore, the
understanding of the control of eye movements, or oculo-
motor control, is one of the most important goals of vision
scientists and bioengineers.

When one redirects gaze, neural command signals from
the brain centers change the lens focus and rotate the two
eyes to provide a clear and single image of the new target.
It has been found that three primary oculomotor move-
ments are involved in the automatic control of binocular
gaze. Accommodation, or focusing, changes the lens power
to provide clear vision; vergence rotates the eyes symme-
trically in opposite directions to provide singleness of
vision; and version (saccades and pursuit) rotates the
eyes in the same direction to track lateral displacements
of the target. These oculomotor systems use automatic
feedback to provide accurate responses to target change.
Viewed in engineering terms, they can be represented as
feedback control systems that are drawn as block dia-
grams. Moreover, well-known engineering control systems
theories can be used to study the feedback control proper-
ties of these physiological processes.

2. BASIC ANATOMY AND PHYSIOLOGY OF EYE
MOVEMENTS

2.1. The Eye

The goal of the accommodation, or focusing, system is to
provide a clear and sharp image of an object on the retina.
Figure 1 shows a cross-sectional view of the interior of the
human eyeball (1). Light rays enter the eye first through
the transparent cornea, which comprises about two thirds
of the fixed refractive power of the eye. The rays then pass
through the opening in the iris, called the pupil, and are
refracted by the transparent lens, which comprises the
remaining one third of the fixed optical power. The lens
has, in addition, a variable component that is controlled by
the ciliary muscle (which is part of the ciliary body)
through its action via the zonular fibers between the
ciliary body and the lens. In this way, the light rays of a
target at different distances can be focused by the vari-
able-powered lens onto the fovea, which is a small high-
acuity region on the retina.

2.2. Extraocular Muscles

The goal of the vergence and versional eye movement
systems is to provide a single percept by bringing the
images of a target onto corresponding retinal points in the

two eyes. Hence, when the target moves in depth, the
eyeball in each eye must be rotated by the muscles on the
outside of the eyeball, called extraocular muscles (Fig. 2),
to once again bring the images in register on the retinas
(2). Three pairs of extraocular muscles are concerned with
horizontal, vertical, and oblique rotations of the eye.
Vergence and version use primarily the horizontal mus-
cles, called the medial rectus and lateral rectus, that are
reciprocally innervated and rotate the eye in the horizon-
tal plane. Neural signals from higher brain centers drive
the two eyes in a coordinated fashion so that the visual
lines intersect at the target. The resulting images in the
two retinas are combined by the brain to form a single
percept.

3. SCHEMATIC REPRESENTATION OF
ACCOMMODATION, VERGENCE, AND VERSION
RESPONSES

3.1. Accommodation

The act of focusing, or accommodation, from a far (F) to a
near (N) target is shown schematically in Fig. 3 (3).
Initially, light rays from the far target (F; solid lines) are
focused on the fovea (f). The sudden introduction of a near
target (N; dashed lines) moves the focal point beyond the
retina, which results in a blur circle on the retina. The
accommodative, or focusing, response changes the curva-
ture of the front of the lens and moves the underconverged
light rays forward (see arrow) to bring the rays back into
focus at the fovea.

3.2. Vergence and Version

When a target is displaced in depth (Fig. 4a) (4), an
angular difference between the near and far targets, called
disparity, is created (this is represented by the angular
displacements indicated by the curved arrows). The angu-
lar difference causes the two eyes to rotate in opposite

Optical axis
Cornea

Ciliary
body

Lens

Zonules

Capsule

Retina

Fovea

Choroid
Sclera

Ciliary
muscle

Figure 1. Horizontal section of the eye showing the major ocular
components for accommodation.
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directions to track it in a disjunctive manner, called
vergence. Convergence is the response to a far-to-near
target displacement, whereas divergence is the response
to a near-to-far displacement. In contrast, when a target is
moved laterally from side to side (Fig. 4b), the two eyes
rotate in the same direction to track it in a conjugate, or
versional, manner. There are two types of versional eye
movements: saccades that jump to follow rapid target
displacements, and pursuit eye movements that smoothly
follow relatively slowly moving targets.

4. BASIC CONTROL SYSTEM CONCEPTS

A basic general feedback control system block diagram is
shown in Fig. 5. The error E(s), or the difference between
the input X(s) and the product of the output and feedback
gain YðsÞ �HðsÞ, serves as the driving signal for the for-
ward-loop gain G(s). It can be shown that the overall
transfer function is given by

FðsÞ¼
YðsÞ

XðsÞ
¼

GðsÞ

1þGðsÞ �HðsÞ
: ð1Þ

It turns out that this apparently simple equation is the
basis for much of control systems theory. It can be seen
that if G(s)H(s) equals � 1, the system would become
unstable. This result can occur, for example, if within
the term G(s)H(s), the gain is too high or the latency is too
long. Indeed, much of control systems theory involves the
determination of the conditions for instability and the
system modifications needed to avoid arriving at these
unstable conditions.

5. SYSTEM STABILITY

Experimental results in both the accommodation and
vergence eye movement systems have shown that their
latencies (370 and 200ms, respectively) and dynamic
response times (250 and 200ms time constants, respec-
tively) are at about the same time ranges. Thus, the

F N

f

Figure 3. Schematic diagram of the accom-
modative response.

LE

f f f f

RE LE RE

(a) (b)

Figure 4. Schematic drawing of (a) pure symmetric vergence and
(b) pure versional eye movements. LE, left eye; RE, right eye; f,
fovea.

Visual line Visual line

Medial rectusFovea

Superior
oblique

Axis of muscle Axis of muscle

Superior rectus

Fovea

Lateral rectus

90° 90°

23°23°

Figure 2. The two eyes and the extraocular
muscles as seen from above.
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response after a latency could be in the opposite direction
as the ongoing stimulus. Hence, if a simple feedback loop
were used in a model of the system, the responses could
consist of instability oscillations. It turns out that both of
these systems solve this problem by separating their
control process into two parts: a fast open-loop component
and a slow closed-loop component. The fast component
responds to the stimulus amplitude without feedback to
arrive near the desired position. The absence of any feed-
back (even though sensory input continues to be available)
ensures stability of the initial response. Then, when the
response amplitude is close to the stimulus amplitude, a
slow closed-loop component takes over and reduces the
small residual error to a minimum. Because the residual
error is small during the slow-component stage of the
response, the gain of the slow component can be relatively
low and still achieve adequate dynamic response. Yet, once
these two processes are completed, the overall error would
be small, and the effective steady-state gain would be
equivalent to a continuous feedback system with a high
forward-loop gain (with its inherent instability problems).
Thus, this dual-mode process achieves both rapid dy-
namics and small residual error without sacrificing stabi-
lity.

The saccadic system also has a long latency (200ms)
compared with its relatively fast response dynamics
(duration of about 50ms for a 10 deg saccade), and thus
would similarly have instability problems if it were mod-
eled as a simple continuous feedback system. It solves this
problem by responding with an initial open-loop move-
ment, but unlike the accommodation and vergence sys-
tems, it uses subsequent saccades to make corrective
movements. The pursuit system has a similar latency as
saccades. It preclude instabilities by estimating and then
tracking the target velocity, and defers to saccadic track-
ing at target velocities higher than about 30 deg/s.

6. EYE MOVEMENT MODELS

6.1. Accommodation Model

6.1.1. Static. The accommodation system senses blur of
the retinal image and varies the lens power with neuro-
logical feedback control to reduce blur to a minimum (5–7).
A descriptive block diagram of the accommodation system
is shown in Fig. 6a (8,9). The difference between target
distance and focus distance provides the retinal-image
defocus whose sensory output, or blur, is processed by the
accommodative controller following a time delay. The
controller output is summed with the tonic signal (which

represents the response under the no-stimulus condition)
to drive the accommodative plant, or lens. The feedback
loop reduces the blur to a minimum to provide clear focus
of the target image on the retina.

A more detailed version of the model is shown in Fig.
6b. The deadspace element (with ‘‘breakpoints’’ at 7DSP)
represents the depth of focus. The accommodative con-
troller gain (ACG) represents the central neurological
control of accommodation. The tonic term (ABIAS) repre-
sents the state of accommodation when the system is
rendered open loop, and it has been called ‘‘dark focus’’
and ‘‘night myopia’’ (11–13), but is more appropriately
called ‘‘tonic accommodation’’ (TA) because it is obtained
under a wide range of conditions including darkness,
empty field, and pinhole-viewing (14–16). The saturation
element (Sat) limits the amplitude of the lens response. It
is used to represent the decline in lens response range
with age, corresponding to the clinical condition of pres-
byopia (17).

6.1.2. Dynamic. As discussed above, the difficulties
that had been encountered in earlier continuous models
of accommodation in obtaining a stable response were due
to the inherent problem of having relatively slow dy-
namics (time constant¼ 250ms) and a long time delay
(350–400ms) in the accommodative feedback loop. Thus,
the observed instantaneous accommodative output is ac-
tually a response to a controller signal (AE¼AS�AR)
that had occurred 370ms earlier. If AE had changed sign
(e.g., from positive AE, or lag of accommodation, to
negative AE, or lead of accommodation) during the inter-
vening delay interval, the accommodative output would be
in the opposite direction. For dynamically changing ac-
commodative stimuli, this could lead to repeatedly inap-
propriate responses, and in turn instability oscillations.

To overcome these difficulties, a dual-mode model of
accommodation was developed (8,18). The overall block
diagram of the model is shown in Fig. 7a. The first block is
a dead-space operator, which represents depth of focus,
with limits equal to 70.12 diopters (D, equal to the

Target
Distance

Focus
Distance

Tonic

Blur Delay Controller Plant
+ +

+

(a)

(b)

AS AE

± DSP

AE1 AR
Delay ACG Sat

ABIAS

Transfer
Function

+
+

+

Figure 6. Hung’s (8,9) accommodation system models: (a) De-
scriptive model, (b) A more detailed model.
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Figure 5. Block diagram of a general feedback control system.
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reciprocal of the distance from the eye to the target in
meters). The controller has both fast and slow compo-
nents. The fast component is derived from the sum of the
visual feedback error signal and the neurological efference
copy signal (not shown in Fig. 7a), which is derived from
the fast component output. This results in an open-loop
stimulus signal that is nearly equal to the original stimu-
lus amplitude. This open-loop drive is important for two
reasons. First, it maintains stability in the presence of a
relatively long latency (370ms); and second, it meets the
requirement of an accurate initial step response. The
open-loop fast component movement accounts for most of
the step response amplitude, with the remainder being
taken up by the slow closed-loop component. The resulting
accurate response corresponds to a very high gain in a
continuous feedback control system, which would have
otherwise resulted in instability oscillations.

The accommodation model was used to simulate (see
Fig. 7b) responses to pulse (top trace, 0.32 s stimulus
duration) and square-wave (frequency, in hertz, as shown
at right of traces) stimulation having an amplitude of 2D
(18). The simulated responses are in good agreement with
experimental results. Similar accurate simulation re-

sponses have also been obtained for ramp and sinusoidal
stimuli (18; not shown).

6.2. Vergence Model

6.2.1. Static. Hung and Semmlow (13) developed a
static vergence system model (not shown). Its configura-
tion is the same as the accommodation system model
above (Fig. 6b), except the names of the elements are
replaced by: vergence stimulus (VS); vergence response
(VR); dead-space range 7DSP, which represents the dis-
parity threshold range called Panum’ fusional area (19);
vergence controller gain (VCG); and VBIAS, which repre-
sents tonic vergence.

6.2.2. Dynamic. Hung et al. (20) developed a dual-
mode model of the vergence system (not shown). It con-
sisted of a fast open-loop component and a slow closed-loop
component (similar to the dynamic accommodation model
shown in Fig. 7a). Simulation responses to positive (con-
vergent) ramp stimuli (amplitude of 4 deg) are shown in
Fig. 8, with velocity in deg/s shown at right of traces.
Dotted line¼ stimulus, and solid line¼ response. The
simulation responses showed good fit to experimental
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data. Note that for ramp stimuli between 3 and 10deg/s,
there are multiple-step movements, which are also seen in
the experimental responses (20). Accurate simulation
responses were also obtained for sinusoidal stimuli (20;
not shown).

6.3. Version Models

6.3.1. Saccade. Young and Stark (21) developed a sac-
cadic systemmodel (Fig. 9a). The retinal error is input to a
sampler with an experimentally determined 200-ms sam-
pling interval. The dead zone represents the threshold
range before a response develops. The computing delay
represents the latency of the saccadic response, and it is
given by exp(� sT), where T¼ 200ms. The integrator 1/s
integrates the retinal error signal, and its output is
summed with any mechanical or neural disturbance in-
put. Muscle dynamics is represented by a second-order
low-pass filter. Finally, the eye angle output is fed back to
be subtracted from the target angle to provide the retinal
error.

Figure 8. Vergence model responses to ramp stimuli.
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6.3.2. Pursuit. Lisberger et al. (22) developed a pursuit
system model (Fig. 9b). Image motion provides the central
command to the efferent pathways. The negative feedback
pathway (lower dashed line) represents the change in the
eye direction due to the physical eye motion, and the
positive feedback pathway (upper solid line) provides a
hypothesized pursuit neural command for eye velocity.
The mathematical addition of the positive feedback of eye
velocity command signal and the visually derived retinal
error velocity (target velocity minus eye velocity) provides
a reconstructed target velocity signal. The main effect of
the reconstructed signal is to provide stability in the
pursuit eye movement dynamics.

6.3.3. Saccadic and Pursuit. The time courses of saccade
and pursuit eye movement responses (bottom trace) and
the sinusoidal lateral target motion (top trace) are shown
in Fig. 9c (6). Initially, smooth target motion permits the
pursuit system to track the target. However, when the
target is extinguished (i.e., lights off), only the memory of
repetitive target swing guides the eyes, and the saccadic
system takes over and uses a series of fixations to approx-
imate the trajectory of the unseen target. When the target
reappears, smooth tracking promptly returns.

7. INTERACTIONS

7.1. Accommodation and Vergence Interactions

It has been found experimentally that accommodative
error (i.e., blur) alone can drive accommodation as well
as vergence. The latter is called accommodative-conver-
gence (23). Moreover, vergence error (disparity) alone can
drive vergence as well as accommodation. The latter is
called convergence-accommodation (24). Thus, there is
direct influence from one system to the other. Moreover,
when both accommodative and vergence stimuli are pre-
sent, which is normally the case, these two systems form
an interactive dual-feedback system.

A nonlinear static model of interactive dual-feedback
accommodation and vergence system (9,13) is shown in
Fig. 10. It contains the dead-space operators depth of focus
and Panum’s fusional area. The dead space betweenþ

and�AD simulates the depth of focus (AD¼ 0.15 D). The
output of the dead-space operator is multiplied with ACG
to give the accommodative controller output. Similarly,
the dead space betweenþ and�VD simulates Panum’s
fusional area (VD¼6min. of arc). The output of the
dead-space operator is multiplied with the VCG to give
the vergence controller output. The terms AC and CA
represent accommodative-convergence and convergence

Figure 10. Nonlinear static model of inter-
active dual-feedback accommodation and ver-
gence system.

Figure 11. Neural pathways for saccade and vergence.
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accommodation cross-link gains, respectively. Also, ABIAS
and VBIAS represent tonic accommodation and tonic
vergence, respectively. The model responses have been
shown to accurately simulate experimental responses for
a variety of congruent as well as noncongruent (i.e.,
unequal accommodative and vergence) stimuli (9).

7.2. Saccade and Vergence Interactions

There has been a great deal of controversy regarding
saccadic and vergence responses to nonsymmetrical sti-
muli (i.e., targets that are not positioned along the midline
formed by an imaginary line from the midpoint between
the two eyes and the straight-ahead target position)
(25,26). It began with the experimental observation that
the responses do not seem to be a superposition of the
individual saccadic and vergence components (27). Some
researchers have claimed that the act of executing a
vergence response influenced the saccadic response, and
that the manner of this influence may be different depend-
ing on the environmental ‘‘natural’’ scenery seen by the
eyes (27–30). This claim, however, created much uncer-
tainty about the exact properties of the saccadic and
vergence systems that would result in these changes. To
resolve this uncertainty, a differential latency theory,
which was not dependent on the nature of the scenery,
has been proposed (25,26). The theory clearly explains the
underlying mechanism for the observed non-superposed
responses.

The differential latency theory (25,26) states that the
transient divergence observed during saccade–vergence
responses can be accounted for by a small difference in the
latencies between the contralateral (opposite sides) and
ipsilateral (same side) neural pathways driving the con-
jugate eye movement (Fig. 11).

For saccades, horizontal burst neurons (B) and tonic
eye position neurons (T) in the midbrain paramedian
pontine reticular formation (PPRF) provide similar input
signals to both lateral rectus motoneurons (LR) and inter-
nuclear neurons (I) in the abducens nucleus (VI). The
abducens internuclear neurons cross the midline and
ascend in the medial longitudinal fasciculus (MLF) to
drive the medial rectus motoneuron. On the other hand,
for vergence, the presumed complementary vergence sig-
nals, c and c-, innervate the ipsilateral MR and LR to drive
the response.

Because of the brief latency difference (B6ms) between
these two neuronal pathways (31), there is a transient
difference in the movement in the two eyes, which is
exhibited as transient divergence during conjugate eye
movement in the ipsilateral direction. Indeed, the differ-
ential latency model (Fig. 12) has been shown to accu-
rately simulate the experimental responses for a variety of
congruent and noncongruent stimuli (25,26).

For example, representative experimental time traces
under the free-space (FS; i.e., natural-viewing) environ-
ment are shown in Fig. 13a (left column) for stimulus
requiring a response of � 4deg in the LE and � 8deg in
the RE (positive and negative numbers represent right-
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ward and leftward target displacements, respectively),
which correspond to 4 deg of convergence and 6deg of
leftward versional movement (25,26). Representative ex-
perimental time traces under the instrument-space (IS;
i.e., optical bench) environment are shown in Fig. 13b
(right column) for stimulus requiring a response of � 2deg
in the LE and � 6deg in the RE, which correspond to 4deg
of convergence and 4deg of leftward versional movement.
For both columns, the top graph shows left eye (LE, upper)
and right eye (RE, lower) time traces. The second graph
shows conjugate (dotted) and disjunctive (solid) amplitude

time courses. The third graph shows the disjunctive
velocity time course. The bottom graph shows top-view
binocular fixation trajectories corresponding to the move-
ments shown in the top graph. The initial central fixation
point and the target are shown as ‘‘þ ’’ symbols. The
circular-shaped iso-vergence arcs (dotted) are separated
at 5 deg intervals, whereas the radial lines (dashed) are
separated at 10 deg intervals. Note that for the bottom
graph under the FS environment (a), the trajectory, start-
ing from a position indicated by the central fixation cross,
consists of an overshoot loop followed by a radially direc-
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ted vergence movement towards the target. On the other
hand, under the IS environment (b), the trajectory con-
sists of an initial convergence (along the central radial
line), followed by a saccadic trajectory, which is then
followed by a final convergence movement (along another
radial line).

Model simulation responses are shown in Fig. 14 for a
target displacement requiring � 2deg in the left eye and
� 6 deg in the left eye, which corresponds to 4 deg of
convergence and 4deg of leftward saccadic response for

the conditions of (a) simultaneous (latency¼ 200ms) and
(b) sequential (latency: disjunctive¼ 200ms; and conju-
gate¼ 300ms) onset of controller signals (25,26). The
description of the traces are the same as those for Fig. 13.

The model simulations show how the latency difference
in the two neural pathways can account for the experi-
mental findings. Indeed, these results are in agreement
with Hering’s law, which states that the two eyes act as
one, so that the separate conjugate and disjunctive con-
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trollers work together to drive the eyes toward the target
in space.

8. SUMMARY

Static linear and nonlinear model elements serve impor-
tant roles in shaping the steady-state accommodative and
vergence responses and provide insights into clinical
abnormalities. Also, the dynamic characteristics of these
models have revealed how these systems attain both
stability and rapid motor responsivity. For both the ac-
commodation and vergence systems, whose latencies are
long relative to their dynamics, a continuous feedback
control process would lead to instability oscillations. It
turns out that the strategy used is to respond with an
initial fast open-loop movement that provides a large
portion of the response amplitude, followed by a slow
closed-loop movement that reduces the residual error to
a minimum. In this way, dynamic responsivity and accu-
racy is attained without introducing instability oscilla-
tions.

A similar strategy is used by the versional eye move-
ment systems. The saccadic movement is driven by open-
loop control, which is followed by small secondary sac-
cades to reduce the residual error. Thus, rapid dynamics
are achieved while maintaining accuracy and stability. For
the pursuit system, the strategy is to estimate and then
track the target velocity, thus maintaining stability in the
response.

Moreover, when these systems operate together, as is
generally the case in daily life, their responses are not just
simple summations of their isolated open-loop motor
responses. For example, the neural linkage between the
accommodation and vergence control processes results in
a combined interactive dual-feedback control system that
is quite complex. Also, in the saccadic and vergence
systems, the finding of dynamic interactions had lead to
some confusion regarding the underlying control pro-
cesses.

The primary problem with saccade and vergence inter-
actions is that both saccade and vergence share the same
motor output, namely, the extraocular muscles that rotate
the eyeballs. Hence, their individual contributions must
be inferred from the eye movement responses. It has been
suggested in recent years by some investigators that
vergence responses are facilitated by saccades depending
on the characteristics of the visual scene. However, the
differential latency theory has clarified this by showing
that the transient vergence contribution during a saccade
is caused by a small difference between peripheral neural
delays of the signals to the two eyes, and not by differences
in the visul scene.

The main aim of oculomotor control is to drive the eyes
in a rapid, stable, and coordinated fashion to provide
accurate bifixation of targets in space. Eye movement
measurements have provided quantitative assessments
of these control processes. Indeed, advances in eye move-
ment measurement technology and cortical imaging tech-
niques will continue to provide deeper insights into

neurological processes that guide oculomotor responses
under both normal and disease conditions.
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1. INTRODUCTION

Microscopy studies the enlargement of the image of ob-
jects too small to be properly seen by the unaided eye.
Microscopy accomplishes its task making use of the radia-
tions emitted, absorbed, transmitted, or reflected by the
specimen to be observed. The nature of the radiation
specifies the type of microscopy: electron microscopy, x-
ray microscopy, acoustic microscopy, etc. The visible part
of electromagnetic spectrum is the type of radiation used
by optical microscopy.

Rough magnifying glasses were used in ancient times,
but the evolution of modern microscopes started in the
seventeenth century. Although the first compound micro-
scope was built by Hans and Zacharias Janssen in 1595,
Antoni van Leeuwenhoek (1632–1723) managed to make
lenses so good to achieve the amazing magnification of
about 300x in their very simple microscopes. Thanks to
the suggestions of the scientist Robert Hook (1635–1702)
around 1670, the instrument maker Christopher Cock in
London built a very successful compound microscope.
With this instrument, Hook was able to observe the cells.
The Hook’s microscope can be regarded as the father of
modern instruments.

2. THIN LENSES

The foundation of the magnifying power of lenses is the
refraction phenomenon. A light beam crossing the surface
between two media of different optical densities is bent
according to the law discovered by Willebrod Snell (1591–
1626):

n1 sin y1¼n2 sin y2;

where y1 and y2 are the angles formed by the ray and the
normal to the surface at the point of incidence into
mediums 1 and 2, respectively, and n1 and n2 are the
refractive indexes (Fig. 1). The refractive index n of a
material is related to the velocity of light v in the same
material: v¼ c/n, where c is light speed in the vacuum.
The indices of refraction of some common substances are
given below:

Vacuum 1.000
Air 1.0003
Ice 1.31
Water 1.33
Ethyl alcohol 1.36
Glycerine 1.47

Crown glass 1.50 C 1.62
Flint glass 1.57 C 1.75
Polystyrene 1.59
Carbon disulfide 1.63
Methylene iodide 1.74
Diamond 2.42

According to this effect, the light crossing a thin lens
passes from air into glass and then from glass into air,
being refracted twice. Rays entering a lens parallel to the
optical axis emerge from it along a path intersecting the
focal point on the opposite side. Thin lenses have a focal
point at every side, and the focal length f is the distance
between the focal points and the lens. If o and i are the
distances from the lens of object and image respectively,
then 1/oþ1/i¼ 1/f, and the magnification m is i/o (Fig. 2).
A thin lens divides the space in an incident- and in a
refracted-light emispace. The values of o, i, m, and f can be
positive (þ ) or negative (� ) according to the following
conventions:

1. Incident-light emispace: o(þ ), i(� );
2. Refracted-light emispace: o(� ), i(þ );
3. Converging lenses: f(þ );
4. Diverging lenses: f(� );
5. Image upright: m(þ );
6. Image inverted: m(� ).

Images in the refracted-light emispace are real images;
images in the incident-light emispace are virtual images.

In microscopes, more than two refracting surfaces
exist, because the simplest type of microscope is formed
by two thin lenses, objective and eyepiece, where the
image of the first is the object of the second one (Fig. 3).
In modern microscopes, both objectives and eyepieces are
formed by many different groups of lenses; by assembling
lenses in the right way, very high magnification values
may be obtained. Moreover, modern objectives are infi-
nity-corrected. Light emerges from such objectives in
parallel rays that are focalized by a tube lens at the
intermediate image plane. This arrangement frees the
manufacturers from any constraint in the optical tube
length.

�1

�2

n2

n1

Light

Light

Figure 1. Light crossing the interface separating two transpar-
ent media of refractive index n1 and n2, respectively (n2 4 n1 9).
The angle a1 between the light ray and the normal to the interface
is called angle of incidence. The angle a2 is called angle of
refraction.
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3. OPTICAL RESOLUTION

The ability of an optical instrument to produce separable
images of different points on an object is limited. The
resolving power of a lens is a quantitative measure of this
ability: points closer than the limit of resolution cannot be
distinguished as separate points. Ernst Abbe (1840–1905),
in 1873 first fixed the value of the minimal distance d
between two adjacent points allowing them to be perceived
as separated:

d¼ l=2n sin a;

where l is the wavelength of light, a is one-half the
angular aperture of the lens, and n is the refractive index
of the medium between the object and the lens.

At present, the smallest linear separation of two object
points for which they may be resolved by an objective is
fixed by the Rayleigh criterion:

d¼ 1:22ðl=2NAÞ;

where NA is the numerical aperture of the objective. Both
the Abbe criteria and the Rayleigh criteria are very
similar, being the numerical aperture related to the

imaging medium by NA¼nsina (Fig. 4). The maximal
value of sina is 1 (a¼ 901), therefore the theoretical
maximal numerical aperture of an objective in air (n¼ 1)
is NA¼ 1. As a high NA is an essential requirement for
high resolution, immersion optics have been developed.
Biological specimens can be imaged at a very short dis-
tance from the objective through immersion media having

Bi-convex lens Bi-concave lens

Image

Image

OO

F FF′ F′

Object

Object i

i

Figure 2. Image formation by thin lenses according to
geometrical optics. Image is located according to three rules:
(1) any incident ray traveling parallel to the principal axis is
refracted through the focal point F in converging lenses and
in a direction such that its extension passes through the
focal point in diverging lenses; (2) light rays traveling
through the center of the lens proceed in a straight line;
and (3) any incident ray traveling through the focal point on
the way to the lens is refracted parallel to the principal axis.
According to conventions described in the text, the image on
the left (converging lens) is real and inverted and the image
on the right (diverging lens) is virtual and upright.

Objective lens Eyepiece

i2
i1

F′1 F2 F′2

O2O1

F1

im2

im1 obj2

Obj1

Figure 3. The simple microscope. A microscope uses a
very short focal length objective lens to form a greatly
enlarged image. This image is then viewed with a
short focal length eyepiece used as a simple magnifier.
According to this assumption, the resulting magnifica-
tion M is M ¼ m1 � m2 ¼ i1 / o1 � i2 / o2 ¼ i1 � i2 /
o1 � o2. In modern microscopes, the image is formed
at infinity to minimize eyestrain.

� �
Medium of
refractive
index = n

Objective lens

Light of wavelength �

Specimen

Figure 4. Factors appearing in the Rayleigh criterion: d ¼ 1.22
(l/2NA) ¼ 1.22(l/2 nsina).
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a different refractive index, like water (n¼ 1.33), glycerine
(n¼ 1.47), or oil (n¼ 1.52).

4. OPTICAL ABERRATIONS

Deviations from perfect image formation by optical sys-
tems are called aberrations. Unfortunately, thin lenses
suffer from a variety of optical defects leading to distorted
representations of the object, with the main final result of
a rather severe loss of details from the observed specimen.

Chromatic aberration is a very common optical defect
related to the dependence of the refractive index of every
material on the wavelength of light. The lens deviates the
different color components of white light at different
refraction angles, a phenomenon called dispersion, bring-
ing them to focus at different points (Fig. 5). This aberra-
tion gives rise to the formation of colored fringes
surrounding the image. Manufacturers reduce or elimi-
nate these problems by assembling objectives with a group
of lenses having different dispersion properties (achro-
matic and apochromatic objectives).

Spherical aberration and field curvature are artifacts
both caused by the spherical curvature of lens surfaces.
Spherical aberration occurs because light rays leaving the
object at different distances from the optical axis are
focalized at different distances along the axis when they
are refracted by a lens with spherical surfaces. This
serious defect, leading often to severe blurring of the
images, may be reduced by using compound lenses in
the objectives, made by sticking together convex and
concave lenses with different thicknesses. Field curvature
means that light rays originating from a flat surface are
focalized by the lens on a concave spherical focal plane. It
follows the impossibility of simultaneously focusing the
center and the periphery of the flat specimen. Again,

optical manufacturers partially solve this problem by
inserting different groups of lenses in flat-field objectives.
Almost all of the modern objectives are corrected for field
curvature and are called plan.

Other major optical aberrations are coma (an error so
that an object point has an asymmetrical image, a comet-
like spot), astigmatism (the failure of a lens to image a
point as a single point, but as short segments that lie on
two separated planes called sagittal and tangential focal
plane), and geometrical distortion (straight lines are im-
aged as curved lines, so that the image of a square object
may assume the aspect of a pincushion or a barrel). All
these aberrations are largely corrected in modern objec-
tives, but a careful alignment of the optical components of
the microscope is an essential condition to minimize all
these optical artifacts.

5. CONTRAST ENHANCEMENT

The formation of high-quality microscopic images strongly
depends on the brightness and uniformity of specimen
illumination. The most efficient system of illumination,
both in transmitted light and in reflected light, was
introduced by August Köhler (1866–1948) in 1893. Un-
fortunately, unstained cells and tissues are ‘‘transparent’’
to light. The differences in optical density between a
biological specimen and the background and among the
different parts of the same specimen are insignificant;
therefore, the very poor absorption of light does not allow
the formation of an image that is contrasted enough. A
good improvement can be obtained with darkfield illumi-
nation. Blocking the light directly incident onto the speci-
men and allowing only the illumination by oblique light,
bright images on a dark background can be obtained.

Frits Zernike (1888–1966) studied the possibility of
taking advantage of the phase differences created among
the light rays refracted from different parts of the speci-
men having a different refractive index and thickness. As
a result of the slower speed of light in media with higher n,
refracted light is retarded about one-quarter wavelength
compared with the undeflected light. In 1938, Zernike
built the first phase contrast microscope, designed to make
visible differences in phase or optical path in transparent
media, Which is achieved by speeding up or slowing down
the undeflected light of one-quarter wavelength, to obtain
a phase difference with the refracted light of half a
wavelength or zero wavelength. In these conditions, direct
and refracted light interfere destructively or construc-
tively at the eyepiece image plane (positive- or negative-
phase contrast), converting differences of phase among
rays coming from different points of the specimen into
differences of amplitude, which can be visualized as
differences in image contrast. Essential elements of a
phase contrast microscope are an annular diaphragm in
the front focal plane of the substage condenser and a
phase plate, or ‘‘phase shifter’’, at the rear focal plane of
the objective.

Another very efficient design for the enhancement of
contrast in transparent specimens is the differential inter-
ference contrast (DIC). Light beams incident on the speci-

Focal points

W
hi

te
 li

gh
t

Figure 5. Chromatic aberration. The refraction index n depends
inversely on the wavelength of incident light; therefore, thin
lenses bend light differently as a function of wavelength. Lenses
like the one shown in the figure will not image light of different
color in exactly the same place because short (blue appearing)
wavelengths are refracted more than long (red appearing) wave-
lengths. The different color components of white light are focused
at different points on the optical axis (dispersion of glass).
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men are first polarized then splitted in an ordinary and an
extraordinary ray by a birefringent Wollaston prism,
modified by the French scientist Georges Nomarski (con-
figuration called also Nomarski optics). Both rays pass
through the specimen in very near regions, experiencing
variations of their optical paths because of differences of
refractive index and thickness. Modified rays are recom-
bined by a second Wollaston prism and analyzed by a
second polarizer. Light beams then interfere both con-
structively and destructively at the eyepiece image plane,
showing details of the specimen having a different thick-
ness as a separation between different colors. The overall
effect is a pseudo-3-D image of the biological specimen.

6. FLUORESCENCE MICROSCOPY

Fluorescence is the emission of radiation in the visible
range of the electromagnetic spectrum, by some materials
stimulated by the absorption of another electromagnetic
radiation having higher energy. Materials experiencing
fluorescence are called fluorophores or fluorochromes and
are characterized by an excitation and an emission spec-
trum (Fig. 6). Fluorescent dyes can be used to stain tissues
and cells to highlight interesting details.

The fluorescence microscope is a modification of the
compound optical microscope, arranged to admit light of a
selected wavelength to the stained specimen and to image
it through the light emitted by the fluorescent dyes. The
light source of a fluorescent microscope is a gas-vapor arc
lamp, using either a discrete (Mercury) or a continuous
(Xenon) light-emission spectrum. Continuous- or pulsed-
light-emitting lasers are now used in modern fluorescence
microscopy tecniques, as confocal laser-scanning micro-
scopy and multi-photon excitation microscopy. In the most
common configuration (epifluorescence microscope), the
excitation wavelength, selected by an excitation filter, is
reflected by a suitable dichroic mirror (dichromatic beam
splitter), reaching the specimen through the objective. A
careful regulation of excitation intensity helps to avoid
extinction of the fluorophore emission (photobleaching).
The fluorescence light emitted by the fluorescent dyes is
collected back by the objective, transmitted by the dichroic
mirror, selected from undesired wavelengths by an emis-
sion filter (stop filter), and finally focalized at the eyepiece
image plane (Fig. 7).

Thanks to the very fast growth of the number and type
of fluorescent dyes, fluorescence microscopy is currently
the most used microscopic technique for biomedical appli-
cations. Fluorescent dyes may be roughly divided in
morphological dyes, mainly addressed to evidence struc-
tural details of biological structures, and functional dyes,
mainly addressed to reveal or measure physiological
processes in tissues and cells in vivo. Modern fluorescence
microscopes allow one to stain cells with many types of
fluorescent dyes simultaneously.

7. ADVANCED TECHNIQUES IN FLUORESCENCE
MICROSCOPY

In recent decades, some advanced techniques in fluores-
cence microscopy have been demonstrated to be specially
suitable for biomedical applications. These techniques
have been further strengthened and improved with the
coming of confocal laser-scanning microscopy and multi-
photon excitation microscopy.

7.1. Fluorescence Resonance Energy Transfer (FRET)

Fluorescence resonance energy transfer is a quantum-
mechanical process described over 50 years ago by Theo-
dor Förster (1). FRET is a distance-dependent dipole-
dipole interaction between neighboring fluorophores, con-
sisting in a nonradiative transfer of the excitation energy
of the donor molecule to the ground state of an acceptor
fluorophore. In the presence of FRET, excitation of the
donor molecule will produce both quenching of the donor
fluorescence and emission of light at the acceptor wave-
length. FRET efficiency depends on the inverse sixth
power of the donor-acceptor distance, making it suitable
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Figure 6. An example of a fluorescent molecule. In the upper
part of the figure, the structure of Fluorescein (C20H12O5), is
shown a molecule that exhibits intense yellow-green fluorescence
in highly diluted solutions and is used, conjugated to antibodies,
in biology and in medicine for diagnostic purposes. The normal-
ized fluorescence excitation and emission spectra are shown in
the lower part of the figure. The light absorption properties of a
molecule are shaped by both the number of aromatic rings and the
number of double bonds.
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for investigating biological phenomena over distances on
the order of the size of a typical protein. In a certain sense,
FRET imaging may override the resolution limits of
optical microscopy in applications like structure, confor-
mational shifts, binding, colocalization, interactions be-
tween proteins, nucleic acids, and other biological
macromolecules.

Three main conditions are required for an optimal
energy transfer. (1) Donor emission spectrum and acceptor
absorption spectrum should substantially overlap. The
common spectral area, spectral overlap integral, must be
at least 30% of the total. (2) The distance between donor
and acceptor molecules should typically range from 10 to
100 Å. (3) The donor and acceptor transition dipoles must
be in the proper orientation with respect to one another
(Fig. 8).

7.2. Fluorescence Lifetime Imaging (FLIM)

In the absence of molecular interactions, every fluorescent
molecule is characterized by a unique duration of the
excited state. Typical fluorescence decays are exponentials
with a time-constant in the order of 10� 9 s. Fluorescence
lifetime is a peculiar property of a fluorophore that, unlike
fluorescence emission intensity, is independent of photo-
bleaching, excitation light intensity, and optical path
length in biological specimens. In FLIM, lifetime, rather
than intensity, of the fluorescence emission is measured
and spatially mapped in tissues and cells.

Fluorescence lifetime may be measured according to
the frequency-domain technique or the time-domain tech-
nique (Fig. 9).

In the time-domain technique, the fluorophore is ex-
cited by a very short pulse of light and the time-course of
the emission intensity is monitored and recorded. Excita-
tion pulses are usually generated by solid-state lasers or
by mode-locked lasers with a pulse duration of a few
hundred picoseconds. The fluorescence image can be
obtained by gated special detectors making use of image-
intensification techniques. The pseudocolor representa-
tion of images at all pixels in the field of view is related
to the fluorescence lifetime across the biological specimen.

In the frequency-domain technique, the specimen is
continuously excited with a sinusoidally modulated laser
light (1–200 megahertz). The fluorescence lifetime can be
measured from the phase shift between the excitation and
the fluorescence and from the reduced emission amplitude
modulated at the same frequency of excitation.

The lifetime of fluorescence emission is environmen-
tally sensitive. Imaging using fluorescence lifetimes may
provide information about functional properties of biolo-
gical samples under investigation. Modifications induced
by the environment in fluorescence lifetimes of fluoro-
phores used as remote sensors allow one to measure ion
concentrations (mainly oxygen, hydrogen, and calcium),

10÷100Å

> 100 Å

h�em

h�em

h�emh�exh�ex

h�ex

AcceptorDonor

Donor Acceptor

FRET

Figure 8. Fluorescence resonance energy transfer. The upper
part of the figure shows the excitation and emission spectra of
donor and acceptor molecules. Donor emission spectrum and
acceptor excitation spectrum are partially overlapped (dashed
area). When the intermolecular distance is larger than 100 Å, the
fluorescence properties of both molecules are not affected. As
shown in the lower part of the figure, for intermolecular distances
shorter than 100 Å, the excitation energy of donor is transferred
to the acceptor. The donor decays to the ground state through a
nonradiative energy loss and the excited acceptor through fluor-
escence emission. The common spectral area (spectral overlap
integral), shown in black in the figure, must be at least 30% of the
total. The donor and acceptor transition dipoles (white arrows)
must be in the proper orientation with respect to one another.

Emission
filter

Arc
lamp

Excitation
filter

Dichroic
mirror

Epifluorescence
box

Specimen

Eyepiece

Objective

Figure 7. Schematic drawing of a conventional epifluorescence
microscope. The excitation filter selects the wanted wavelength
from the different color components of the light generated by the
gas-vapor arc lamp. Light, reflected by an appropriate dichroic
mirror, hits the fluorescent specimen passing through the objec-
tive. Light emitted by the fluorescent dyes is collected back by the
objective, transmitted by the dichroic mirror, selected from un-
desired wavelengths by the emission filter, and finally focalized at
the eyepiece image plane. In most epifluorescence microscopes,
different combinations of excitation filters, dichroic mirrors, and
emission filters are pre-assembled in an epifluorescence box.
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hydrophobic properties, binding, and interactions among
macromolecules in living cells.

7.3. Fluorescence Recovery After Photobleaching (FRAP)

Fluorescence recovery after photobleaching is a technique
suitable for investigating the mobility of fluorescent mo-
lecules in living cells. Thanks to the introduction of green
fluorescent proteins and other cell-labeling techniques,
FRAP, born in the late 1970s to study viscosity of biologi-
cal membranes and diffusional properties of molecules in
lipid bilayers, is now a very popular modern imaging
technique. In a FRAP experiment, a brief intense light
pulse from a laser is used to irreversibly bleach fluoro-
phores in a limited volume of a biological sample. If
fluorescent molecules in the neighboring areas are almost
partially mobile, fluorophores repopulate the bleached
volume that regains a fluorescence signal (Fig. 10). From
the time-course and the extent of recovery of fluorescence
intensity in the bleached volume, the translational diffu-
sion coefficient and the mobile fraction offluorophores may
be calculated. In a related bleaching technique, named
fluorescence loss in photobleaching (FLIP), a volume
within the cell is subjected to repeated photobleaching,

which will result in a reduction of the fluorescent signal
from neighboring areas if the fluorescent molecules may
diffuse through the bleached volume. The rate at which
fluorescence is lost provides an indication of the mobility
of fluorophores.

The algorithm, originally proposed by Axelrod et al. (2)
to solve the two-dimensional diffusion problems in biolo-
gical membranes, was shown insufficient for three-dimen-
sional molecular diffusion. Now, many different
approaches allow one to identify and quantify three-
dimensional diffusive phenomena in living cells, like
motility of proteins and other macromolecules in cyto-
plasm, nucleus, and organelles or cytoskeletal dynamics.

7.4. Total Internal Reflection Fluorescence Microscopy
ðTIRFMÞ

According to Snell law, a light beam propagating from a
medium of higher index of refraction n1 to a medium of
lower index of refraction n2 does not undergo refraction if
y1 4 yc ¼ sin�1 (n2 / n1). yc is called critical angle, and for
incident angles 4 yc the light beam is totally reflected. In
a biological specimen, light crosses the interface between
the glass coverslip and the aqueous medium being re-
fracted and reflected as a function of the incident angle yg.
The critical angle is yc(g-w) ¼ sin� 1 (nw / ng), where nw D
1.33 and ng D 1.52. If yg 4yc(g-w), light is totally reflected
from the glass/water interface, rather than passing
through.

Although the light is totally reflected, a portion of the
incident energy, named evanescent wave, penetrates
through the interface and propagates in the aqueous
medium. The intensity of this electromagnetic field decays
very rapidly with the distance z from the interface,
according to I(z) ¼ I(0)e� z/d, where d is a factor depen-
dent on the beam wavelength, the refraction indices and
the incident angle. The evanescent wave propagates in the
aqueous medium only for less than 200 nanometers,
however, having the same wavelength of the incident
light, it is able to excite fluorophores in a very thin region
of the biological specimen facing the interface.

This phenomenon is the physical foundation of the total
internal reflection fluorescence microscopy (Fig. 11), a
technique mainly used to observe fluorescence of mole-
cules placed very near to the cell surface, and allowing to
study, for instance, the cell-substrate contact, the adsorp-
tion of macromolecules to surfaces, and different cell-
membrane processes. The main advantage of this techni-
que is a result of the exponential decay of the evanescent
wave, which prevents the excitation of fluorescence from
outside the focal plane, which allows one to focus on an
optical section about five times thinner than optical sec-
tions achieved with confocal microscopy, by far improving
both the signal-to-noise ratio and the spatial resolution.

Many different optical configurations have been de-
signed to realize TIRFM with a conventional epifluores-
cence microscope. They can be roughly divided in two
main groups. The first group makes use of an added prism
to direct a laser beam toward the glass/water interface
with an angle wider than the critical angle. The second
group uses immersion objectives with a very high numer-

Frequency domain

Modulated excitation
Imax (exc)
Imax (em)

Fluorescence emission

Fluorescence emission

Time

Time

Excitation pulse
I(0)

I(0)/e

I(t) = I(0)e−t/�

Φ

Time domain

t=0 t=τ

Figure 9. Fluorescence lifetime imaging. In the time-domain
technique, fluorophores are excited at t ¼ 0 by a very short light
pulse (green area). The gradual decay of fluorescence intensity
with time (red curve) can be fitted by a single-exponential
function, according to I(t)¼ I(0) exp (� t/t), where t is the
fluorescence lifetime. In the frequency-domain technique, fluor-
ophores are continuously excited with a sinusoidally modulated
light (green curve). The emitted fluorescence (red curve) shows a
similar waveform, but is modulated in amplitude and phase-
shifted of an angle F from the excitation curve. Both amplitude
modulation and phase-shift depend on the fluorescence emission
lifetime t.
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ical aperture to both direct illumination to the interface at
supercritical angles and capture the emitted fluorescence.

7.4.1. Detection of Microscopic Images. For several dec-
ades, detection of microscopic images has been committed

to ordinary photographic cameras using emulsion-based
films as storage medium. Thanks to the rapid improve-
ment of photographic technology, in the last twenty years
electronic imaging has gradually replaced conventional
photomicrography. Initially, cameras were video rate cam-
eras. This type of camera makes use of light detectors
based on vacuum-tube technology and generates an ana-
log output signal that conforms to the industry standards
RS-170, PAL, RGB, NTSC, etc. The electrical signal is
usually recorded into analog signal storage devices as
video recorders; however, to be sent to a computer for
image analysis, it must be digitized by a frame grabber.
Actually, vacuum-tube-based detectors (photomultipliers)
are used only in laser-scanning microscopy techniques. In
recent years, video rate cameras have been replaced by
cameras using a solid-state detector whose output is
already a digital signal. Solid-state detectors are two-
dimensional arrays of photodiodes mainly manufactured
according to CCD (charge-coupled device) or CMOS (com-
plimentary metal-oxide semiconductor) technology.

High-level performance is expected from scientific-
grade digital cameras, but the device properties heavily
affect its price. According to the application of interest, a
few main features must be considered. (1) Resolution,
which mainly depends on the cross-sectional illuminated
area of every photodiode (pixel). Smaller pixels and the
resulting higher pixel density in the array grant better
resolution. (2) Sensitivity is affected by the exposure time,
the pixel area, and the quantum efficiency of the CCD.
Many different strategies have been applied to maximize
sensitivity (back-illuminated cameras, intensified cam-
eras, etc.). (3) Signal-to-noise ratio, the main source of
noise in a digital camera is the readout noise, dependent
on the CCD manufacturing, the electronics of the device,
and the readout speed. The effect of thermal noise can be
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Figure 10. Fluorescence recovery after photo-
bleaching. Graphical presentation of a FRAP
experiment. A cell and the value of fluorescence
intensity (fluorescence baseline) emitted before
photobleaching is shown in the left side of the
figure (basal). The fluorescence intensity of a
region into the cell is significantly reduced by a
very strong excitation (bleach). The fluorescence
intensity in the photobleached area increases
over time as unbleached molecules diffuse into
this area (recovery). The fluorescence intensity
almost never recovers to the baseline, the differ-
ence caused by a fraction of immobile fluorescent
molecules. The lateral mobility is determined by
the slope of the curve; the steeper the curve, the
faster the recovery and, therefore, the more
mobile the molecules.
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Figure 11. Total internal reflection microscopy. Schematic draw-
ing of an excitation beam incident at a critical angle on the
interface between a glass slide and an aqueous medium. Arrows
show the direction of the beam. The light is totally reflected at the
interface whereas the evanescent wave extends into the z direc-
tion. The intensity of evanescent wave decreases exponentially
with the distance d according to I(d) ¼ I(0) exp (�d/h). Fluor-
ophores near the glass interface are excited by the evanescent
wave and emit fluorescence (dark green spheres). The intensity of
emitted fluorescence decreases with the intensity of the exciting
evanescent wave (pale green spheres) and disappears in about
200 nanometers.
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reduced by cooling the camera. (4) Dynamic range is the
ratio between the maximum light intensity observable
without saturation of the CCD and the noise level, and
is affected by pixel size and device architecture. The
dynamic range influences the number of gray or color
values that can be measured and digitized; typically, an 8-
bit (256 levels) or 12-bit (4096) digital representation is
adopted.
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1. INTRODUCTION

Optoelectronics embodies a broad range of scientific and
technological knowledge and enables the design and ap-
plication of devices with both optical and electronic inputs
and outputs. Accordingly, optoelectronic devices operate in
a greater variety of modes and are more functional than
their purely electronic counterparts. This rich variety of
operational modes has had an enormous positive influence
on lightwave communication systems, on devices for light-
to-electric energy conversion, and on optoelectronics-
based switching and logic elements. These devices also
underlie many innovations such as bar-code pricing, laser
printers, laser readers, etc. Optoelectronic devices have
unique abilities to monitor the amplitudes and temporal
characteristics of radiation in the ultraviolet (UV), visible,
and infrared (IR) regions of the electromagnetic spectrum.
Moreover, optoelectronic devices are capable of producing
radiation spanning the UV, visible, and IR spectra at ever-
increasing power levels and with temporal characteristics
that may be controlled with sub-nanosecond precision.
These novel capabilities and expanded levels of function-
ality will continue to open many avenues for biomedical
applications, thereby expanding the list of current appli-
cations such as laser surgery. In many cases, the optical
properties of these devices are determined by the electro-
nic properties of the materials used in the construction of
the active components of an optoelectronic device or
system. Optoelectronic devices span the range from simple
devices, such as a detector of light based on the photo-
electric effect discovered by Albert Einstein (1879–1955) in
1905, to modern monolithically integrated semiconductor
heterostructure devices incorporating miniature lasers,
photodiodes, and electronic components, such as ampli-
fiers, all grown on the same semiconductor substrate.
These devices generally function for the purpose of or by
employing techniques for the processing of optical and
electronic signals. The variety of optoelectronic devices
has increased enormously in the last few decades because
of advances in the materials science underlying the
growth, fabrication, and production of components for
optoelectronic devices and systems. The rich and growing
diversity of optoelectronic devices is making possible
continuously expanding applications of optoelectronics in
biomedical engineering.

2. FOUNDATIONS OF OPTOELECTRONICS

The photoelectric effect underlies the operation of a simple
device that is the forerunner of a class of modern optoe-
lectronic devices. According to Einstein’s 1905 theory of
the photoelectric effect, when light of energy hn is incident

on a material with electrons having a binding energy, Eb,
electrons are given off with a maximum energy, E, given
by,

E¼hn� Eb;

where h is Planck’s constant—6.626� 10� 34 Joule-sec-
ond—and n is the frequency of the light. The electrons
emitted as a result of the absorption of photons of energy,
hn, produce an electric current. Thus, illuminating the
material with a stream of photons produces an electric
current. Hence, the photoelectric effect provides the basis
of a simple device exhibiting a basic property of an
optoelectronic device—an electronic device having an
optical input or output. Optoelectronic devices based on
principles building on the photoelectric effect include
devices, known as photodetectors, that are used to detect
or characterize radiation and devices, known as solar cells,
used to produce electrical energy. In the inverse photo-
electric effect, charges with sufficiently high energy,
E4Eb, may emit radiation of energy hn¼E�Eb. Optoe-
lectronic devices based on extensions of the principles
underlying the inverse photoelectric effect include light-
emitting diodes (LEDs) and current-pumped lasers.

Modern optoelectronic devices combine electronic and
optical functions in a rich variety of forms. The maturation
of many classes of such optoelectronic devices has its
origin in three major scientific developments of the last
150 years: the formulation of Maxwell’s equations of
electromagnetism (1), the discovery and applications of
quantum mechanics (2), and solid-state physics (3–5).
Maxwell’s equations (James Clerk Maxwell, 1831–1879)
describe electric and magnetic fields and their relations to
charges and currents, as well as electromagnetic modes
and the propagation of electromagnetic disturbances.
Quantum mechanics and solid-state physics provide the
basis for describing the electronic energy levels and
electronic bands in solids, the dielectric properties of
solids, and the absorption and emission of photons from
the charges in their solids. The design of optoelectronic
devices relies on the use of all three of these major
scientific developments. Indeed, the frontier of optoelec-
tronics is still advancing because of the continuing study
of the novel electronic and optical properties of nanoscale
semiconductors known as nanostructures, including
quantum wells, quantum wires, and quantum dots.

3. OPTOELECTRONIC SEMICONDUCTOR DEVICES

Many optoelectronic devices are based on the use of a
semiconductor diode. These devices include photodetec-
tors, devices that convert incident light energy to an
electric current, commonly referred to as solar cells, and
LEDs. The conventional semiconductor diode is formed in
a semiconductor at the junction between regions of p-type
and n-type doping. In order to understand how such a
junction is useful as an optoelectronic diode, it is neces-
sary to consider the properties of a semiconductor.

The electronic and optical properties of semiconductors
make them useful in a wide range of optoelectronic
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devices. As depicted in Fig. 1, a key physical characteristic
of a pure, defect-free semiconductor is that it exhibits a
gap in energy, Egap—between the top of a band of energy
states known as the valence band and the bottom of a band
of energy states known as the conduction band—where no
states exist. In the ideal limit of perfect crystal lattice with
no defects or impurities and in the absence of thermal
excitation of electrons from the valence band to the
conduction band, the conduction band is empty and the
valence band is full.

In a one-dimensional model of a semiconductor, the
lowest energy in the conduction band is denoted by Ec(x)
and the highest energy in the valence band by Ev(x). In the
absence of external fields, or potentials, the electronic
bandstructure is the same at each point in the semicon-
ductor. Thus, in the absence of an electric field, Ec(x) and
Ev(x) do not depend on x, as shown in Fig. 1; that is, Ec(x)
¼Ec¼a constant and Ev(x)¼Ev¼ a constant. Potential
energy is always specified relative to some arbitrary
reference energy. Accordingly, the potential energy of an
electron may be taken as the difference between Ec and
some lower arbitrarily chosen reference level of energy,
Eref, P.E.(x)¼Ec(x)�Eref. This potential energy of the
electron is also equal to –qV, where V is the electrostatic
potential and q is the magnitude of the elemental charge,
1.6�10�19 Coulomb. In the presence of an x-directed
gradient in V, the electric field, E, must be given by E¼
�dV/dx, and it follows that E¼ (1/q) dEc(x)/dx because
Eref does not vary with position. Consistent with the
definition of P.E.(x), the kinetic energy of an electron in
the conduction band at position x, K.E.(x), may be mea-
sured relative to the bottom of the conduction band at x.
Physically, if an electric field is directed in the x direction,
the field will do work on the electron in the amount of –
qEx, where x, the distance traversed by the electron, is
measured from the initial position of the electron. Hence,
the ‘‘band-bending’’ relation dEc(x)/dx¼ qE reflects the
fact that the electrons gain energy as they accelerate in
the field, E. For a negatively directed electric field E¼
�nx|E|—where nx is a unit vector in the x direction—the
electron is accelerated to the right and, as depicted in Fig.
2, the negative quantity dEc(x)/dx leads to increasing

electron kinetic energy as the electron moves to the right.
In this case, an electron originating from position x1 will
gain kinetic energy in the amount KE¼ � (x2� x1) dEc(x)/
dx in being accelerated from x1 to x2 as indicated in Fig. 2.
The change in the kinetic energy is, of course, equal to
� qE(x2� x1), which is exactly the energy gained by the
electron as a result of its being accelerated by the force
� qE over the distance (x2� x1).

4. OPTOELECTRONIC PHOTOABSORPTION AND
EMISSION ENERGIES: ROLE OF SEMICONDUCTOR
BANDGAP

When light of energy, hn, is incident on a semiconductor,
electrons (in the nearly full valence band) are available to
absorb a photon of light with energy hn. If an available
energy state exists in the conduction band with an energy
equal to the initial energy of the electron in the valence
band plus the energy hn, then the electron may absorb the
photon and make a transition from its initial state to a
final state in the conduction band, provided the momen-
tum of the electron in the final state is equal to momentum
of the electron in the initial state plus the momentum of
the photon (which is generally small relative to the
momentum of the electron). In this case, the electron
will fill the conduction band state and a vacancy will be
left in the valence band where the electron resided before
it made its transition to the conduction band. This process
is illustrated in Fig. 3. This process is referred to fre-
quently as electron-hole production because of photoab-
sorption. It bears some features in common with the
photoelectric effect first discussed by Einstein. In the
case of the photoelectric effect, the absorption of the
photon liberates the electron from the material and the
electron is ‘‘free’’ to propagate outside the material. In the
case of the semiconductor, the electron also gains energy
from the photon but, for the case shown in Fig. 3, it
remains in the conduction band of the material where it
may propagate with an effective mass, me*, and contribute
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} Egap

X

Figure 1. Semiconductor with a bandgap region, Egap, having no
energy states; the bandgap separates the conduction band of
states and the valence band of states.
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Figure 2. Bandbending because of a constant electric field, E,
directed in the negative x direction.
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to an electric current. (If the incident photon has an even
larger energy than that depicted in Fig. 3, it may be
liberated from the semiconductor just as in the photo-
electric effect.) Finally, an inverse process of electron-hole
production exists because of photoabsorption; namely, an
electron in the conduction band may emit a photon and fill
a state occupied by a hole in the valence band. Of course,
energy and momentum must be conserved for the inverse
process.

Electron transitions between initial and final states in
semiconductor-based optoelectronic devices between the
valence band and the conduction band generally involve
emission and absorption of photons with energies, hn, of
the order of Egap or greater:

hn � Egap:

As light of wavelength, l, has a frequency, n, given by, n¼
c/l, where c is the speed of light, it follows that
hc=l � Egap. Expressing Egap in electron volts (eV), where
one eV is equal to 1.6� 10�19 Joules, and l in micro-
meters, this last condition may be written as,

1:24=lðmmÞ � EgapðeVÞ:

In Fig. 4, the bandgap energies for selected semiconduc-
tors are summarized along with the wavelengths asso-
ciated with EgapðeVÞ, 1:24=lðmmÞ � EgapðeVÞ.

These semiconductors have bandgaps spanning the UV,
visible, and IR regions of the spectrum. Moreover, with
narrow-gap semiconductors such as mercury cadmium
telluride, HgxCd1� xTe, it is possible to obtain values of
Egap such that l(mm) is approximately 10 mm correspond-
ing to the far IR portion of the spectrum. Hence, optoelec-
tronic devices with optical inputs and outputs spanning
broad segments of the UV, visible, and IR portions of the
spectrum are realizable using different semiconductors to
construct the optoelectronic devices.

5. OPERATIONAL CONCEPTS FOR OPTOELECTRONIC
DIODE

An optoelectronic diode fabricated by doping adjacent
regions of a semiconductor with p-type dopants of density
NA (number of dopants/cm3) and n-type dopants of density
ND is depicted in Fig. 5. As depicted in Fig. 5a, the p-type
dopants contribute mobile positive holes to the semicon-
ductor and immobile negative ions of density NA in the p-
type region. The n-type dopants contribute mobile nega-
tive electrons to the semiconductor and immobile positive
ions of density ND in the n-type region. In the region near
the junction, holes diffuse to the left in an attempt to
reduce the concentration gradient of holes in accord with
Fick’s law, and they leave behind uncompensated nega-
tively charged acceptors of density NA. Likewise, in the
region near the junction, electrons diffuse to the right in
an attempt to reduce the concentration gradient of elec-
trons in accord with Fick’s law, and they leave behind
uncompensated positively charged donors of density ND.
The diffusion of these mobile charge carriers produces an
electric field directed in the �nx direction. This field
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} Egap

X
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hole

Figure 3. Photon absorption by an electron in the valence band
causes the electron to make a transition to an available state in
the initial position of the electron, provided both energy and
momentum are conserved in the process.
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causes the carriers to drift in the opposite direction of the
diffusion. When these drift and diffusion currents cancel,
the junction is in equilibrium and an electric field (pro-
duced by the ionized donors, ND

þ , and acceptors, NA
� , near

the junction as depicted in Fig. 5a) exists in the region of
the junction as depicted in Fig. 5b. This electric field
necessarily produces a ‘‘built in’’ potential offset, Vbi,
between the left and the right sides of the junction. Figure
6 depicts a representative band-bending profile for such a
junction.

For the case where an additional applied positive
potential, VApp, is present across the diode, one may solve
Poisson’s equation that relates the charges, qND

þ and
� qNA

� , to the resulting electric field, E. Poisson’s equa-
tion is one of the four celebrated equations of Maxwell (1).
Poisson’s equation is = �E¼ r/Kseo, where = is the diver-
gence operator, E is the electric field, r is the charge
density (r¼ qND

þ between x¼ 0 and x¼xn; r¼ �qNA
�

between x¼ 0 and x¼ � xp), Ks is the relative dielectric
constant (11.8 for silicon), and e0 is the dielectric constant
of free space (8.85� 10� 12 Farad/meter). The solution to
Poisson’s equation for constant doping levels (ND – con-
stant for x40 and NA¼ constant for xo0) can be easily
found in many excellent texts dealing with solid-state
electronics and optoelectronics (3,4,6). Specifically, for

the case where VApp¼ 0,

EðxÞ¼ � ðqN�A=Kse0Þðxpþ xÞ � xp � x � 0;

EðxÞ¼ � ðqNþD =Kse0Þðxn � xÞ 0 � x � xn;

VðxÞ ¼ ðqN�A=2Kse0Þðxpþ xÞ2 � xp � x � 0;

VðxÞ¼Vbi � ðqN
þ
D =2Kse0Þðxn � xÞ2 0 � x � xn;

xp¼ ½ð2Kse0=qÞðN
þ

D =ðN�AðN
�
A þNþD ÞÞVbi�

1=2;

xn¼ ½ð2Kse0=qÞðN
�

A=ðN
þ

D ðN
�
A þNþD ÞÞVbi�

1=2;

Vbi¼ ðkBT=qÞlnðN
�

AN
þ
D =n2

i Þ;

where kB is Boltzmann’s constant, kBT/q¼ 25.9� 10�3

Volt at room temperature, and ni is the temperature-
dependent intrinsic density of carriers for the semicon-
ductor in question. When VApp a0, these results must be
modified by making the replacement Vbi-Vbi�VApp. For
large applied reverse biases, defined by VAppo0 and
|VApp|cVbi, the charge carriers gain enough energy,
because of the electric field, for the electron scattering to
cause electrons in the valence band to be excited to the
conduction band. For large enough biases, this process
repeats many times with the consequent increase of the
number of electron-hole pairs in the active region of the
device. This mode of operation is known as the avalanche
mode, and it leads to multiplication of the carrier pairs for
large enough reverse bias.

In an approximation known as the ideal diode approx-
imation, the current flowing through such a junction as a
function of VApp is given by,

I¼ qAn2
i ½ðDN=tNÞ

1=2=N�A þ ðDP=tPÞ
1=2=NþD �ðe

qVApp=kBT � 1Þ;

where A is the area of the diode, DN and tN are the
diffusion coefficient (cm2/Volt-second) and the recombina-
tion time (second), respectively, for the electrons in the p-
type region, and DP and tP are the diffusion coefficient
(cm2/Volt-second) and the recombination time (second),
respectively, for the holes in the n-type region. For VApp
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Figure 5. (a) Semiconductor doped on its left side with NA p-type
dopants per cm3, and on the right side with ND n-type dopants per
cm3. (b) Bandbending near the junction between the p-type and n-
type doping.
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Figure 6. Band-bending profile illustrating the built-in poten-
tial, Vbi, and the region of bandbending, �xp � x � xn.
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¼ 0, no current through the diode exists because the
diffusion and drift currents cancel when the diode is in
equilibrium. When VAppa0, the diode is no longer in
equilibrium as a result of the applied potential, and a
current through the diode exists. In case of a positive
applied voltage, a forward bias, the current scales expo-
nentially for VAppckBT/q. When there is a large enough
negative bias, the current saturates to � qAni

2[(DN/tN)
1/2/

NA
�
þ (DP/tP)

1/2/ND
þ ].

If the diode is illuminated with light of sufficient
energy, hn, to produce electron-hole pairs because of
photoabsorption, the photo-produced electrons and holes
contribute to an additional current, Ihn, passing through
the diode. This situation is depicted in Fig. 7.

In this case, the total current through the junction is
the sum of the current flowing through the junction at a
given value of VApp in the absence of light, Idark, plus the
current produced by the photogenerated electrons and
holes, Ihn:

Itotal¼ Idarkþ Ihn;

where

Idark¼ qAn2
i ½ðDN=tNÞ

1=2=N�A þ ðDP=tPÞ
1=2=NþD �

� ðeqVApp=kBT � 1Þ:

These results describe the operation of a p-n diode as an
optoelectronic device operating in the mode of a photo-
detector. Specifically, when light is incident on the diode,
the current through the diode increases as a result of
photo-produced electron-hole pairs. Hence, the simple
model present herein describes a device exhibiting one of
the main characteristics of an optoelectronic diode: An
optical input (or output) modifies the electrical character-
istics of the device.

In many applications of optoelectronic diodes, it is
desirable to introduce an undoped layer, an i-layer, be-
tween the p-doped and n-doped sides of the diode. Con-

sider such a p-i-n diode with an i-layer of thickness, Li.
The time required for carriers moving at a typical velocity
of carriers in a semiconductor, vcarriers¼ 5�106 cm/sec, to
cross an i-layer with a thickness of 10 mm is tiBLi/vcar-
riersB10 mm/5� 10

6 cm/secB0.2 nanosecond. If the voltage
across the junction is modulated as a function of time,
there will be a corresponding modulation of the current
collected across the diode; however, the current modula-
tion will lag the voltage modulation by approximately ti.
The highest possible modulation frequency in such a
scenario will be fmodulation � 1=ðLi=vcarriersÞ¼
5� 109 cycles=second¼ 5GHz. By changing the thickness
of the i-layer, Li, it is possible to control the modulation
frequency. As the absorption depth, Labs(l), depends on
the wavelength of the light, l, and the type of semicon-
ductor used to fabricate the p-i-n diode, the use of an i-
layer also facilitates tuning the efficiency with which
photons are absorbed in the p-i-n diode.

The simple p-n junction diode discussed previously also
allows us to understand the operation of another principal
class of optoelectronic devices: the LED. In the ideal diode
approximation, the recombination and generation of car-
riers are neglected in the region �xp � x � xn. This as-
sumption facilitates the derivation of Idark, but it ignores
an essential phenomenon underlying the operation of
LEDs. Namely, excess carriers injected into the region
�xp � x � xn do, in fact, undergo recombination for a wide
variety of semiconductors and for easily achievable device
parameters. Consider a p-n junction that is biased in the
forward direction, as depicted in Fig. 8.

When a forward bias is applied, Vbi–VApp is reduced and
the potential barriers for electron propagating to the left
and holes propagating to the right are thereby reduced. As
a result of the reduced barriers, additional electrons and
holes enter the vicinity of the region �xp � x � xn where
some fraction of them recombine and produce light. The
light from this recombination is emitted. In this mode of
operation, the p-n diode functions as a LED. In many
applications of LEDs, it is desirable to produce as many of
the photons as possible from the injected electrons. A
useful measure of the efficiency is the internal quantum
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Figure 7. Photogenerated electrons and holes are swept across
the junction as a result of the electric field near the junction.
These mobile photo-produced carriers give rise to a current. In
this mode, the junction functions as a photodetector.
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Figure 8. For a forward bias, Vbi–VApp is reduced and the
potential barriers for electron propagating to the left and holes
propagating to the right are reduced. As a result of the reduced
barriers, additional electrons and holes enter the vicinity of the
region �xp � x � xn where some fraction of them recombine and
produce light.
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efficiency, Zi, defined as the ratio of the number of photons
generated to the number of injected electrons.

6. OPTOELECTRONIC DEVICES FABRICATED FROM
SEMICONDUCTOR HETEROSTRUCTURES

Over the last three decades, the performance character-
istics of a variety of optoelectronic devices have been
improved significantly as a result of using modern semi-
conductor growth techniques that facilitate the growth of
one type of semiconductor in intimate lattice-registered
contact with another type of semiconductor. For example,
on a substrate of gallium arsenide (GaAs), it is possible to
grow AlyGa1� yAs; the value of y in this expression
determines the relative abundances of Al and Ga. As an
example, let us consider y¼ 0.25. In addition, because Al
and Ga are in column III of the periodic table and As is in
column V of the periodic table, the sum of the Al and Ga
atoms in a crystal must equal the number of As atoms in
the crystal. Thus, Al0.25Ga0.75As is a crystal with one Al
atom and three Ga atoms for every four As atoms. More-
over, the lattice constant for AlAs is practically the same
as that for GaAs. Thus, Al0.25Ga0.75As and GaAs have
nearly identical lattice constants and, consequently, a
layer of Al0.25Ga0.75As grown on GaAs will be lattice
matched. The interface between the GaAs and the Al0.25-
Ga0.75As is known as a heterointerface, and a structure
with one or more layers of GaAs grown in intimate contact
with one or more layers of Al0.25Ga0.75As is known as a
heterostructure. At room temperature, Egap for GaAs is
about 1.425 eV, and for AlyGa1� yAs, Egap is given by 1.425
þ 1.247y þ 1.147(y – 0.45)2 (7). The change in the
bandgap at the heterointerface is similar to the change
in Ec(x) and Ev(x) across a p-n junction; but in the former
case, the changes in Ec(x) and Ev(x) are abrupt and occur
in approximately one or two monolayers of atoms. These
abrupt changes have many implications for improved
device performance. As one example, modulation frequen-
cies may be increased because the width of the transition
region can be made substantially shorter. In addition,
many semiconductor lasers fabricated from semiconductor
heterostructures have been demonstrated (3,7); these
semiconductor lasers have emission spectra that are
narrow relative to those of LEDs, and it is possible to
improve these characteristics even more by fabricating the
active regions—regions where gain leading to light ampli-
fication occurs—of these lasers in narrow layers known a
quantum wells (3,7). Indeed, semiconductor heterostruc-
ture lasers with active regions fabricated in the shapes of
wires, known as quantum wires, and spherical or pyrami-
dal regions, known as quantum dots, lead to further
enhancements in the characteristics of the lasers (8). As
an example, In(Ga,Al)As quantum-dot lasers, grown on
GaAs, AlGaAs, and InP substrates, have been demon-
strated to emit over a broad range of frequencies spanning
the range from 600nm to 2mm (3). The advancement of
techniques for growing quantum-well and quantum-dot
lasers directly on a substrate that can also be used for the
growth of electronic devices—including high-performance
heterostructure transistors—has opened a way of fabricat-

ing optoelectronic integrated circuits where light sources
and light detectors are integrated with electronic devices
such as amplifiers. These optoelectronic integrated cir-
cuits demonstrate high levels of performance, consume
relatively low levels of energy because of the nanometer
sizes of active device regions, and facilitate the growth of
compact multifunctional optoelectronic devices because of
their integration on a common substrate (9–11).

Among the technologically proven and commonly used
materials in heterostructure-based optoelectronic devices
are AlyGa1� yAs, InyGa1� yAs, and HgyCd1� yTe. GaAs-
AlyGa1� yAs heterostructures are used widely in semicon-
ductor lasers operating in the red and near-IR regions of
the electromagnetic region of the electromagnetic spec-
trum. These heterostructure devices may be grown on
GaAs substrates. Both heterostructure-based transistors,
known as high-electron mobility transistors, and hetero-
structure-based optoelectronic devices, including photode-
tectors, LEDs, and lasers, may be grow on the same GaAs
substrate. The importance of these and other heterostruc-
ture-based devices is illustrated by the fact that Herbert
Kroemer and Zhores I. Alferov were awarded the Nobel
Prize in Physics in 2000 for pioneering work on hetero-
structure devices. The growth and fabrication of such
heterostructure-based transistors and optoelectronic de-
vices on the same substrate or ‘‘chip’’ facilitates the
integration of heterostructure devices in circuits that
perform both electronic functions and optoelectronic func-
tions. As another example, InyGa1� yAs-based optoelectro-
nic devices are commonly grown on InP substrates, and
they have found widespread use in fiber-optic-based de-
vices, systems, and networks because they produce and
detect radiation in the near-IR region of the electromag-
netic spectrum where optical fibers have the low attenua-
tion coefficients desired for long-distance transmission of
optical signals. In yet another example, HgyCd1� yTe-
based heterostructures have found applications in the
far-IR portion of the electromagnetic spectrum in the
region where wavelengths are in the vicinity of about
10 mm, as mentioned previously.

7. OPTOELECTRONIC DEVICES WITH NANOSCALE
DIMENSIONS

Over the last few decades, semiconductor device fabrica-
tion techniques have made it possible to produce optoelec-
tronic devices with ever-decreasing feature sizes. As the
dimensions of the active regions of these devices decrease,
it is possible to achieve higher time resolution and in-
crease response frequencies. In fact, heterostructure-
based devices with nanoscale features are available com-
mercially. Moreover, a growing variety of prototype optoe-
lectronic devices not based on heterostructure technology
are being demonstrated with nanoscale features. The
metal-semiconductor-metal (MSM) photodetector pro-
vides an example of an optoelectronic device with nanos-
cale feature sizes. In an MSM device, light incident on a
semiconductor produces electron-hole pairs that are col-
lected in biased electrodes in intimate contact with the
semiconductor. For a given bias, holes flow to one electrode
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and electrons are collected at the other electrode. The
spacing between these electrodes determines how fast the
current associated with the photo-produced electrons and
holes are collected. By decreasing the distance between
the electrodes, the time required to collect the photocur-
rent decreases and the response of the detector increases.
As a specific example of an MSM photodetector with
electrodes separated by nanoscale dimensions, consider
GaAs-based and Si-based MSM photodetectors. Chou and
Liu (12) fabricated GaAs and Si MSM photodetectors with
metal electrode spacings and widths as small as 25nm
using ultra-high-resolution electron-beam lithography.
High-speed electrooptic characterization with a 100-fs
pulsed laser showed that the fastest MSM photodetectors
had electrode spacing and width and full width at half
maximum response time, respectively, of 100nm and
1.5 ps for bulk GaAs; and 100nm and 10.7 ps for crystal-
line Si.

8. BIOMEDICAL APPLICATIONS OF OPTOELECTRONIC
DEVICES

Optoelectronic devices are used extensively in biomedical
applications. These wide-ranging applications contribute
significantly to the advancing discipline of biophotonics
(13). As a specific case, photodetectors are used widely in a
great variety of biomedical imaging applications. As re-
cent examples of forefront imaging applications of optoe-
lectronic devices, near-IR fluorescence imaging is used in
cardiac surgery and in targeted gene therapy (14). Com-
mercially available state-of-the-art single-photon detec-
tors are designed for applications requiring ultra-
sensitive light detection such as drug discovery and
DNA sequencing. Photodiodes operating in the avalanche
mode provide a means of greatly enhancing the electron
current produced in single-photon absorption processes.
Arrays of photodiodes are used routinely in biomedical
imaging applications. Fluorescence microscopy has be-
come a principal tool for imaging, detecting, and studying
subcellular structures tagged with dyes or, in recent years,
with colloidal quantum dots that emit radiation with
narrow and symmetric emission patterns (15). Numerous
research groups are exploring the use of photodetectors as
retinal implants that may provide a means of sensing
light. Optoelectronics devices provide critical diagnostic
and excitation capabilities in the fields of proteomics and
genomics. Still other biomedical applications of optoelec-
tronics include tissue engineering with light, laser twee-
zers, and flow cytometry. As an example of a forefront area
of optoelectronics that is changing rapidly, semiconductor
quantum dots emitting in the near-IR portion of the
spectrum have recently been used in sentinel lymph
node mapping (16). The availability of smaller and less
energy-consuming optoelectronic devices is continuing to
stimulate many new biomedical applications of optoelec-

tronics. In particular, the continuing progress in na-
noscience—specifically in nanoelectronics and in
nanoscale semiconductor photoemitters such as quantum
dots—is leading to smaller optoelectronic devices and
circuits that portend greatly expanded use of optoelectro-
nic devices in in vivo imaging and detection applications.
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ORTHOPEDIC BONE CEMENT
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1. INTRODUCTION

Arthritis is a debilitating disease, which poses a major
problem for the aging population and is also known to
afflict the younger generation. Total joint replacement is
often the only course of treatment, which is on the
increase globally, with an additional burden from sports
injury and trauma. Joint replacements can be of the hip,
knee, as well as, shoulder, ankle, elbow, and finger. Total
hip joint replacement (THR) is an orthopedic success story
that has enabled people to live more active lives and have
a better quality of life. Surgeons can replace a dysfunc-
tional joint using metal alloys and polymeric materials,
with a functional, long-lasting prosthesis. Over the last
five decades, numerous advances in the design, construc-
tion, technique, and implantation of artificial hip joints,
have occured resulting in a high percentage of successful
long-term outcomes.

The most common joint to be replaced is the hip. Two
components of the hip joint exist (Fig. 1), (1) the acetab-
ular cup that replaces the hip socket and is generally
made out of ultra-high-molecular-weight polyethylene or
highly cross-linked polyethylene, metals, and ceramics, or
a combination thereof, and (2) metal or ceramic head
attached to a metal stem that is inserted into the femur
to provide stability to the prosthesis.

The components can be placed with or without a
grouting agent, commonly referred to as the bone cement.
Knee joints also come in two forms, an uncemented and
cemented prosthesis. The prosthesis consists mainly of
two parts and is implanted onto the ends of the femur, the
tibia, and the patellar component with or without bone
cement (Fig. 2). Metal implants are generally used on the

femoral end with polymers such as polyethylene on the
tibia and patella surface; however, combinations of metal-
metal, ceramic on ceramic, ceramic on plastics, and so on
are being used.

2. BONE CEMENTS

Self-curing cements have been widely used in dentistry
and orthopedic surgery as filling agents and for fixation of
joint prosthesis. Bone cements are used to fix artificial
joints such as the hip or knee. The cement fills the space
between the implant and the joint and is introduced as a
flowable mix, which hardens with time. A majority of the
prostheses are fixed in place using poly (methylmethacry-
late) (PMMA) bone cement, which acts as a grouting agent
between the implant and bone. The most frequent long-
term complication in hip arthroplasties is loosening of the
joint prostheses. However, the exact cause other than
sepsis is not clear, but in many cases is related to failure
of bone cement.

2.1. History of Bone Cement

Sir John Charnley pioneered one of the greatest surgical
advances of the twentieth century, the modern total hip
arthroplasty. He invented the low-friction hip replacement
in the early 1960s at the Centre for Hip Surgery at
Wrightington, England. The idea of using a PMMA-based
bone cement to anchor hip and knee replacements to bone
were developed by Sir John Charnley and Professor
Dennis Smith in the late 1950s. They coined the term
low-friction arthroplasty to emphasize the small diameter
of the prosthetic head of 22 mm, which is essential to the
underlying theory of the Charnley prosthesis (1).

Acetabular cup
Femoral component

Shell

Figure 1. Ball and socket joint (left) artificial
hip joint (right).

1
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3. CHARACTERISTICS OF PMMA BONE CEMENT

3.1. Introduction

The fixation of total hip replacements (THR) with PMMA
bone cements is currently regarded to be the gold stan-
dard. The main function of the bone cement is to transfer
body weight and service loads from prosthesis to bone and
immediate immobilization of the prosthesis. Commercial
bone cements are supplied as two-component systems,
consisting of a powder and a liquid, which are mixed in
the operating theater during the surgical procedure and
delivered to the implant site. The polymerization reaction
proceeds in situ at room temperature from the liquid state
to the solid state, forming a rigid amorphous polymer. The
quick immobilization of the prosthesis makes this mate-
rial attractive to use not only in orthopedic surgery but
other prosthetic placements. Acrylic bone cement is cur-
rently the most widely used biomaterial for anchoring
cemented arthroplasties to contiguous bone and performs
admirably because of its wide range of properties. PMMA-
based cements are easily moldable, have excellent flow
properties, provide a reasonable working time for sur-
geons, are biocompatible, and possess adequate mechan-
ical strength. PMMA bone cement provides adequate
fixation of the femoral stem for up to 10 to 15 years, but
beyond that time, failure is nearly unavoidable, even
using the latest methods of femoral canal preparation,
cement mixing, and delivery. The bone cement, despite the
numerous advantages, is beset with some well-known
disadvantages (2,3). The reaction is exothermic and gen-
erates temperatures in the range of 661C to 1201C. The
high rise in temperature is often a cause of necrosis,
impairment of blood circulation, and is one of the reasons
for fibrous tissue formation around the bone-cement inter-

face. Methylmethacrylate (MMA) can cause hypotensive
effects that may induce adverse systemic effects if it enters
the blood stream. Unreacted monomer because of incom-
plete polymerization may also cause it to leach in the
surrounding tissues, leading to chemical necrosis.
Furthermore, PMMA is a brittle material with low frac-
ture toughness, poor fatigue life, a mismatch of the
modulus between the cement and the bone, which can
contribute to failure.

3.2. Composition

PMMA bone cement essentially comprises two phases, a
solid and a liquid phase, and the typical components are
shown in Table 1. Bone cement formulations vary widely
in terms of powder composition, for example, methyl-
methacrylate-methylacrylate (MMA-MA) or MMA- ethy-
lacrylate (EA), polystyrene/PMMA copolymers often
replace pure PMMA in some commercial formulations
(4). The liquid phase tends to remain the same in the
different formulations and vary in terms of inclusions such
as chlorophyll or coloring agents.

3.3. Polymerization: The Curing of the Cement

The chemistry of the curing of the acrylic cement is based
on free radical addition polymerization of the MMA mono-
mer. The three main steps are elucidated in the steps
shown below:

3.3.1. Initiation. Free radicals are produced as a result
of the decomposition of the initiator, benzoyl peroxide
(BPO), in presence of a tertiary amine, usually N, N
dimethyl-4-toluidine (DMPT), incorporated within the
liquid phase (Fig. 3).

Patellar
component Femoral

component

P.F.C® sigma RP
Knee system

Patella
button

Femoral
component
Mobile
bearing

Tibial tray
©MMG 2002

©MMG 2003

Tibial
tray

Tibial
bearing

component

Figure 2. The four components of a complete
knee and the p.f.c. Sigma RP knee system with
polyethylene inserts on the bearing surface
that allows the tibial and femoral parts of the
knee to move smoothly (courtesy of DePuy
Orthopaedics, Inc.).

Table 1. The Typical Constituents of Acrylic Bone Cement

Powder Component Liquid Component

Poly(methylmethacrylate) (PMMA) 89% w/w Methylmethacrylate (MMA) 97% v/v

Benzoylperoxide (BPO) 0.75% w/w N,N Dimethyl p-toluidine (DMPT) 2.7% v/v

Radiopacifiers such as zirconia or barium Sulphate Hydroquinone 750 ppm

Coloring additives such as chlorophyll

2 ORTHOPEDIC BONE CEMENT



3.3.2. Propagation. Chain propagation occurs as
methyl methacrylate units add on forming growing
chains, leading to the formation of the polymer.

3.3.3. Termination. Polymerization may cease before
all monomer is used up by different methods either via
the combination or disproportionation of free radicals.

3.4. Curing Parameters

The mixing of the solid and liquid phases of the cement
trigger a chain of events and the stages as observed by the
surgeon is explained in terms of the polymerization.

3.4.1. Step 1. The clinician mixes the powder and the
liquid phase, which allows the onset of wetting of the
polymer beads by the liquid monomer. As the monomer
wets the surface of the PMMA beads, a sandy texture is
obtained.

3.4.2. Step 2. With time, more polymer beads are dis-
solved by the monomer, the mixture progresses to a
smooth consistency losing its sandy texture (dough
time), and the simultaneous release of the initiator from
the polymer beads then initiates the polymerization pro-
cess. The dough time is considered the time after mixing
from which the cement progresses to a smooth consistency
and does not adhere to surgical gloves. It is imperative
that the cement is placed in the cavity between the dough
time and working time, because the ability of the cement
to flow decreases past the working time, impeding the
interdigitation of the cement with bone.

3.4.3. Step 3. The viscosity of the mix gradually rises
because of the onset of polymerization resulting in the
chain propagation step. MMA bulk polymerization is a
highly exothermic reaction, the temperature of the react-
ing mass increases as a result of the heat liberated
because of the conversion of per mole of MMA, that
releases around 13 kcal of energy (4). The C¼C double
bond of the methacrylate group undergoes polymerization
and results in the formation of PMMA chains. The gel
effect or Trommsdorf–Norrish effect also contributes to the
temperature rise, a characteristic of radical polymeriza-
tion of acrylates when the termination rate is dramatically
decreased because of the high viscosity of the medium.

3.4.4. Step 4. Finally the viscosity rises very rapidly,
and the cement mass begins to set as the maximum
exotherm temperature is reached (setting time).

Typical values of curing parameters and the peak
temperature are shown in Table 2. A number of factors
exist that affect the curing kinetics of bone cements and its
resultant mechanical properties. It is important to have
an understanding of these variables in order to produce
cements with optimum properties. These factors can be
broadly divided into two categories: (a) chemical composi-
tion of the cement and the environment and (b) mixing
and dispensing methods.

(a) Chemical composition of the cement and the envir-
onment: Intrinsic factors such as copolymer constitution of
the powder phase vary in commercial bone cements (Table
3) and differ in molecular weight, bead size, quantity of
initiator-activator, powder:liquid ratio, and radiopaque
agents. Each of these parameters can influence the curing
and physico-mechanical properties.

CH3
+

ArCOO* Ar COO− N*++ Ar

CH3

CH2C CH2C*

n

COOCH3

C

CH3

COOCH3

CH3

COOCH3

CH3

CH3

NAr

CH3

+ CH3

CH3

C6H5 C6H5CO COO NO Ar

C6H5 CO C6H5 COO*

CH2* H++

+ H2C

Figure 3. Activation by N,N DMPT, of benzoyl
peroxide to generate benzoyl-free radicals induced
by the tertiary amine and formation of poly(-
methylmethacrylate) chains. Ar: C6H4(CH3)N
(CH3)2.

Table 2. Typical Curing Parameters of Some Commercial Bone Cements

Cement Dough Time (minutes) Working Time (minutes) Setting Time (minutes) Peak Temperature (1C)

Palacoss 2.0 9.0 11.0 73.0
CMW1 2.2 8.5 11.0 88.0
Simplex P 3.0 9.0 10.0 90.0

The parameters as recorded ambient temperature (21–221C)
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The bone cement sets via the bulk polymerization of
MMA, which leads to a biphasic network of prepolymer-
ized PMMA particles dispersed into a newly polymerized
MMA matrix (4,5). The setting properties are primarily
associated with the cement composition, but the surround-
ing environmental temperature also influences the reac-
tion kinetics. Higher environmental temperatures
decrease both working and setting time, which can influ-
ence the handling of the cement. It has been reported that
even the specific brand of surgical gloves has a significant
effect on dough time measurements (6). Oxygen is known
to inhibit the polymerization reaction and with increasing
oxygen concentration, the setting time increases; however,
it does not affect dough time (7). The influence of oxygen
mainly occurs at the earlier stages of the bone cement
setting process, which delays the rise in temperature by
lowering the free radical concentration. The powder-to-
liquid ratio in commercial cements is generally main-
tained at 2:1 and any changes to the ratio have an impact
on the setting time. A higher powder-to-liquid (P:L) ratio
results in a shorter setting time, because of the relative
increase in the amount of the initiator (8), present in the
solid phase. A lower P:L ratio enhances wetting as more
liquid MMA is able to dissolve the PMMA beads thus
improving the handling (9), however, optimization is im-
portant to modulate shrinkage.

(b) Cement mixing and dispensing methods: Closed
mixing and dispensing systems have been employed over
the recent years in a bid to decrease the porosity in
cements and minimize exposure of MMA to the clinician.
The mixing methods can be broadly divided into four
categories, namely, manual mixing (open bowl technique),
centrifugation, vacuum mixing, or combined mechanical
mixing. Manual mixing involves the powder and the liquid
being mixed in an open bowl for a specified time that can
range between 45 and 120 s. Centrifugation involves the
hand-mixed dough to be placed in a syringe soon after
mixing and centrifuged for a short period of time. A
number of proprietary mixing and dispensing systems
are available and each system outlines mixing guidelines
that subject the cement powder or the cement mix to
vacuum to reduce porosity. Bone cements are pseudoplas-
tic in nature and viscosity decreases with increasing shear
rate; however, viscosity also rises rapidly with polymer-
ization. Different proprietary systems dispense cements

through syringes post mixing, it should be clear that low-
viscosity cements would have entirely different flow char-
acteristics from high-viscosity cements, and it is recom-
mended that the viscosity of the cement mix should be less
than 10 Pas to ensure adequate flow.

4. CHARACTERIZATION OF ACRYLIC BONE CEMENTS

4.1. Residual Monomer

The macromolecular rigidity and the average low tem-
perature during the course of the polymerization inhibit
conversion of the monomer to the polymer. The average
temperature during the polymerization reaction ranges
between 381C and 401C, which is much lower in compar-
ison with the glass transition temperature of PMMA (TgB
95–1201C), thus leaving residual monomer within the
matrix. High viscosity of the mix also restricts diffusion
of free radicals, which adds to total residual monomer
content. Residual monomer can either leach out through
the cement mantle, especially with ingress of body fluids
from the surrounding environment or plasticize the ce-
ment that may have a negative effect on the mechanical
properties.

4.2. Shrinkage

Shrinkage in bone cements has been related to loosening
of prostheses. It occurs primarily as a consequence of the
polymerization of MMA that exhibits shrinkage of about
21% by volume. For two main reasons, high shrinkage and
low viscosity of MMA, two parts of prepolymerized PMMA
is mixed with one part of MMA thus reducing the net
shrinkage to one-third, which also confers the viscosity
required to introduce the cement into the bone cavity.
Thermal shrinkage has also been implicated in contribut-
ing toward shrinkage as residual stresses develop that
may be sufficient to initiate cracks at the interface be-
tween the implant and cement (10,11). The net volume
shrinkage is greater in vacuum-mixed cements and can be
as high as 7–8% in comparison with hand-mixed cements
that shrinks between 1% and 3% as a consequence of the
loss of the air bubbles during the application of vacuum.

Table 3. Composition of Selected Commercial Cements

*Commercial
cement Solid Phase Liquid Phase

Palacoss 33.5 g of poly(methylacrylate,
methylmethacrylate), 6.1 g of
Zirconium dioxide, 0.44 g of BPO

18.4 g MMA, 0.38 g N, N DMPT,
0.4 mg chlorophyll

High viscosity, Ethylene oxide
sterilized, MW of polymer o
350,000 Da

CMW3 35.20 g of PMMA, 4.0 g of barium
sulphate, 0.08 g BPO

17.45 g of MMA, 0.45 g of N, N
DMPT, 25 ppm hydroquinone

Low viscosity, polymer g-irradiated,
MW of polymer 4350,000 Da

SimplexP 29.4 g of poly(methylmethacrylate,
styrene copolymer), þ 6 g of
PMMA, 4.0 g barium sulphate,
0.6 g BPO

18.31 g MMA; 0.48 N, N, DMPT;
80 ppm hydroquinone

Medium viscosity, polymer g-
irradiated, MW of polymer o
350,000 Da

*Components of a 40 g pack of the cement
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4.3. Porosity

Porosity is widely recognized to influence the physical and
mechanical properties of bone cements, consequently the
life of the arthroplasty. Macro-and micropores exist within
the cement mantle as a result of (1) incorporation of air
during mixing, (2) loss of volatile monomer because of the
steep rise in temperature, and (3) entrapment of air
during transfer of mix. Porosity is mostly considered to
have an adverse effect on the survival of cemented total
hip arthroplasties (THA) and has been shown to affect
mechanical properties (12–14). Pores are marked as stress
concentration points and crack initiator sites, which is
responsible for the relatively low fracture toughness of
PMMA cements.(15–17). On the other hand, it has been
speculated that pores increase the damage zone in front of
the crack, blunting it, thereby decreasing the rate of crack
propagation. Pores in cement mantles have been clearly
identified to affect the fatigue properties of cements.
Retrieved bone cement samples show that pores act as
nucleation sites for microcracks that accelerate the crack
propagation within the cement mantle (18). However, the
presence of pores are also thought to be beneficial because
increased porosity can increase the damage zone in front
of the crack, blunting it, thus decreasing the rate of crack
propagation (15,19,20).

4.4. Mechanical Properties

The FDA requires the preclinical mechanical testing of the
hardened cement and ASTM provide guidelines for stan-
dard testing protocols. The tests range from quasistatic
mechanical to in vivo fatigue load conditions for determin-
ing the properties over time (21). Although guidelines for
mechanical tests are available, the literature survey show
that variable test methods, with different sample sizes,
storage conditions, rate of testing, and soon vary, making
it often difficult to compare the data.

Bone cements are polymeric in nature and exhibit
viscoelastic behavior, thus the tensile, compressive, flex-
ural, and shear properties depend on the strain rate. An
increasing strain rate causes both elastic modulus and
strength to increase, but extrinsic factors such as tem-
perature also influence the properties, and with increas-
ing temperature these values would decrease. The reasons
for the differences reported in mechanical properties can
also be attributed to (1) both compositions of polymer and
monomer, (2) the biphasic nature of the cement, (3)
particle size, (4) morphology, (5) molecular weight of
powder, (6) strength of polymer bead-matrix interface,
(7) P:L ratio, (8) thickness of cement mantle, (9) mixing
technique, (10) presence of corporal fluids, (11) the type of
created interface, and (12) water absorption. PMMA bone
cement is relatively weak in terms of tensile strength but
resistant in terms of compression. The tensile strength
and elastic modulus reported in literature range from 22
to 50 MPa and 1.7 to 3.2 GPa respectively. Compressive
strength values are in the range of 64–103 MPa, which are
related to 50–70% strength of the cortical bone, and elastic
modulus values are in the range of 2.1 to 3.4 GPa, the
same order of magnitude of the cortical bone values. On
the other hand, the determination of mechanical proper-

ties such as flexure and shear, as well as the analysis of
toughness to fracture and dynamic properties as fatigue
and impact provide detailed mechanical behavior. Flex-
ural strength and shear strength ranges from 50 to
125 MPa and 32 to 69 Mpa, respectively. The fracture
toughness of cements ranges from 1.00 to 2.32 MPaHm.

The cement is considered to be a weak link zone in
cemented hip implants. In vivo, bone cement is subjected
to approximately one million cycles per year during nor-
mal walking at a frequency of 1 Hz. Each step taken is
accompanied with a cyclic loading of up to five times body
weight being transmitted through the hip. An essential
step to minimize, if not eliminate, cement fracture is an
understanding of the material controlling fracture char-
acteristics. The apparent fracture toughness K1C is used to
denote the resistance of a porous material to crack propa-
gation. Given the significance of this parameter in relation
to in vivo longevity, considerable data exists in literature;
however, a systematic evaluation of the data is essential
because various specimen configurations and sizes applied
loads, loading rate, storage conditions, mixing methods,
and sterilization methods have been used; all these para-
meters effect the properties making it difficult to compare
the data. The fracture toughness of cements ranges from
1.00 to 2.32 MPaHm. Porosity is also an important para-
meter that affects fracture toughness and has been shown
to have an inverse relationship with K1C (15,19,20). Con-
ditioning cements in physiological fluids have been shown
to adversely affect cements, although studies on explanted
cements over time have failed to make a direct correlation
of time with fracture toughness (22). The cement composi-
tion and viscosity are parameters that also influence
fracture toughness, although some debate exists. The
molecular weight of cements may be affected by the
sterilization method employed, and gamma irradiation is
known to cause chain scission of PMMA leading to a
reduction in molecular weight (23). Dynamic fatigue is
more widely recognized as a cause of fracture and the
usual approach followed in representing the fatigue beha-
vior is S-N curves (24), where stress or strain data is
plotted against the number of cycles to failure. A myriad of
variables influence fatigue life, such as composition of the
powder phase, radiopacifiers (25,26), activator-initiator
(27), reinforcing agents, antibiotics, molecular weight of
prepolymer and the newly polymerized mass, the viscosity
of the mix, environmental temperature, mixing methods,
specimen configuration, test conditions refering to the
magnitude of applied stress, frequency of loading, humid-
ity, testing in air or wet conditions, and the conditioning of
the specimen prior to testing (28). Typical fatigue data (28)
of some commercial bone cements are shown in Table 4,
but it must be noted that the values reported elsewhere
may differ because of any of the afore-mentioned varia-
bility in testing. The values shown in Table 4 indicate that
the mixing method and inclusion of antibiotic has a
marked effect on the mean number of stress cycles to
fracture.

There is less ambiguity with regards to the effect of
molecular weight on fatigue, as high molecular weight
leads to improved fatigue life. As a consequence, the
sterilization technique has a role to play because gamma
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irradiation can cause chain scission, thus lowering mole-
cular weight. Ambiguity and controversy exist in relation
to the effect of parameters such as vacuum mixing,
amount and type of antibiotic, and several other factors
mentioned earlier. Thus, a need to enhance understanding
of the different variables exist that may influence fatigue,
as it will be a valuable predictor in the future development
of cements.

5. RADIOPAQUE AGENTS

In a joint replacement surgery, it is vital for bone cement
to be radiologically detectable. Consequently, heavy metal
salts of barium and zirconia are incorporated as a contrast
medium for this purpose. The addition of such particulate
additives, however, can be detrimental to some of the
physical, mechanical, and biological properties. The addi-
tion of barium sulphate is known to decrease the mechan-
ical strength (15,26) and fracture toughness of the
cements and despite the low solubility in water, its slow
release, and subsequent toxicity has caused concern (29).
Zirconia, although biologically safer, is a very hard cera-
mic and is not compatible with the resin matrix. A major
disadvantage associated with the addition of heavy metal
salts is the phase separation because of the incompatibil-
ity of highly polar, ionic radiopaque substances with low
polarity resins, which in turn lead frequently to degrada-
tion of physical and mechanical properties. Recent studies
have also shown that addition of radiopaque agents in
PMMA enhance macrophage-osteoclast differentiation
and therefore may contribute to bone resorption, which
can ultimately lead to loosening of the prosthesis (29).
Thus, an alternative to the traditional radioopaque agents
is needed to improve the performance of the bone cement.
Radiopacifying agents that are compatible with the poly-
mer matrix are alternative routes for achieving radio-
pacity in organic polymers. Mechanical properties of
acrylic bone cements have been reported to improve by
substitution of the radiopaque agent with monomers such
as 2,5 diiodo-8 quinoloyl methacrylate (30), triphenyl
bismuth (25), and copolymers of methacrylate/methacrylic
monomers containing triiodobenzoate functional groups.

6. ANTIBIOTIC LOADED BONE CEMENTS

The use of antibiotic impregnated bone cements is con-
sidered to be a potentially effective strategy in preventing
deep infection following total joint arthroplasty (31,32).
Some examples of heat-stable antibiotics incorporated in
PMMA bone cements are gentamycin, tobramycin, vanco-
mycin, and clindamycin, with gentamicin being used most
widely. Antibiotic elution occurs predominantly through
bulk diffusion; however, the combination of surface rough-
ness, porosity, and wettability have also been correlated
and greater surface roughness has been reported to
release more antibiotic in the initial stages. The vast
majority of in vitro elution tests have been carried out
on static samples of antibiotic loaded cements whereas in
vitro tests show that constant dynamic loading causes
development of microcracks, which are expected to have a
bearing on the release kinetics. These defects in the
cement provide more surface area for the release of
antibiotic. Vacuum mixing is employed to reduce the
amount of air present in the set cement in a successful
attempt to improve mechanical strength of the cement.
However, the reduction in porosity achieved by vacuum
mixing has a counterproductive effect on the amount of
antibiotic release. Generalizing the effects of antibiotics on
mechanical properties of bone cement is difficult because
of the different cements and antibiotics used but also
because of the small samples of cement used in each study.
Those that have been done suggest that the presence of
gentamicin in cement reduces the stiffness of cement and
the compressive strength. Lewis et al. (33) have related
the industrial method of blending of antibiotic to the
PMMA powder, to the properties of the cement and
showed no significant change in the flexural strength,
fracture toughness, fatigue strength, or diffusivity (ab-
sorption of PBS). However, the addition of a second
antibiotic (vancomycin) to the cement has been reported
to decrease the bending strength to 56 MPa (Palacos R)
and 53 MPa (CMW1), only slightly above the ISO recom-
mended value (50 MPa) (34), which suggests that although
the use of more than one antibiotic offers better prophy-
laxis, they adversely affect the mechanical properties.
Clinical literature suggests that the combination of in-
travenous antibiotics with antibiotic loaded cement is
most effective in infection control.

Table 4. Fatigue: Mean Number of Stress Cycles to Fracture, the Influence of Mixing Technique and Inclusion of Antibiotic

Cement Mixing Method Stress Frequency
Results Nm Mean Number of

Stress Cycles to Failure

Palacos R Hand mixing Tension-
compression

2 Max strain of 0.005 23,000

Simplex P Hand mixing Tension -
compression

2 Max strain of 0.005 18,000

Simplex P Vacuum mixing Tension-
compression

2 Max strain of 0.005 32,000

Simplex Pþ
2.4 g of
Tobramycin

Hand mixing Tension-
compression

2 Max strain of 0.005 11,000

The data is for all directly molded cylindrical specimens.
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7. NEWER ASPECTS OF BONE CEMENTS AND BONE
SUBSTITUTES

The use of PMMA cement has been advocated for many
diverse medical applications other than as a grouting
agent for fixation of implants in joint replacements, such
as verteboplasty, kyphoplasty, as bone defect fillers, cra-
niofacial, and maxillofacial reconstruction, which have
provided satisfactory functional and cosmetic results.
PMMA has been demonstrated to be biocompatible and
easy to shape in vivo, allowing its use as a bone substitute
in reconstructive surgery. However, one of the principal
disadvantages of PMMA cements is the lack of a direct
contact between bone and implant that results in fibrous
tissue formation at the interface. This non-adhesiveness
causes bone resorption and loosening of the implant. In
order to overcome these problems, bioactive cements that
are able to integrate with bone have received a great deal
of attention in the last decade. The two main types of
cements are the bioactive bone cements and calcium
phosphate cements (CPC). It is important to distinguish
the two different classes of cements and their potential
application. Bioactive cements, as referred to in literature,
are acrylic-based cements with bioactive fillers such as
AW-glass ceramic, Bioglass, and hydroxyapatite (35–38).
These composites were developed in a bid to enhance the
biocompatibility, mechanical properties, and bone bonding
properties of orthopedic bone cements. Alternative poly-
mer matrices using higher molecular weight monomers
such as Bis-GMA, urethane dimethacrylates with ceramic
fillers have been reported in order to overcome the brittle
reinforcement of the PMMA matrix. Although most of the
properties of these cements are superior in comparison
with PMMA cement, very little evidence of its clinical use
exists to date. The lack of clinical application of newer
cements can be related to two main reasons. First, the
handling properties of composite cements are inferior in
comparison with PMMA cements. Second, the long-estab-
lished use of PMMA cements provides the surgeon with
good clinical data, whereas the newer systems have little
to show in terms of past clinical history.

The second category of cements are the calcium phos-
phate cements, which have been predominantly studied
and developed for application as fillers for bone defects
and deformities. Calcium phosphate cements were first
proposed by LeGeros et al. (39) and Brown and Chow (40)
and since has been developed as commercial bone sub-
stitute materials such as a-BSM, Norian SRS, Biobon, and
BoneSource. Calcium phosphate cements (CPCs) are ob-
tained by mixing one or several reactive calcium phos-
phate powders with an aqueous solution to form a paste
that hardens within a restricted period of time In this
respect, CPCs are different from traditionally used bone
substitutes such as granules and blocks that are not in a
paste form and do not undergo a rapid phase transition. A
critical assessment on the technological issues of calcium
phosphate cements and their potential applications has
been recently published by Barralett et al. (41). As has
been indicated in literature, an important drawback of
CPC compared with PMMA cements has been their poor
injectability and, furthermore, such cements being resorb-

able, need careful consideration before application as
grouting agents in joint replacements. It is thus of para-
mount importance to develop a material with the require-
ments of the particular clinical application.

8. CONCLUSION

Acrylic bone cement is the most widely used biomaterial
that is currently used for anchoring prosthesis to the
contiguous bone in cemented arthroplasties. The clinical
performance of these arthroplasties is related to a myriad
of variables, both exogenous and endogenous; however,
the quality of the bone cement is of paramount impor-
tance. Several critical reviews have been published in
literature identifying the need of a more systematic and
standard approach for the evaluation of the cements prior
to clinical use. Porosity has been deemed to be one
singular property that has been considered to affect a
large number of mechanical properties; however, a com-
parison of data from literature sometimes is inconclusive
because of the variability in the composition, mixing,
dispensation method, specimen preparation, and condi-
tions of storage. It is recognized that the performance of
the cement is related to material and structural behavior.
In addition, complex load patterns at the cement-bone-
implant interface exist and an understanding of the stress
distribution in the various sections is important especially
at the implant cement interface, as it has been implicated
in the loosening of the prosthesis. Finite element analysis,
3-D modeling, and the determination of the stress dis-
tribution in a model mimicking in vivo conditions will help
elucidate the exact requirements for improved cement.
Clinical efficacy of a biomaterial is best judged by clinical
performance and, although a large number of in vitro
studies exist, randomized, long-term, and multicoated
clinical studies are required to evaluate cements. There
have been numerous attempts to improve the properties of
bone cements (3), and bioactive bone cements with the
ability to bond to bone are being investigated with inter-
est; however, the handling and dispensation of such ce-
ments are not as yet satisfactory.
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4. K-D. Kühn, ed., Bone Cements, Up-to-Date Comparison of

Physical and Chemical Properties of Commercial Cements.
Berlin: Springer-Verlag, 2000.

5. G. M. Brauer, R. M. Davenport, and W. C. Hansen, (1956)
Accelerating effect of amines on polymerization of methyl
methacrylate. Mod. Plastics 1956; 34:153–256 and W. A.
Pryor, Free Radicals. New York: McGraw-Hill, 1996.

ORTHOPEDIC BONE CEMENT 7



6. S. He, C. Scott, M. De Luise, B. Edwards, and P. Higham,
Effect of choice of surgical gloves on dough time measure-
ments of acrylic bone cement. Biomaterials 2003; 24:235–237.

7. S. He, C. Scott, and P. Higham, Mixing of acrylic bone cement:
effect of oxygen on setting properties. Biomaterials. 2003;
24:5045–5048.

8. B. Vazquez, B. J. SanRoman, S. Deb, and W. Bonfield,
Optimization of benzoyl peroxide concentration in an experi-
mental bone cement. J. Mater. Sci. Mater. Med. 1997; 8:455–
460.

9. E. P. Lautenschlager, S. I. Stupp, and J. C. Keller, Structure
and properties of acrylic bond cement. Funct. Behav. Orthop.

Biomater. 1984; 2:87–119.

10. M. Jasty, D. O. O’Connor, W. J. Maloney, C. R. Bragdon, T.
Haire, and W. H. Harris, The initiation of failure in cemented
femoral components of hip arthroplasties. J. Bone Joint Surg.
Br. 1991; 73:551–558.

11. A. W. Pak, D. L. Burke, and J. Miller, Transient and residual
stress and displacement in self-curing bone cement—Part 1:
characterization of relevant volumetric behavior of bone
cement. J. Biomech. Eng. 1982; 104:21–27.

12. B. P Murphy, P. J. Prendergast, The relationship between
stress, porosity, and nonlinear damage accumulation in ac-
rylic bone cement. J. Biomed. Mater. Res. 2002; 59:646–654.

13. N. J. Dunne, J. F. Orr, M. T. Mushipe, and R. J. Eveleigh, The
relationship between porosity and fatigue characteristics of
bone cements. Biomaterials 2003; 24:239–245.

14. G. Lewis, Effect of mixing method and storage temperature of
cement constituents on the fatigue and porosity of acrylic
bone cement. J. Biomed. Mater. Res. 1999; 48:143–149.

15. L. D. Topoleski, P. Ducheyne, and J. M. Cuckler, Microstruc-
tural pathway of fracture in poly(methyl methacrylate) bone
cement. Biomaterials 1993; 14:1165–1172.

16. B. A. O. McCormack, P. J. Prendergast, and D. J. Gallagher,
An experimental study of damage accumulation in cemented
hip prostheses. Clin. Biomech. 1996; 11:214–219.

17. N. J. Dunne and J. F. Orr, Influence of mixing techniques on
the physical properties of acrylic bone cement. Biomaterials

2001; 22:1819–1826.

18. M. D. Ries, L. Young, P. Al-Marashi, A. Goldstein, T. Hether-
ington, L. Petrie, and L. Pruitt, In vivo behavior of acrylic
bone cement in total hip arthroplasty. Biomaterials 2006;
27:256–261.

19. L. D. Topoleski, P. Ducheyne, and J. M. Cuckler, A fracto-
graphic analysis of in vivo poly(methyl methacrylate) bone
cement failure mechanisms. J. Biomed. Mater. Res. 1990;
24:135–154.

20. G. Lewis, and S. Mladsi, Relationship between fracture
toughness and impact strength of acrylic bone cement. Crit.
Rev. Biomed. Eng. 2000; 28:451–455.

21. H. W. Demian and K. McDermott, Regulatory perspective on
characterization and testing of orthopaedic bone cements.
Biomaterials 1998; 19:1607–1618.

22. K. F. Hughes, M. D. Ries, and L. A. Pruitt, Structural
degradation of acrylic bone cements due to in vivo and
simulated aging. J. Biomed. Mater. Res. 2003; 65A:126–135.

23. E. J. Harper, M. Braden, and W. Bonfield, et al., Influence of
sterilization upon a range of properties of experimental bone
cements. J. Mater. Sci. Mater. Med. 1997; 8:849.

24. W. R. Krause, W. L. Grimes, and R. S. Mathis, Fatigue
properties of acrylic bone cements: S-N, P-N, and P-S-N

data. J. Biomed. Mater. Res. Appl. Biomater. 1988; 22:221–
243.

25. S. Deb, S. Abdulghani, and J. C. Behiri, Radiopacity of bone
cements using an organo-bismuth compound. Biomaterials

2002; 23:3387–3393.

26. S. Deb and B. Vazquez, The effect of cross-linking agents on
acrylic bone cements containing radiopacifiers. Biomaterials
2001; 22:2177–2181.

27. B. Vazquez, S. Deb, W. Bonfield, and J. SanRoman, Charac-
terization of new acrylic bone cements prepared with oleic
acid derivatives. J. Biomed. Mater. Res. (Appl. Biomater.)
2002; 63:88–97.

28. G. Lewis, Fatigue testing and performance of acrylic bone
cement materials: state-of-the-art review. J. Biomed. Mater.

Res. PartB. Appl. Biomater. 2003; 66B:456–486.

29. A. Sabokbar, Y. Fujikawa, D. W. Murray, and N. Athanasou,
Radio-opaque agents in bone cement increase bone resorp-
tion. J. Bone Joint Surg.[Br.] 1997; 79B (22):129.

30. M. P. Ginebra, C. Aparico, L. Albuixech, E. Fernandez-Barra-
gan et al. Improvement of the mechanical properties of acrylic
bone cements by substitution of the radio-opaque agent. J.

Mater Sci. Mater. Med. 1999; 10:733–737.

31. R. B. Bourne, Prophylactic use of antibiotic bone cement: an
emerging standard—in the affirmative. J. Arthropl. 2004;
19:69–72.

32. A. D. Hanssen, Prophylactic use of antibiotic bone cement: an
emerging standard—in opposition. J. Arthropl. 2004; 19:73–
77.

33. G. Lewis, S. Janna, and A. Bhattaram, Influence of the
method of blending an antibiotic powder with an acrylic
bone cement powder on physical, mechanical, and thermal
properties of the cured cement. Biomaterials 2005; 26:4317–
4325.

34. ISO 178; 1993 E: Plastics- Determination of flexural proper-
ties, International Organisation for Standardisation, Switzer-
land, 1993.

35. S. Deb, L. Aiyathurai, J. A. Roether, and Z. B. Luklinska,
Development of high-viscosity, two-paste bioactive bone ce-
ments. Biomaterials 2005; 26:3713-3718.

36. M. Kobayashi, N. Takashi, J. Tamuro, T. Kokubo, and T.
Kikutani, Bioactive bone cement: comparison of AW-GC filler
with hydroxyapatite and beta-TCP fillers on mechanical and
biological properties. J. Biomed. Mater. Res. 1997; 37:301–
313.

37. M. Saito, A. Maruoka, T. Mori, N. Sugano, and K. Hino,
Experimental studies on a new bioactive bone-cement-hydro-
xyapatite composite resin. Biomaterials 1994; 15:156–160.

38. S. Shinzato, M. Kobayashi, W. F. Mousa, M. Kamimura, M.
Neo, Y. Kitamura, T. Kokubo, and T. Nakamura, Bioactive
poly(methylmethacrylate) based bone cement: comparison of
glass beads, apatite and wollastonite containing glass-cera-
mic and hydroxyapatite fillers on mechanical and biological
properties. J. Biomed. Mater. Res. 2000; 51:258–272.

39. R. Z. LeGeros, A. Chohayeb, and A. Shulman, Apatitic
calcium phosphates: possible dental restorative materials. J.
Dental Res. 1982; 61:343.

40. W. E. Brown and L. C. Chow, A new calcium phosphate
setting cement, J. Dental. Res. 1983; 62:672.

41. M. Bohner, U. Gbureck, and J. E. Barralet, Technological
issues for the development of more efficient calcium phos-
phate bone cements: a critical assessment. Biomaterials 2005;
26:6423–6429.

8 ORTHOPEDIC BONE CEMENT



ORTHOTICS

STEFANIA FATONE

Northwestern University
Chicago, Illinois

1. ORTHOTICS

Derived from the Greek word ‘‘orthos’’ meaning ‘‘to make
straight,’’ orthoses have been used for thousands of years.
Fracture splints from the fifth Egyptian dynasty (2750–
2625 B.C.) have been found buried intact with mummies
(1), and early records indicate that the Greeks and Egyp-
tians used bark that was cut circumferentially from trees
and placed around the torso to treat people with spinal
deformities (2).

In the mid-1700s, people with physical deformities
were fitted with corrective devices called ‘‘stays’’ made
by ‘‘stay-makers.’’ Later, in nineteenth century England,
‘‘iron-mongers’’ forged ‘‘irons.’’ In the eighteenth and nine-
teenth centuries, ‘‘orthopedic appliances’’ were mass-pro-
duced and available from catalogues published by
‘‘appliance makers.’’ In the United States in the twentieth
century, these devices came to be called ‘‘braces,’’ a word
with static connotations. Today, devices that provide dy-
namic control of body segments are called ‘‘orthoses’’ and
are made by ‘‘orthotists.’’ The International Standards
Organization (ISO 8549-1, 1989) defines an orthosis or
orthotic device as ‘‘an externally applied device used to
modify the structural or functional characteristics of the
neuro-musculo-skeletal system.’’ The term orthosis was
first used in the 1950s and officially adopted in 1960 by
American orthotists and prosthetists when they formed
the American Orthotic and Prosthetic Association (AOPA).

Wars and battles have always dramatically increased
the number of people in need of assistive devices. How-
ever, it was the polio epidemics of the 1950s and the
introduction of thermoplastics in the 1970s that spurred
increased interest and development in the field of ortho-
tics in the United States. Today, the application of auto-
mated joint mechanisms and microprocessor controls are
stimulating technological developments in the field of
orthotics. In 1994, 4.36 million Americans used some
type of orthosis, more than double the number that used
prostheses (1.99 million) (3), and yet there have been
fewer advancements in the field of orthotics compared
with prosthetics.

Orthoses can be fitted to almost any part of the body
from the leg to the arm, spine, and head. They can be used
to treat fractures, sporting injuries, neuromuscular dis-
orders, and other problems. The need for standardized
nomenclature was recognized in the 1960s when a system
of acronyms was developed to replace the proper names
and eponyms that were being used (4). Nomenclature was
developed based on the principle joint/s the orthosis en-
compassed and was intended to control or effect (Table 1).
This system forms the core of the International Standards
Organization (ISO) official descriptors for orthoses. How-
ever, it does not include specialized craniofacial orthoses
for burn scar management and plagiocephaly, as they

were not commonly part of orthotic practice at the time
that this classification was developed.

In the United States, orthotists are recognized by the
credential Certified Orthotist (CO). This credential re-
quires the successful completion of orthotics education at
an accredited institution, successful completion of a 12-
month residency program at an accredited residency
facility, and successful completion of national certification
examinations. Orthotic education and residency programs
are accredited by the National Commission on Orthotic
and Prosthetic Education (NCOPE) under the auspices of
the Commission on Accreditation of Allied Health Educa-
tion Programs (CAAHEP). The current pathway for ortho-
tic education requires a minimum baccalaureate degree.
The national certification examination is administered by
the American Board for Certification in Orthotics and
Prosthetics (ABC). These examinations consist of three
separate modules that measure different knowledge and
skill domains. Continuing professional education, pro-
vided predominantly by the American Academy for Pros-
thetists and Orthotists (AAOP), is required to maintain
certification.

2. BIOMECHANICS OF ORTHOSES

Orthoses work through the application of force systems to
relieve unwanted forces or moments from pathological
skeletal structures. The basic functional goals of orthoses
are to provide support, to correct deformity, or to modify
motion occurring at a joint. Bowker (5) describes orthoses
as acting either directly or indirectly. An orthosis is acting
directly if it surrounds the segment or joint it is attempt-
ing to influence and indirectly if it attempts to modify the
external forces acting on a joint beyond its physical
boundaries. Orthoses may also act to reduce or alleviate
pain, provide protection, facilitate activities of daily living,
improve gait, restore cosmesis (appearance), or as kines-
thetic reminders (through sensory feedback).

Orthoses provide support by relieving the loads applied
to a body segment or joint. Relief of forces is achieved by
load-sharing between the anatomical segment and the
orthosis, which may reduce or alleviate joint pain caused
by weight-bearing on an arthritic limb or reduce the
negative effects, such as joint degeneration and deformity,
of loading damaged or weakened musculoskeletal struc-
tures. In addition, orthoses used in the management of
fractures can help to promote osteogenesis (bone forma-
tion and union) by providing the support required to
maintain bony alignment.

Orthoses may be used to correct deformity or hinder the
progression of deformity. Correction of deformity by an
orthosis is achieved by applying external forces and mo-
ments to the body segment or joint so as to realign the
involved segment and then maintain that alignment.
Flexible deformities should be reduced to the neutral
position appropriate to the particular joint/s. Deformity
caused by diseases such as scoliosis and poliomyelitis may
be minimized by the appropriate and timely application of
orthoses that act to counter the forces causing the pro-
gression of deformity. Prevention of deformity is impor-
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tant in the reduction of pain, facilitation of functional
activities, and enhancement of cosmesis. Rigid deformities
are accommodated within the orthosis to hinder further
progression and provide better pressure distribution dur-
ing weight-bearing.

Orthoses can modify the motion that occurs at a joint by
assisting or restricting the range of motion at the joint. An
orthosis may limit the range of motion about a particular
axis or limit the number of axes about which motion may
occur. Specific terminology is used by orthotists to describe
the control options for modification of joint motion by an
orthosis (Table 2). Control of joint motion may be required
in order to enhance the function of a body part or to protect
a body part from damage by inappropriate motion.

Three general biomechanical principles apply to most
orthotic devices: moments and force couples, pressure
tolerance of tissues, and alignment of joint axes. In order
to control motion, orthoses must exert a force on a body
segment and, although some of the force may be directed
along the long axis of the segment, a substantial element
is usually intended to affect rotation of the anatomical
joint. The most common reason for prescribing an orthosis
is the restriction of rotational motion through the control
of moments at a joint (5). Rotational control of a joint can
be achieved via a three- or four-point force system consist-
ing of a minimum of two counter (stabilizing) forces and
one active (corrective) force. A three-point force system is
needed to control moments about a joint (rotational con-
trol), and a four-point force system (Fig. 1) is used to
control translational motion (most often in the presence of
joint instability) (5). The longest possible lever arm (i.e.,
the perpendicular distance of the applied force from the
joint axis) should be used when applying moments with an
orthosis in an effort to reduce interface forces (moment is
equal to the product of the force and the lever arm).

Biological tissues vary in their tolerance to the applica-
tion of external pressure (pressure is defined as force per
unit area). Areas of muscle and fat tissue can tolerate
higher pressures than bony prominences or areas contain-
ing superficial blood vessels and nerves. Forces are direc-
ted from pressure-intolerant areas to pressure-tolerant
areas by contouring and padding the orthosis. Reducing
force is the principle means of minimizing pressure on

body tissues and increasing patient comfort. Increasing
the area over which a force is applied can also reduce
pressure. Pressure management is important in the avoid-
ance of pressure sores (i.e., skin breakdown, ulceration, or
both). Excessive shear forces, conditions of the interface
environment (presence of dirt, excess perspiration, or
temperature), and tissue viability can also contribute to
skin breakdown. For example, dysvascular or insensate
tissues, such as may occur with diabetes mellitus, are
generally less tolerant to pressure than healthy tissues.

Congruency between anatomical and mechanical joint
axes is important: If the axes do not coincide, undesirable
forces (both shear and compressive) and moments will be
generated as joints move through their range. Appropriate
alignment of joint axes has consequences not only for the
soft tissue at the interface, but also the integrity of the
joint itself.

3. MATERIALS USED IN ORTHOTICS

Metals and plastics are the most common materials in
modern orthotics. Material selection depends on the func-
tion to be performed by the orthosis and with the orthosis.
For example, a weight-bearing orthosis must be rigid and
strong, whereas an upper-limb orthosis that immobilizes a
wrist without being subjected to weight-bearing loads may
be less rigid and require less strength. The material
characteristics that are important in orthotics include
strength, stiffness, durability, weight, corrosion resis-
tance, and the ease with which they can be used to
construct orthoses.

Steel, aluminum, and titanium alloys are the metals
most commonly used in the fabrication of orthoses. Steel
provides good resistance to rust, is low in cost, is readily
available, and is relatively easy to use in the construction
of an orthosis. Aluminum is lighter than steel, has a high
strength-to-weight ratio but poor resistance to fatigue at
high load levels or rates of repeated loading. It is malle-
able, making it easy to use in the fabrication of an
orthosis, yet has sufficient strength to hold its shape.
Aluminum alloys are often used in spinal orthoses as
they can be radioluscent, allowing deformity correction
to be assessed by x-ray when the orthosis is worn. Tita-

Table 1. Orthotic Nomenclature System

Upper-Limb Orthoses Lower-Limb Orthoses Spinal Orthoses

HdO Hand Orthosis FO Foot Orthosis CO Cervical Orthosis
WO Wrist Orthosis AO Ankle Orthosis CTO Cervico-Thoracic Orthosis
WHO Wrist-Hand

Orthosis
AFO Ankle-Foot Orthosis CTLSO Cervico-Thoraco-Lumbo-

Sacral Orthosis
EO Elbow Orthosis KO Knee Orthosis TLSO Thoraco-Lumbo-Sacral

Orthosis
EWHO Elbow-Wrist-Hand

Orthosis
KAFO Knee-Ankle-Foot

Orthosis
LSO Lumbo-Sacral Orthosis

SEWHO Shoulder-Elbow-
Wrist-Hand
Orthosis

HpO Hip Orthosis SO Sacral Orthosis

HKAFO Hip-Knee-Ankle-Foot
Orthosis

SIO Sacro-Iliac Orthosis

Acronyms are based on the body part the orthosis is intended to control or effect.
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nium alloys provide strengths comparable with steel but
are substantially lighter. Similar metals are also used in
the manufacture of prefabricated orthotic components
such as knee and ankle joints.

One of the most significant advances in orthotics was
the introduction of thermoplastics in the 1970s (6). Adap-
tation of industrial processes such as the vacuum-forming
of sheet plastics allowed for plastic or hybrid (metal and

plastic) orthoses to be fabricated that afforded improved
cosmesis and circumferential control because of their
greater conformity to complex anatomical shapes. In gen-
eral, plastics are ideal for orthotic applications because
they are lightweight, nontoxic, and generally unaffected
by body fluids. Orthoses made from plastics are generally
hotter to wear than their metal and leather counterparts
and do not accommodate volume fluctuations as well.
Despite these drawbacks, orthoses made from plastics
are now more common than metal and leather orthoses.

Both thermoplastics and thermosets are used in the
orthotics field, although thermoplastics are more common
for custom-fabricated orthoses. Thermoplastics are popu-
lar because they can be repeatedly reheated and re-
molded, allowing for alterations to the contours of an
orthosis to accommodate changes in limb shape. Low-
temperature thermoplastics become workable at tempera-
tures below 801C (1801F) and, with care, can be formed
directly on body segments, which can considerably reduce
the time and cost involved in fabricating an orthosis.
However, the limited strength and fatigue resistance of
low-temperature thermoplastics makes them most suita-
ble for upper-limb orthoses that are not subject to repeti-
tive loading at high levels of force. High-temperature
thermoplastics become malleable at temperatures above
801C (1801F) and must be shaped over a heat-resistant
model. Polyethylene, polypropylene, or combinations of
the two are the high-temperature thermoplastics most
common in orthotics. Polypropylene is a strong but brittle
plastic that is typically used where rigidity is required.
Polyethylene is a flexible plastic that is well-suited to
orthoses that require flexibility and non-weight-bearing
applications such as upper-limb and spinal orthoses. A
polypropylene-polyethylene copolymer provides the
strength of polypropylene with some reduction in rigidity
and brittleness depending on the relative amounts of each
polymer.

Other thermoplastics used in the field of orthotics
include closed-cell and open-cell foams such as ethyl vinyl
acetate (EVA). Open-cell foams tend to be used mostly for
lining orthoses as they will ‘‘bottom out’’ or compact with
loading. These foams increase comfort at the orthosis-skin
interface, especially when applied over bony prominences.
Closed-cell foams are generally more resilient to loading
and are a better structural material than open-cell foams.
These foams are available in various densities, with
increasing durometer materials being more resistant to
deformation under loads. Closed-cell foams are commonly
used in the fabrication of foot orthoses as they are able to
provide support to the foot during weight-bearing and yet
are lightweight and comfortable.

The thermosets used in the field of orthotics generally
consist of fiber-reinforced, laminated resins, such as polye-
ster and epoxy, with layers of natural or synthetic fibers.
Adding fibers such as carbon, nylon, or glass to the
lamination increases the maximum strength and stiffness
of the thermoset. Thermosets must be formed over heat-
resistant models because of their high curing tempera-
tures. They are resistant to higher temperatures and
provide greater dimensional stability than thermoplastics.
When cured, thermosets develop a permanent shape and,

Table 2. Control Options for Modification of Joint Motion
by an Orthosis

Terminology Description

Free motion Permit unencumbered motion in a
given plane or direction.

Assist motion Apply external forces so as to increase
the range, velocity, or force of
motion in a desired plane or
direction.

Resist motion Apply external forces to decrease the
velocity or force of motion in a
particular plane or direction.

Stop motion A mechanical device that eliminates
all motion or limits range of motion
in a particular plane or direction.
The orthosis may also use a
mechanical lock to hold a joint at a
specific position continuously or
during specific activities.

Variable motion An adjustable system providing a
predetermined range of motion in a
particular plane.

(a) (b)

Figure 1. An example of three- and four-point force systems
applied to the knee. (a) Three-point force system applied to the
knee to control rotation in the sagittal plane, in this case
hyperextension, between the tibia and femur. (b) Bowker (5)
described a four-point force system applied to the knee to control
both rotation and translation (anterior draw of the tibia occurring
where anterior cruciate ligament is deficient) in the sagittal plane
between the tibia and femur. Arrows indicate location and direc-
tion of forces. Diagram is not to scale.
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for the most part, cannot be reheated or reformed
although they can be sanded, trimmed, drilled, and
riveted. Producing high-quality thermosets requires spe-
cialized fabrication skills and facilities. With the increase
in the number of orthotic facilities offering customized
central fabrication services, thermosets, in particular
carbon fiber thermosets, are becoming a more common
material in the production of lower-limb orthoses, espe-
cially Knee-Ankle-Foot Orthoses (KAFOs).

4. TYPES OF ORTHOSES

Many different kinds of orthoses are available, not only
with respect to the body part they encompass, but also
how they are modified and fabricated. Orthoses may be
either prefabricated or custom-fabricated. Prefabricated
(off-the-shelf) orthoses are generally used to treat simple
or temporary impairments. They are limited to applica-
tions where the overall shape of the body segment being
treated is essentially normal. The major advantage of
prefabricated orthoses is that they are comparatively
inexpensive. However, custom-fabricated orthoses provide
better biomechanical control than prefabricated orthoses
because a more precise fit can be achieved, especially in
the presence of complex deformities.

A fundamental requirement of all orthoses is that they
contour well to the body segment/s they encompass.
Depending on the material used, custom orthoses may
be molded directly to the body segment (low-temperature
thermoplastics), made from measurements and tracings
(metals), or require a heat-resistant model of the body
segment (high-temperature thermoplastics, thermosets,
and hybrid orthoses). A negative impression (temporary
cast) of the particular body segment is made using a
plaster-impregnated bandage or fiberglass tape. The ne-
gative impression is filled with plaster to create a positive,
heat-resistant model (Fig. 2). The positive model is mod-
ified to create the contours that apply the desired force
systems. The high-temperature thermoplastic can then be
vacuum-formed directly to the heat-resistant model. The
finished orthosis is fitted to the patient, and alterations
are made if necessary to ensure an intimate and comfor-
table fit. Regular inspection during the lifetime of the
orthosis is required to ensure that the orthosis continues
to fit and function appropriately, and that material fatigue
is detected and addressed to avoid catastrophic failure.

4.1. Lower-Limb Orthoses

Lower-limb orthoses may encompass all or part of the
lower limb and generally play an important role in weight-
bearing and locomotion. They are commonly prescribed to
assist individuals with neuromuscular deficits, especially
those with a strong desire to stand and walk more
effectively. As a result of their role in weight-bearing and
mobility, it is important to understand lower-limb biome-
chanics, especially gait. Gard and Fatone (7) defined the
following locomotor functions: energy conservation; gait
initiation and termination, balance and upright posture;
stability of the stance leg; execution of the stepping
motion; forward progression/propulsion; and shock ab-

sorption. Ideally, lower-limb orthoses should meet their
treatment goals without compromising these locomotor
functions.

The importance of the shoe-orthosis interface should
not be overlooked. The integral role of footwear in orthotic
fitting was obvious when metal orthoses were attached
directly to the shoe. However, with the advent of thermo-
plastic and hybrid orthoses came the easy interchange-
ability of shoes: The orthosis is contained within the shoe,
rather than attached to it. Shoe modifications are not
popular as they often compromise the cosmetic advantage
of thermoplastic orthoses, and the interchangeability of
shoes leads to the potential need for multiple shoes with
modifications, which adds to the expense. It remains
necessary, however, to ensure that appropriate footwear
be used in conjunction with orthoses. For example, the
heel height of a shoe may alter the alignment of the
orthosis and lower limb with respect to the ground, having
implications for the moments acting at the proximal joints
(8).

4.1.1. Foot Orthoses (FO). The most common of all
lower-limb orthoses are foot orthoses (FO), not only be-
cause they form the basis of most of the more proximal

Figure 2. Example of a positive, heat-resistant, plaster model
used to fabricate a custom spinal orthosis. Exaggerated indenta-
tions can be seen over the iliac crests (hip bones). These serve to
anchor the orthosis securely at the waist, reducing migration of
the orthosis on the torso.
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lower-limb orthoses but also because they are prescribed
for an extremely broad range of pathologies from mild to
severe. Furthermore, orthotists, pedorthotists, and podia-
trists are all providers of FOs, and prefabricated FOs are
commonly available from drug stores, supermarkets,
sports stores, and the like.

FOs are those devices that encompass all or part of the
foot but terminate distal to the ankle joint. They may
extend the length of the foot, or terminate at the toe sulcus
or proximal to (behind) the metatarsal heads. Prefabri-
cated heel cups are included as FOs. FOs may be used to
treat foot instability or deformity caused by muscle weak-
ness or imbalance, structural mal-alignment, and loss of
structural integrity because of ligamentous laxity or rup-
ture. FOs may also address more proximal disorders
because the foot is the base of support for the entire
body during standing and walking. Alignment of the foot
can affect plantar pressure distribution, center of pressure
progression, and moments occurring at proximal joints by
altering the orientation of the ground reaction force vector
with respect to joint axes.

Michael (9) identified three broad categories of FOs:
accommodative or soft FOs, intermediate or semirigid
FOs, and corrective or rigid FOs. Soft FOs are made
from soft or flexible materials such as closed-cell and
open-cell foams and are intended to accommodate and
protect rigidly deformed or dysvascular feet. These
orthoses attempt to increase the weight-bearing surface
area, redistribute the plantar pressures, and decrease the
forces applied to the tissues at greatest risk of ulceration
and breakdown.

Semirigid FOs are made from layers of different den-
sity foam materials. The composition of the layers is
dictated by the degree of support and biomechanical
control required. This category includes many of the
prefabricated, commercially available insoles and FOs.
Accommodative and semirigid devices are fabricated by
molding foam directly to the plantar surface of the foot or
by using crush boxes. Crush boxes are blocks of foam in
which an impression of the foot is made by crushing and
compacting the foam beneath the foot. Filling the indenta-
tion with plaster creates a positive model of the foot that
can be used to vacuum-form the FO.

Rigid FOs are used to correct flexible deformities,
especially those that include hind foot varus or valgus
(i.e., deviation of the calcaneus/heel from the midline of
the lower leg or calf). The orthosis must be rigid if it is to
contour to the calcaneus and provide control of alignment
and motion, especially during weight-bearing activities.
Rigid orthoses are generally made from high-temperature
thermoplastics and require a heat-resistant model for
fabrication.

4.1.2. Ankle, Knee, and Hip Orthoses (AO, KO, and
HpO). Ankle orthoses (AO) and knee orthoses (KO) are
generally prefabricated orthoses that are intended to
provide stability at the ankle and knee joints, respectively,
in the presence of ligamentous insufficiency. AOs stabilize
predominantly in the medial-lateral plane, whereas KOs
can act in the coronal and sagittal planes. Both AOs and
KOs may act kinesthetically (through sensory feedback) to

remind the wearer of a recent injury, or protectively to
avoid further injury. AOs and KOs are particularly popu-
lar in the treatment of sporting injuries, although various
designs of KOs are also common in the treatment of
arthritic knee conditions, knee flexion contractures (mus-
cle shortening with loss of joint range of motion), and as
postoperative knee immobilizers.

Hip orthoses (HpO) provide external support when the
hip joint is unstable and at risk of malformation, subluxa-
tion, or dislocation. They are generally indicated for
isolated problems in the hip region caused by dysplastic
disorders (disorders causing abnormal formation); trau-
matic injury such as fractures to the neck or femur; or
surgical procedures, for example, postoperative protection
of total hip replacement. Protection of the hip joint is
usually achieved through appropriate positioning of the
femoral head with respect to the acetabulum (i.e., the ball
and socket components of the hip joint) and by limiting hip
joint motion primarily in the sagittal and coronal planes.
However, controlling hip joint motion is difficult because of
the location of the hip joint deep beneath soft tissue and
the cylindrical shape of the thigh. Hip orthoses used
postoperatively to reduce the risk of dislocation generally
consist of a pelvic band, a lateral upright with hip joint,
and a thigh cuff. With these orthoses, the risk of disloca-
tion is reduced by not allowing the hip to move into
positions where dislocation is most likely to occur, which
relies on reducing motion in the sagittal plane because
control in the transverse plane is limited as it is provided
only by the thigh cuff ’s grip on the skin. For an orthosis to
provide some degree of rotational control at the hip, it is
necessary to cross the knee or ankle joint/s (10). In this
case, it is no longer a HpO, but a hip knee ankle foot
orthosis (HKAFO).

4.1.3. Ankle Foot Orthoses (AFO). After FOs, ankle foot
orthoses (AFO) are the most widely used orthoses in the
United States. AFOs account for 28% of clinical practice by
Certified Orthotists, double that of any other orthosis
including foot orthoses (11). AFOs are usually prescribed
for persons who have weakness of the muscles that control
ankle-foot positioning, who have hypertonicity or spasti-
city of these muscle groups, or who have conditions that
result in pain or instability caused by a loss of integrity of
the structure of the lower leg and ankle-foot complex.

An AFO is a lower-limb orthosis designed primarily to
provide ankle (talocrural) motion control in the presence
of various foot and ankle pathologies. However, it may also
provide some control of subtalar motion. The basic design
includes a proximal trimline that terminates 20 mm distal
to (below) the neck of the fibula, providing the longest
possible lever arm for ankle motion control, which is
particularly essential if spasticity of the calf muscle is
present. Depending on the lever arm, an AFO can not only
control the ankle complex directly, but also influence the
knee joint indirectly by altering the moments acting about
it.

AFOs may be made of metal, plastic (both thermoplas-
tics and thermosets), or a hybrid of metal and plastic.
Plastic or hybrid orthoses are popular because they pro-
vide improved cosmesis and circumferential control com-
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pared with conventional metal AFOs. The first custom-
molded thermoplastic AFO design was reported in 1967
and is the design most commonly used in the United
States today (12). In a thermoplastic AFO, the degree of
ankle motion control is determined by material selection,
trimline placement, conformity, and articulation config-
uration. The function imparted by an AFO relies largely
on the degree of resistance provided to rotation about the
ankle (13). One function common to many AFOs is the
support of the foot at an appropriate angle for clearance of
the ground in swing, usually accomplished by limiting
plantarflexion range.

AFOs are either articulated or nonarticulated. Figure 3
shows examples of different AFOs. Nonarticulated AFOs
that rigidly encase the ankle joint (usually leaving only an
anterior opening for donning and doffing) limit ankle
motion in the coronal and sagittal plane and are used
when the ankle requires complete immobilization in order
to reduce pain or ensure stability. However, a leaf spring
(or shoe-horn) AFO is an example of a nonarticulated AFO
that permits dorsiflexion motion but provides resistance to
plantarflexion. This orthosis is designed by virtue of its
contours and trimlines around the ankle joint, to be more
flexible in one direction than the other, permitting dorsi-
flexion motion through bending of the plastic. Articulated
AFOs allow ankle joint motion in the desired plane and
direction by incorporating orthotic ankle joints and motion
control devices (mechanical stops). Ankle joint compo-
nents may be configured to provide motion within a
specific range, limit motion in a particular direction (e.g.,
a plantarflexion stop), or assist motion in a particular
direction generally by using joints with springs (e.g.,
dorsiflexion-assist joints).

An AFO may be designated a floor-reaction AFO if it is
designed specifically to act indirectly at the knee. Manip-
ulating ankle-foot alignment alters moments at the knee;
hence, any AFO that affects ankle-foot alignment will
have an indirect affect at the more proximal joints. Creat-
ing an external knee extension moment during stance can
provide knee stability where it is absent or compromised,

which may be achieved with or without articulation at the
ankle joint. An external knee extension moment may be
created during the stance phase of walking by either a
rigid AFO set in plantarflexion or an articulated AFO with
a dorsiflexion stop.

4.1.4. Knee Ankle Foot Orthoses (KAFO). Knee ankle
foot orthoses (KAFO) are used where a need exists for
direct control of the knee joint in addition to the ankle and
foot (Fig. 4). The principal impairments addressed by
KAFOs are weakness of the muscles controlling the knee
joint (and perhaps the hip and ankle joints), upper motor
neuron lesions resulting in hypertonicity (spasticity) of
the lower limb, or loss of structural integrity of the hip or
knee joints.

Until recently, only three basic knee control options
were available for use in KAFOs: free motion joints, those
with a manual lock, and posterior offset joints, the latter
two being designed to provide knee stability in stance.
Free motion joints provide support in the coronal plane,
while allowing sagittal plane motion, although a hyper-
extension block limits movement of the knee into an

Figure 3. Examples of ankle foot orthoses (AFOs). From left to
right: (a) a conventional, metal and leather, articulated AFO
attached directly to a shoe; (b) an articulated, thermoplastic
AFO with plantarflexion stop; (c) a thermoplastic posterior leaf
spring AFO; and (d) a nonarticulated, thermoplastic AFO with
carbon-fiber reinforcements around the ankle joint.

Figure 4. Examples of knee ankle foot orthoses (KAFOs). From
left to right: (a) a locked knee, thermoplastic KAFO with drop
locks; (b) a locked knee, metal and leather KAFO with bail lock,
attached directly to the shoe; (c) a thermoplastic, stance-control
knee orthosis with Stance Phase Lock (SPL) joints, one of the
commercially available stance-control knee orthoses activated by
a position-dependent pendulum.
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abnormal extension range. A locked knee KAFO provides
support in the sagittal and coronal planes. The lock may
be manually disengaged for sitting. Although a locked
KAFO is able to reliably provide stability in stance, it does
not allow for flexion of the knee in swing, resulting in a
functionally longer limb and usually leading to compensa-
tory gait mechanisms such as vaulting, hip hiking, and
circumduction to ensure clearance of the ground by the
foot during swing phase. Walking with a locked knee
results in a slower, more asymmetrical gait and increases
the energy expenditure of walking. In able-bodied sub-
jects, walking with the knee immobilized reduces energy
efficiency on the order of 76–82% compared with walking
with the knee unhindered (14,15).

Until recently, posterior offset knee joints were the only
available alternative to locking the knee entirely during
gait. These joints allow swing phase knee flexion and rely
on geometric alignment to ensure stability of the knee in
stance. This joint assumes that, in a normally aligned
knee, the vertical ground reaction force vector is oriented
through the knee joint during limb loading as this ensures
stability with little muscular effort. By positioning the
mechanical knee joint axis posterior to the anatomical
knee joint axis in the sagittal plane, the vertical ground
reaction force vector is positioned anterior to the mechan-
ical joint during the first part of stance creating an
external extensor moment, which ensures that the me-
chanical joint is stable during weight-bearing, which
consequently ensures stability of the anatomical knee
joint. However, stability provided by this joint is unreli-
able, especially over uneven terrain and slopes. It is only
used in situations where the patient has adequate mus-
cular control around the hip, proprioception at the knee,
and good balance, all required to ensure stumble recovery
should geometric stability of the knee not be achieved.

It has long been acknowledged by orthotists and reha-
bilitation engineers that a need exists for the design of
practical, safe, reliable, and low-cost methods of automa-
tically locking and unlocking the knee joint during gait.
By allowing the knee to flex in swing, energy expenditure
of ambulation with a KAFO should improve (16). Applica-
tion of Functional Electrical Stimulation (FES) to this
problem has been investigated. Kagaya et al. (17) com-
bined a KAFO with an electrical knee lock and FES to
allow swing-phase knee flexion and stability in stance in a
spinal cord injured subject. The electrical knee joint
provided stability in stance whereas the FES system
provided hip flexion and knee extension in swing. How-
ever, hybrid KAFO/FES systems are still largely experi-
mental.

Recent developments in orthotic knee joint designs
attempt to address these issues by providing reliable
stance-phase control while still allowing swing-phase
knee flexion. The newly available stance control knee
joints employ various mechanisms to lock the knee in
stance and unlock in swing, including cable control, a
position-dependent pendulum, and microprocessors. Some
of these joints offer a triphasic mode of operation: auto-
matic lock/unlock, unlocked, and locked. The different
modes allow the patient to select the automatic mode for
walking, unlock for sitting, and lock for standing or added

security when walking, for example, over uneven terrain.
Preliminary evaluation of the functional benefits of these
joints is currently underway.

4.1.5. Hip Knee Ankle Foot Orthoses (HKAFO). Hip knee
ankle foot orthoses (HKAFOs) are used mostly for para-
plegic standing and ambulation, although they may also
be used for neurologic conditions resulting in severe
muscle weakness. Standard HKAFOs generally include a
pelvic band attached to bilateral uprights with hip and
knee joints and an AFO distally. Hip and knee joints may
be locked in extension where necessary, and the knees
usually are. Ambulation with bilateral HKAFOs requires
a ‘‘swing through’’ gait pattern assisted by a walker or
crutches: The assistive device is used to lift the whole body
from the ground and swing it forward. Variations in this
pattern of ambulation are known as ‘‘swing-to’’ and ‘‘drag-
to’’ gait. Swing through gait is relatively quick but re-
quires a great deal of energy expenditure and upper-limb
strength and is not a very stable form of ambulation (18).
For able-bodied subjects, swing through gait is 25% slower
than normal walking (19).

Standing frames, such as the Parapodium and Swivel
Walker, are essentially bilateral HKAFOs mounted to a
base plate. These devices are designed to provide support
for hands-free standing or limited mobility by swiveling.
In the Swivel Walker, shifting weight laterally through
rocking or rotating the trunk unweights one limb and
causes the orthosis to swivel forward on the weight-
bearing side. Swivel Walkers can only be used effectively
on flat surfaces and provide extremely slow ambulation.
Children are generally prescribed standing frames as
standing provides a stimulus for normal development of
bones and bowel and bladder function. In adults, standing
reduces osteoporosis and improves peripheral circulation.

Reciprocating Gait Orthoses (RGO) are a type of
HKAFO designed to allow reciprocal motion of the lower
limbs. These orthoses often include trunk support through
the addition of a spinal orthosis (TLSO or LSO) proxi-
mally. These orthoses employ a linkage between the hip
joints either by interlinked cables or a posterior, pivoting
metal bar (Fig. 5). The main propulsive forces for this form
of ambulation come from the arms via crutches or similar
assistive devices. Reciprocal gait is more cosmetic and
stable than swing through gait. However, a greater level of
training is required to ensure effective ambulation, and
the complexity of orthotic design increases the risk of
breakages. RGOs are used effectively by children but, with
growth, encumberance by the orthosis increases and it is
more energy efficient to use a wheelchair than to ambulate
with an RGO; hence, the compliance with these devices is
low among adults.

4.2. Spinal Orthoses

Spinal orthoses may encompass all or parts of the spine.
They are commonly prescribed to reduce pain, correct or
decrease the progression of deformity, and prevent or
minimize further injury. The simplest spinal orthoses,
such as cervical collars and corsets, are generally prefab-
ricated, whereas orthoses that are required to correct
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deformity, such as occurs with scoliosis, are more often
custom fabricated. Spinal orthoses generally act by cor-
recting alignment, decreasing motion, and providing sup-
port for loading.

In recent years, a move away from the eponyms pre-
viously used to describe many spinal orthoses to a nomen-
clature based not only on the body part encompassed but
also the motion control provided based on the primary
reference plane has occurred. For example, the CASH
(Cruciform Anterior Spinal Hyperextension) Orthosis
(Fig. 6) may also be referred to as a sagittal control
TLSO (Thoraco-Lumbo-Sacral Orthosis) as it limits lum-
bar flexion, positioning the lumbar spine in a position of
increased extension.

4.2.1. Cranial Orthoses. Cranial orthoses or helmets
are often considered within the realm of spinal orthoses,
although they may not directly address issues affecting
the spine. Helmets may serve a protective function or may
be used as molding devices. Helmets used primarily for
the protection of the brain provide a total contact, rigid
covering for the head to prevent injury. They are often
used postoperatively, where a portion of the skull has been
removed or surgically repaired, or in the presence of
massive uncontrolled head movements or head banging.
In recent years, cranial molding orthoses/helmets have
become more common. They are used on infants where
deformation of the skull exists, to encourage normal
modeling of the skull during growth. These orthoses do
not provide total contact, in fact, voids are created and
forces applied so that the skull is encouraged to grow in
the direction where space exists. Cranial molding orthoses
are used to treat the growing incidence of positional or
deformational plagiocephaly (deformation of the skull
caused by consistent external pressure). Cranial asymme-
try is assessed solely on the visible physical attributes of
the skull. The incidence of positional plagiocephaly has

increased with awareness of SIDS (Sudden Infant Death
Syndrome) and the use of baby carriers, both of which
place babies in supine positions for prolonged periods,
which results in a flattening of the posterior skull that is
cosmetically unacceptable, although it does not, in isola-
tion, result in injury to the brain. Plagiocephaly and other
skull deformations may also occur as a result of torticollis,
a restrictive intrauterine environment, poor bone miner-
alization, prematurity, and birthing trauma. Since 1998,
the Food and Drug Administration (FDA) has classified
cranial molding orthoses as class II devices, which are
subject to significant regulatory controls regarding man-
ufacturing processes and labeling. Most orthoses are
categorized as class I devices by the FDA and are exempt
from many regulatory controls.

4.2.2. Cervical Orthoses (CO) and Cervical-Thoracic
Orthoses (CTO). Cervical orthoses (COs) may provide
either functional control, such as maintaining the head
in a pain-free position, or postural control, that is support-
ing the head in a position that reduces moments applied to
the cervical spine or minimizes progression of cervical
spine deformity. The degree of immobilization required

Figure 6. Cruciform Anterior Spinal Hyperextension (CASH)
orthosis, the metal bars are worn anteriorly and the strap
surrounds the trunk. This orthosis is an example of a sagittal
control Thoraco-Lumbo-Sacral Orthosis (TLSO). The three-point
force system consists of a posteriorly directed force at the top
(sternal) and bottom (pubic) pads and an anteriorly directed force
through the posterior pad.

Figure 5. Isocentric Reciprocating Gait Orthosis (IRGO) uses a
posterior, pivoting metal bar to link the hips for reciprocal gait.
This example has a posterior lumbo-sacral panel for added trunk
control.
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will determine the type of orthosis prescribed. COs, often
referred to rather descriptively as collars, are nearly al-
ways prefabricated and come in two types, soft and firm
(Fig. 7).

Soft collars, usually made of foam rubber, are generally
indicated for patients with cervical sprains without bony
or intervertebral disc injury. Soft collars provide the least
control of cervical motion and the amount of restraint to
cervical flexion is dependent on the compression charac-
teristics of the materials used. Many designs have been
found to allow up to 75–85% of normal motion (20). Soft
collars serve predominantly as a kinesthetic reminder
(sensory feedback) to limit motion, avoiding actions that
may cause pain. As soft collars seldom incorporate lateral
reinforcements, they are unable to effectively restrain
lateral bending or transverse plane rotation of the cervical
spine.

Firm collars, such as the Philadelphia and Miami
collars, have molded chin and occipital (base of skull)
support and differ in the amount of rigid or semirigid
plastic that they contain and the amount of restriction
they provide. Studies on able-bodied subjects suggest that
the Philadelphia collar limits 30% of normal flexion-ex-
tension motion, 44% of normal rotation, and 66% of lateral
bending (20). Firm collars are often used in emergency
situations to support and protect the neck during trans-
portation, especially if a cervical injury is suspected.

Cervical-thoracic orthoses (CTO) are usually provided
where excessive or abnormal curvature of the cervical
spine exists, and the primary objective of the orthosis is to
correct or prevent progression of deformity. The CTO is
used to reposition the center of mass of the head and
reduce the moments applied to the cervical spine. How-
ever, it is difficult to apply forces directly to the cervical
spine because it is surrounded by muscle and other

structures such as the trachea, esophagus, and blood
vessels, which do not tolerate well the application of forces,
or transmit forces well to the skeleton. Therefore, forces
must be applied to the stiff structures at either end of the
cervical region, the head and thorax, for better control of
motion. Thoracic extensions further increase the lever
arm of the orthosis for control of the lower cervical spine.

Poster-type CTOs, 2- and 4-poster, generally incorpo-
rate a thoracic vest, with attached uprights (posts) ex-
tending from the vest to the occipital (base of skull) and
mandible (jaw) areas. The posts make these orthoses more
rigid than collars, while greater contact through the
thoracic vest lengthens the lever arm of the orthosis,
which provides greater restriction to gross cervical mo-
tion, eliminating up to 70–85% of normal flexion-extension
motion, 65–80% of rotation, and 45–55% of lateral bending
(20).

In a 4-poster orthosis, the uprights tend to be subjected
to compressive loads along their lengths and can be
considered functional struts (21). Restraint of cervical
motion will be more effective if the uprights are subjected
to compressive rather than bending loads. As a result of
the shape of the head, the anterior uprights are better
positioned to act as struts than the posterior uprights and
provide reasonable restraint to flexion of the cervical
spine. The posterior uprights function more as bending
beams and rely on rigidity to limit extension of the cervical
spine.

A halo or Minerva CTO provides additional stabiliza-
tion of the head. The halo orthosis consists of a rigid ring
(worn around the head like a halo) screwed into the outer
layer of skull bone at four points. Rigid uprights connect
the ring to a thermoplastic, thoracic vest. The effective-
ness of this orthosis is dependent on the rigidity of the
uprights, the fit of the vest, and the secure anchorage of
the skull pins. The orientation of the uprights and the
relatively long lever arms of the halo orthosis allow it to
provide triplanar control of the cervical spine. Although it
is generally agreed that the halo orthosis provides the best
immobilization of the cervical spine, eliminating up to 90–
95% of gross cervical motion (20), lack of total contact can
lead to intersegmental snaking of the cervical spine (22).
Despite this phenomenon, it is prescribed where max-
imum stabilization is required, such as postoperatively
after unstable fractures of the cervical spine have been
fused. The halo orthosis allows hospital discharge while
the fusion is not fully united. The Minerva orthosis is
comprised of two rigid, thermoplastic sections strapped
together: a posterior panel extending from mid-thorax to
the top of the head and an anterior panel extending from
mid-thorax to mandible (jaw). The Minerva orthosis is less
invasive than the halo orthosis, and Gavin et al. (22)
suggest that it may offer better intersegmental control of
cervical spine motion because of the total contact design.

4.2.3. Thoraco-Lumbo-Sacral Orthoses (TLSO) and
Lumbo-Sacral Orthoses (LSO). TLSOs are rigid orthoses
that surround the thorax and abdomen, encompassing
the thoracic, lumbar, and sacral regions of the spine.
They may be either of molded plastic construction (some-
times referred to as ‘‘body jackets’’ because of their total

Figure 7. Examples of cervical orthoses (CO): (left) the firm,
Miami collar incorporating both rigid plastic and padding, and
(right) a soft, foam collar. Note that the Miami collar is designed
to provide support beneath the chin and base of the skull (occiput)
and has an anterior, circular window to allow access to the
trachea (windpipe), which may be necessary in emergency situa-
tions.
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contact design) providing triplanar control or a frame-like
device made of metal and providing more discrete control,
for example, flexion control, flexion-extension control,
flexion-extension-lateral flexion control, and hyperexten-
sion control. Figures 8 and 9 depict different types of
TLSOs and LSOs. Chase et al. (23) categorize spinal
orthoses as dynamic (to correct or decrease deformity),
postural/functional (to decrease pain), and postural/static
(to prevent further deformity and preserve physiological
functions such as respiration).

Spinal pain may be caused by a variety of conditions
including osteoporosis-induced kyphosis, thoracic or lum-
bar surgery, prolapsed intervertebral discs, sciatica, and
ankylosing spondylitis. However, idiopathic (unknown
origin or cause) low-back pain is the most common com-
plaint. It is thought that mechanical loading of the spine is
the largest factor in low-back pain. Pain reduction is
accomplished orthotically by decreasing motion in the
lumbar spine and providing some support of compressive
loads. Prefabricated corsets (Fig. 10) are used primarily for
pain relief most commonly because of acute low-back pain.
Corsets are made from lightweight canvas or elastic
material and may encompass the thoracic, lumbar, and
sacral regions of the spine. They provide moderate support
to compressive load on the vertebral bodies through in-
creased intra-abdominal pressure and reduce gross mo-
tion, predominantly by reminding the wearer to avoid
painful movements. It is believed that by exerting a static
lift under the diaphragm, intra-abdominal pressure is
increased, which decreases the compressive load placed
on the lumbar spine.

Altering spinal alignment can also decrease pain,
especially where pain is located predominantly in either
the anterior portion or posterior portion of the vertebral
segment. For example, the load shared by the anteriorly

located intervertebral discs is increased when the spine is
flexed and decreased when the spine is extended. The
reverse holds for the posteriorly located facet joints. A
corset may be used to reduce pain by altering the magni-
tude of lumbar lordosis (i.e., extension). Similar objectives
can be achieved with more rigid LSOs made from molded
plastic or metal. The increased rigidity of LSOs offers

Figure 8. Examples of spinal orthoses, from left to right: (a) the
Milwaukee CTLSO is a hybrid orthosis made of metal and plastic,
and (b) a thermoplastic LSO with posterior opening.

Figure 10. Example of a prefabricated, lumbo-sacral corset
(viewed anteriorly).

Figure 9. Examples of metal spinal orthoses, from left to right:
(a) the Knight–Taylor TLSO provides sagittal and coronal control,
and (b) the chairback LSO provides sagittal control only. Both
include a pelvic and thoracic band, paraspinal bars, and an
anterior corset panel. The Knight–Taylor TLSO also includes
lateral uprights for added coronal control. An intrascapular bar
may also be included, but is not shown in this example. The axilla
straps on the Knight–Taylor TLSO provide control of thoracic
spine flexion.
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greater control of motion than prefabricated corsets and
may be used in the treatment of more severe pathologies.

Spinal orthoses may be used to stabilize an injured
spine. Fractures and ligamentous injuries are the most
common cause of instability (defined by the load-displace-
ment behavior of the injured spinal segment). The type
and location of injury determines the extent of instability.
For example, the spine may be considered as consisting of
three load-bearing columns (24): the anterior column
(comprising the anterior longitudinal ligament and the
anterior portion of the intervertebral disc and vertebral
body), the middle column (comprising the posterior long-
itudinal ligament and posterior portion of the interverteb-
ral disk and vertebral body), and the posterior column
(comprising the posterior arch, supraspinous and inter-
spinous ligaments, joint capsule, and ligamentum fla-
vum). The disruption to load-carrying capacity differs
with extent of involvement of each of these columns (25):
In the lumbar spine, anterior column injury (referred to as
compression fractures) cause a 46% reduction in load-
carrying capacity; posterior column injury (such as iso-
lated lamina fractures), a 30% reduction; combined ante-
rior and middle column injuries (burst fractures), a 68%
reduction; combined posterior and middle column injuries
(seat-belt type injuries), a 63% reduction; and failure of all
three columns (fracture-dislocation injuries) result in
complete instability. These injuries also decrease stiffness
of the spine leading to the potential for deformity to occur.

The aim of orthotic treatment is to protect the injured
spine from forces that cause the progression of deformity
by providing stability and relief of loads if possible until
healing has occurred. Orthoses may be used in the con-
servative management of injury, or postoperatively to
protect the surgical construct. For example, a sagittal
control orthosis (such as the Jewett orthosis) might be
used to conservatively treat an anterior burst fracture in
the lower thoracic spine by preventing flexion, increasing
extension, and relieving load on anterior column struc-
tures. This is a frame-like orthosis that applies a three-
point force system through two anterior pads (over the
sternum and symphysis pubis) and one posterior pad
(midway down the trunk) to encourage thoracic hyperex-
tension. Nonoperative orthoses limit gross movement,
reduce intersegmental motion, and redistribute loads
away from injured structures if possible. Postoperative
orthoses work in addition to the surgical construct to
prevent gross motion of the torso until bony fusion occurs.
A postoperative TLSO should reduce motion and the
moment applied to the fused segment by movement of
the body above and below the level of fusion. Alignment of
the spine is dictated by the surgical construct, no addi-
tional extension or flexion should be induced by the
orthosis or a potentially destructive moment will be placed
on the implant.

The principle pathologies for which correction of defor-
mity is sought are adolescent idiopathic scoliosis and
Scheuermann’s disease (adolescent kyphosis). Idiopathic
scoliosis is a three-dimensional deformity of the spine
requiring the application of three-point force systems to
correct abnormal curvature. Adolescent kyphosis (round
back or hunchback deformity) is primarily a sagittal plane

deformity with no associated axial rotation. Orthotic
treatment of adolescent idiopathic scoliosis and adolescent
kyphosis is aimed at correcting flexible curves to the
fullest extent possible and maintaining correction until
skeletal maturity is reached in the hopes of avoiding the
need for surgical correction. Uncorrected curves not only
lack cosmesis but may compromise function of the cardi-
opulmonary system and daily activities: If severe, spinal
deformity can affect the ability to maintain balance or look
ahead when walking.

Orthoses used to treat scoliosis have three mechanisms
of action: end point control, transverse load/support, and
curve correction (22). Gavin et al. (22) suggest that
deformation of the spine is similar to the concept of elastic
buckling of slender columns, except that curve progression
is gradual in scoliosis and affected by curve magnitude. If
left untreated, plastic deformation of the spine occurs, as
residual permanent deformation exists when compressive
load is removed. To correct and prevent curve progression,
an orthosis must provide mechanical constraint at either
end of the column (i.e., end point control), provide some
transversely directed load at the apex of the curve, and
reduce the curve to the fullest extent possible. As the effect
of curve reduction and transverse load are cumulative,
orthoses must be continuously adjusted as curve reduction
is achieved. Continuous adjustment will also be required
in order to maintain optimum correction as the child
grows. Orthotic treatment of scoliosis is further compli-
cated by the presence of multiple curves (classed as
primary, compensatory, and double major curves): Treat-
ment of one curve affects the other and also the overall
compensation of the spine (i.e., orientation of the head
over the pelvis). Two of the most common orthoses for the
treatment of idiopathic scoliosis are the theromoplastic
Boston TLSO and the Milwaukee CTLSO (Fig. 8a), a
frame-like metal orthosis that includes a neck ring. Both
of these orthoses apply corrective forces through appro-
priately positioned pads and by stimulating active realign-
ment by the patient.

TLSOs may also provide deformity correction and
postural support for physiological and functional benefit
in the treatment of neuromuscular disorders, where weak
or spastic muscles cause deformity. Neuromuscular sco-
liosis is common in nonambulatory children, usually
resulting in a C-shaped, flexible curve of the spinal
column. Scoliosis, in conjunction with pelvic obliquity
caused by hip subluxation or dislocation, often results in
seating imbalance. The primary objective of orthotic treat-
ment is to reduce spinal deformity and delay surgical
fusion until skeletal maturity is reached. Orthoses may
also improve sitting balance, reduce fatigue, and allow for
better upper limb and head control. Total contact TLSOs
are required as they are strong and rigid enough to
support body weight and distribute forces over as large a
surface area as possible.

4.3. Upper-Limb Orthoses

Upper-limb orthoses may encompass all or part of the
upper limb and generally play an important role in aiding
function, in particular reach, prehension, carry, and re-
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lease of objects. Upper-limb function is more variable than
lower-limb function, which is characterized by a cyclic
pattern of sequential movements. The design of upper-
limb orthoses is further complicated by the complex
anatomy of the human hand [the wrist and hand have
301 of freedom (26)], simultaneous joint motions, short
digital lever arms, and limited soft tissue coverage of bony
prominences.

Upper-limb orthoses form only a small portion of
orthotic practice, accounting for less than 10% of clinical
practice by Certified Orthotists (11), which is also reflected
in the scarcity of articles published on upper-limb ortho-
tics (2). This fact is indicative of a general lack of interest
and development in upper-limb orthotics, especially as
compared with lower-limb and spinal orthotics.

Upper-limb orthoses assist individuals, especially those
with a strong desire to be as independent as possible, in
performing various activities of daily living. They are
often used in conjunction with other therapies, and unlike
lower-limb orthoses, upper-limb orthoses are more often
for temporary rather than long-term use, being discarded
when functional or treatment goals have been met. Upper-
limb orthoses may be used to promote tissue healing or
decrease pain by immobilization; prevent contractures
and correct deformities; increase range of motion,
strengthen muscles, and manage tone; and provide appro-
priate positioning.

Upper-limb orthoses are commonly classified as static
or dynamic; however, Lunsford (27) subclassifies upper-
limb orthoses further according to therapeutic and func-
tional goals. Static orthoses hold selected upper-limb joints
in optimum positions so as to reduce painful motions,
prevent or correct deformity, and facilitate function. Dy-
namic orthoses provide mechanical assistance to joint
motion where muscles are weak or paralyzed or where
muscle imbalance across joints is present. According to
Lunsford (27), therapeutic orthoses are those that support
the upper limb without necessarily aiding specific func-
tional tasks, whereas functional orthoses are those that
aid specific functional tasks.

4.3.1. Hand Orthoses (HdO), Wrist Orthoses (WO), and
Wrist-Hand Orthoses (WHO). Static wrist and hand
orthoses support the wrist joint, maintain the functional

architecture of the hand, and prevent wrist-hand defor-
mities (Fig. 11). These functions are achieved by ensuring
normal joint alignment in the absence of contractures or
restoring normal joint alignment by decreasing contrac-
tures. If possible, a static orthosis should maintain the
wrist in a position for optimal hand function. This ‘‘func-
tional position’’ of 15–301 of wrist extension takes advan-
tage of the tenodesis effect: When the wrist extends, the
fingers flex. A static orthosis may be used in the presence
of painful arthritis to immobilize the affected joint/s and
provide functional stability and decreased pain. All static
orthoses may be modified to provide functional activities
by attaching pockets and clips that hold utensils, pens,
page-turners, and other useful objects. These functional
static orthoses are used when rigid deformities preclude
the use of dynamic orthoses.

In dynamic wrist and hand orthoses, active contraction
of muscles deforms the orthosis, while components provid-
ing strain energy, such as elastic bands or coiled wire,
return the orthosis (and joints) to a predetermined resting
position when muscles are relaxed. In order for the correct
resting position to be maintained, the forces exerted by the
orthosis on the hand must be in static equilibrium when
musculature is relaxed. The magnitude of the force ap-
plied by the orthosis should be adjusted so as to ensure
that it is tolerable to the patient.

Elastic bands can only exert a tensile force along their
own longitudinal axes and are therefore not as effective as
coiled wire (rotational springs) for addressing finger func-
tion because fingers follow a curved path when flexed.
Low-friction rolling pulleys and outriggers are incorpo-
rated to correctly direct the line of action of elastic bands
and position the bands in a longitudinal direction adjacent
to the hand. The advantage of coiled wire is that it can
produce both flexion and extension moments and has an
inherently smaller profile. The disadvantage is that the
axis of rotation of coiled wire is located at its center so it
must be carefully aligned with respect to the anatomical
axis of rotation. Examples of dynamic orthoses include
extension orthoses for finger joint flexion contracture (Fig.
12).

Low-temperature thermoplastic wrist and hand
orthoses are generally used immediately following trauma
or injury to provide protection, support, or correction. For
example, where burns of the hand are present, a low-
temperature thermoplastic orthosis with a large contact
area, applied soon after injury, will prevent loss of motion
and prevent scar formation. These orthoses may also be
used where nerve injury is present, but function is ex-
pected to return over a short period of time. In this case,
the orthosis should ensure that joint range of motion is
maintained.

4.3.2. Elbow Orthoses (EO). Static elbow orthoses are
used to reduce soft tissue contractures of the elbow
musculature that result from trauma or disease and cause
functional limitations. Contractures may be diminished
through a regimen of stretching, applying low-magnitude
long-duration forces so as to avoid the response of antag-
onistic muscles observed with quick, intense stretching.
An orthosis that applies an adjustable three-point force

Figure 11. Example of static wrist-hand orthosis (WHO) made
from high-temperature thermoplastic. A functional position is
maintained with the wrist extended approximately 151 and the
thumb positioned in opposition to the first and second digits.
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system across the elbow joint may assist with stretching a
flexion contracture. It is important to maximize lever
arms so as to reduce the forces on the soft tissues and
avoid tissue damage. Such an orthosis may be worn either
full-time or part-time, and often at night.

A dynamic elbow orthosis may be used to treat a stable,
well-aligned fracture or as an adjunct to internal surgical
fixation (Fig. 13). Applying circumferential compression to
the soft tissues surrounding the fracture site may stabilize
fractures by providing a ‘‘hydraulic lock.’’ A fracture
orthosis should promote union of the fracture site while
allowing safe magnitudes of joint motion that both stimu-
lates tissue repair and avoids contracture. Fracture
orthoses are lighter and more comfortable than casts,
allow for better self-hygiene, and may provide more
optimal control of the fracture site as they can be adjusted
to accommodate volume changes.

Other injuries and diseases affecting the muscles or
their nerve supply can cause weakness or paralysis,
which, at the elbow, often results in an inability to achieve
flexion against an applied load or gravity, leading to
difficulties with activities of daily living, such as feeding
and grooming, that require the hand to be brought into
contact with the body. The objectives of a dynamic elbow
orthosis are to assist in achieving and maintaining elbow
flexion. This type of orthosis usually incorporates an
elastic flexion-assist component and an incremental posi-
tional mechanical lock against extension. A manually
activated release allows the elbow to extend.

4.3.3. Shoulder-Elbow Orthoses (SEO) and Shoulder-El-
bow-Wrist-Hand Orthoses (SEWHO). The most common

purpose of shoulder orthoses is to prevent subluxation of
the shoulder joint or protect the brachial plexus (the
network of nerves located in the axilla/armpit) from
further stretch injury. As the loads at the shoulder are
usually tensile ones, prevention of joint subluxation or
brachial plexus injury requires a force that provides
support for the weight of the arm. Such orthoses require
the mechanical support of the humerus directly onto the
trunk. A static SEO may be used to provide similar
support to a conventional arm sling but without placing
pressure on the back of the neck. For example, such an

Figure 12. An example of a dynamic wrist-hand-finger orthosis
made from high-temperature thermoplastic and providing exten-
sion of the fingers through the coiled wires. When this orthosis is
worn and finger flexor muscles are relaxed, the weight of the
fingers positioned in the slings at the end of the coiled wires pulls
the wires down until an equilibrium point is reached. Active
finger flexion results in tension in the wires that is released when
the flexor muscles are relaxed, returning the fingers to the resting
position (point of static equilibrium).

Figure 13. Example of a prefabricated elbow fracture orthosis
with adjustable elbow joint. Range of motion is adjusted by
altering the position of two set screws located in the elbow joint,
one acting as a flexion stop and the other an extension stop.

Figure 14. Example of a prefabricated shoulder-elbow-wrist-
hand orthosis that positions the shoulder in abduction and
internal rotation and the elbow in flexion. The arm is supported
by attachment of the orthosis to the trunk. Three straps, two that
go circumferentially around the waist and chest, and one that
goes over the opposite shoulder, act to suspend the orthosis on the
torso.

ORTHOTICS 13



orthosis may be anchored to the torso at the waist, using
the pelvis to support the weight of the arm.

Subluxation/dislocation of the shoulder or surgical
repair of the rotator cuff (shoulder) muscles may require
that the arm be supported in a fixed, abducted position
(Fig. 14). Following dislocation/subluxation, abduction
and elevation of the arm provides maximum bony con-
gruency at the shoulder (glenohumeral joint). External
rotation of the shoulder relieves tension on the reattached
rotator cuff muscles. This position is also appropriate
following axilla burns to prevent contractures and long-
term immobility.

Injuries to the brachial plexus and spinal cord can
result in a totally flaccid limb. A Mobile Arm Support (a
type of dynamic, functional SEO) may be used to support
the weight of the limb, whereas a series of linkages allows
shoulder and elbow movement for the purposes of per-
forming activities of daily living such as feeding. Mobile
Arm Supports are most often attached to a wheelchair,
although they may also be attached to a table or mounted
onto a body jacket worn by an ambulatory patient. The
patient must have good coordination and adequate muscle
strength to move the shoulder and elbow horizontally.
Mechanically supporting the weight of the arm allows the
weakened musculature to be more effective and increases
endurance. Weak muscles function while being protected
from contracture and are strengthened by use.

5. SUMMARY

Orthoses have been used for hundreds of years and have
proven clinically to be useful in the treatment of functional
and structural deficits resulting from many different
pathologies affecting the neuro-musculo-skeletal system.
In the last century, advancements in the field of orthotics
resulted predominantly from the development of material
technology. Current advances are being spurred by the
application of technology to the control of joint motion.
Knowledge of the biomechanics of orthoses is required to
understand how the application of force systems may
provide support, correct deformity, or modify motion oc-
curring at a joint. However, the science of orthoses is still
immature and a need exists for the field of orthotics to
demonstrate efficacy more objectively, especially within
the current medical paradigm of evidence-based practice.
The technology exists to measure motion and other as-
pects of function objectively. Gross motion of body seg-
ments may be assessed using noninvasive, computerized
motion analysis systems, whereas intersegmental motion
may be assessed using systems such as dynamic fluoro-
scopy. The application of such technology to the assess-
ment of orthotic treatment will help further develop the
science of orthotics and provide the basis for evidence-
based practice.
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1. INTRODUCTION

Parametric adaptive identification methods, in general,
are known to be important tools when determining rele-
vant characteristics of a given system. For concreteness
and better understanding of the problem, let the system be
a human patient, and let the characteristics of interest be
the cardiovascular parameters such as the cardiac output,
systemic vascular resistance, systolic ejection period, or
mean venous pressure. Furthermore, the goal is to iden-
tify these parameters as well as possible without perform-
ing any invasive procedures (such as opening the patient’s
chest). Certain instruments and sensors exist that can
take measurements of certain relevant quantities of the
system that are a priori known to be statistically related
to the underlying cardiovascular parameters of interest.
For instance, one could measure the pressure pulse at the
carotid artery with a Millar tonometer, the blood-flow
waveforms using a Doppler ultrasound device, as well as
simply taking down the patient’s heart rate. All of these
measurements are subject to various distortions such as
human error, instrument miscalibration, electronic ther-
mal noise, and various forms of interference from other
instrumentation. The problem is then how to best estimate
the afore-mentioned cardiovascular parameters, thus in-
ferring the patient’s health condition, given the noisy
observations, or measurements, of certain other quanti-
ties. Parametric estimation theory presents a precise
mathematical framework for solving this problem.

In the example described above, the underlying as-
sumption was that the parameter to be estimated is not
changing with time (the patient’s cardiovascular health is
roughly fixed over the measurement period). In other
words, one is able to gather a certain number of measure-
ments before estimating the different parameters. How-
ever, if the parameters of the system under consideration
are time-varying during the measurement-taking process
and one is required to make decisions based on their
instantaneous values, one must somehow adaptively up-
date the estimates of the parameters as time passes. For
instance, a speech-controlled system must constantly
compute and recompute its estimate of the words spoken
by the user in order to perform any required time-sensi-
tive operations. Here, the theory of adaptive parametric
identification provides a toolbox of algorithms that can be
used to estimate the unknown parameters in real time.

This article is organized as follows: In the next section,
the fundamental concepts of estimation theory are pre-
sented. The minimum mean-square error estimation (see
Refs. 1–4) is introduced that is used throughout the rest of
the article. In the following section, the focus is on

adaptive estimation and in particular the Kalman filter
(5–7), the Wiener–Hopf equation (2,8), and the algorithms
that can be used to (approximately) solve it. Finally,
several interesting and important applications of Kalman
filtering and parametric estimation in the field of biome-
dical engineering are presented.

Throughout the article, xba will be used to denote the
vector (xa ,y, xb), x

Twill be used to indicate the transpose
of the vector x, E½X� will be used to denote the expectation
(mean) of the random variable X, PðAÞ will be used to
denote the probability of event A, and CovðX ;YjZÞ¼ E½ðX �
E½X�ÞðY � E½Y �ÞjZ� will be used to denote the conditional
cross covariance of random variables X and Y given the
random variable Z.

2. PARAMETRIC ESTIMATION

In most estimation problems, there exists a statistical
model of the parameters of interest and the observations.
Namely, the parameter, call itY, is a random variable that
takes values in some arbitrary space L and the observa-
tion Y is a random variable taking values in G. A family of
distributions {Py; yAL} exists for the random observation
Y, one for each realization of the random variable Y¼ y.
The realizations of Y will be denoted by y.

With such a model, often called the Bayesianmodel, the
goal of the parameter estimation problem is to find a
function, called the estimator and denoted by ŷ : G! L,
such that ŷðyÞ is the ‘‘best’’ guess of the true value of y
based on the observation Y¼ y. This true value of y is
always such that Y is distributed according to Py.

Clearly, the estimator ŷ will depend on what exactly is
meant by best. Many different criteria exist that one can
choose to evaluate the estimation performance. In general,
a cost function C : L�L! R exists such that C(a, y)
measures the cost of estimating the true value of y by
the value a, where aAL. The average cost is then defined
as

rðŷÞ ¼def E C ŷðYÞ;Y
� �h i

;

where the expectation is taken over the distribution of the
random parameter Y and random observation Y. To com-
pute the best estimator, one then minimizes the a poster-
iori cost, conditioned on Y¼ y, over all possible estimators,
that is,

ŷbestðyÞ ¼
def

arg min E C ŷðyÞ;Y
� �

jY ¼ y
h i

¼ arg min

Z

L

C ŷðyÞ; y
� �

w yjyð Þm dyð Þ;

where w(y|y) is the conditional density (or mass) function
of Y given Y¼ y and m(dy) is dy if Y is a continuous
random variable or simply the counting measure if Y is
discrete. Three common choices of the cost C(a, y) lead to
minimum-mean-square error, minimum-absolute error,
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and maximum a posteriori probability estimation, respec-
tively.

2.1. Minimum-Mean-Squared Error (MMSE) Estimation

Suppose that L¼R and E½Y2�o1. The first choice, and
the most commonly used cost function is

Cða; yÞ¼ ða� yÞ2;

and it measures the square of the estimation error. The
corresponding average cost is E½ðŷðYÞ �YÞ2�, and this cost
can be computed via the posterior cost, given Y¼ y:

E ŷðyÞ �Y
� �2

jY ¼ y

� �

¼ ŷðyÞ2 � 2ŷðyÞE YjY ¼ y½ �

þ E½Y2jY ¼ y�:

Thus, the minimum of the above quadratic function in
ŷðyÞ occurs when

ŷðyÞ¼ ŷMMSEðyÞ ¼
def

E YjY ¼ y½ �;

which is simply the conditional mean of Y given Y¼ y.

2.2. Minimum-Mean-Absolute Error (MMAE) Estimation

If L¼R, one can also use the absolute error as the cost
function:

Cða; yÞ¼ a� yj j;

with the corresponding average cost E½jŷðYÞ �Yj�, which is
called the mean-absolute error. The minimum-mean-abso-
lute error estimator, ŷMMAEðyÞ, turns out to be any point
such that

PðYotjY ¼ yÞ � PðY > tjY ¼ yÞ; toŷMMAEðyÞ; and

PðYotjY ¼ yÞ � PðY > tjY ¼ yÞ; t > ŷMMAEðyÞ:

In other words, ŷMMAEðyÞ is the conditional median of Y
given Y¼ y. In general, the MMSE estimation is preferred
over MMAE estimation because MMSE estimation is
mathematically tractable.

2.3. Maximum A Posteriori Probability (MAP) Estimation

If L¼R, one can use yet another cost function, given as

Cða; yÞ¼
0 if ja� yj � D;

1 if ja� yj > D;

(

where D40. The corresponding posterior cost, conditioned
on Y¼ y, can be expressed as

E CðŷðyÞ;YÞjY ¼ y
h i

’ 1� 2DwðŷðyÞjyÞ:

Therefore, the function ŷðyÞ that minimizes the above

expression is the one that maximizes the parameter’s a
posteriori probability, conditioned on Y¼ y, that is,

ŷðyÞ¼ arg max
y2L

wðyjyÞ:

Observe that one can always compute w(y|y) using
Bayes rule:

wðyjyÞ¼
pyðyÞwðyÞ

R

L pyðyÞwðyÞmðdyÞ
;

where py(y) is the conditional density of Y given Y¼ y and
w(y) is the density of Y. The maximization of this quantity
is equivalent to the maximization of only the numerator
because the denominator is not a function of y (it is simply
p(y), the unconditional density of Y).

3. ADAPTIVE PARAMETRIC ESTIMATION

3.1. Stochastic Dynamical Systems

Many time-varying physical phenomena of interest can be
modeled as obeying equations of the type

Xnþ 1¼ fnðXn;UnÞ; n¼ 0; 1; . . . ; ð1Þ

where fXng
1
n¼ 0 is a sequence of vectors in Rm representing

the phenomenon (signal) is to be estimated. The sequence
fUng

1
n¼ 0 is a sequence of vectors in Rs representing actions

that influence the evolution, in discrete time, of this
dynamical system that is defined by the sequence of
functions ffng

1
n¼0. If the input, or action, vectors fUng

1
n¼ 0

are random vectors, then such a system is called a
stochastic dynamical system. The vector Xn is referred to
as the state of the system at time n.

The assumption is that the state of the system is not
directly available. What one can obtain, however, is a
certain measurement, or observation, of the state given by

Yn¼hnðXnÞ; n¼ 0; 1; . . . ;

for some sequence of functions fhng
1
n¼ 0.

Now suppose that one is interested in estimating the
state of the system Xn at each time instant n, based on all
the observations up until time n. In the language of the
previous section, the unknown parameterYn¼Xn is now a
function of time n. If one adopts the MMSE estimation
criterion, the optimum estimator is given by,

X̂n¼ E XnjY0;Y1; . . . ;Yn½ �:

However, the observation set fYig
n
i¼ 0 is growing linearly

in n so the practical computation of the conditional mean
above will become prohibitively difficult unless the system
has special structure. Thus, a further constraint of linear-
ity is imposed, that is, the state and observation vectors
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take the following form:

Xnþ 1¼FnXnþGnUn; n¼ 0; 1; . . . ;

Yn¼HnXnþVn; n¼ 0; 1; . . . ;

where Fn,Gn,Hn are matrices (of appropriate dimensions)
and fVng

1
n¼ 0 is assumed to be a sequence of independent

zero-mean Gaussian random vectors that models the
thermal noise in the equipment used to take the measure-
ments. A further assumption is that fUng

1
n¼ 0 is also a

sequence of zero-mean Gaussian random vectors, inde-
pendent of fVng

1
n¼ 0 as well as across time, which is also a

reasonable model for random inputs to the system because
of phenomena such as turbulence. For this model of the
stochastic dynamical system, a simple method of recur-
sively computing the MMSE estimate exists, which is the
subject of the following section.

3.2. The Kalman Filter

Let Yn
0 denote the set of vectors {Y0, Y1,y, Yn}. The MMSE

estimates X̂njn ¼
def

E½XnjY
n
0 � and X̂nþ 1jn ¼

def
E½Xnþ 1jY

n
0 � are

recursively computed using the following equations:

X̂njn¼ X̂njn�1þKnðYn �HnX̂njn�1Þ; and

X̂nþ 1jn¼FnX̂njn;

with X̂0j�1 ¼
def

E½X0� and the ‘‘Kalman gain’’ matrix Kn

computed as

Kn¼Snjn�1H
T
n ðHnSnjn�1H

T
n þRnÞ

�1;

where Snjn�1 ¼
def

CovðXnjY
n�1
0 Þ is the conditional covariance

of Xn given the past observations and Rn ¼
def

CovðVnÞ. Note
that because X̂njn�1¼ E½XnjY

n�1
0 �, Rn|n� 1 is the covariance

matrix of the prediction error Xn � X̂njn�1, conditioned on
Yn�1
0 . This matrix can be computed in the same step with

the filtering error covariance Snjn ¼
def

CovðXnjY
n
0 Þ with the

following recursive formula:

Snjn¼Snjn�1 �KnHnSnjn�1; and

Snþ 1jn¼FnSnjnF
T
n þGnQnG

T
n ;

with S0j�1¼S0 ¼
def

CovðX0Þ, where Qn ¼
def

CovðUnÞ.
The filter is illustrated in Fig. 1. One can observe that,

although the estimators X̂njn and X̂nþ 1jn depend on the

entire past observations Yn
0 , they are computed at each

stage from only the latest observation Yn and the previous
prediction X̂njn�1. Thus, the only storage necessary is that
for a single m-length vector X̂njn�1. Also, observe that the
other equations (for Kn, Rn|n, Rnþ 1|n) are computed from
the system parameters (matrices Hn, Gn, Qn, Rn).

The Kalman filter can be interpreted as follows: The
MMSE estimate of Xn given Yn

0 , denoted by X̂njn, can be
viewed as the linear combination of the MMSE estimate of
Xn given the past data Yn�1

0 , denoted by X̂njn�1, and a
correction termKnðYn �HnX̂njn�1Þ. By the structure of the
observation equation, one can see that the MMSE esti-
mate of Yn from Yn�1

0 , denoted by Ŷnjn�1 ¼
def

E½YtjŶ
n�1
0 � is

actually equal to HnX̂njn�1. Thus, the difference Yn �

HnX̂njn�1 can be interpreted as the error in predicting Yn

from the past Yn�1
0 . Hence, the observation at any given

time is composed of two quantities: the MMSE of Yn given
the past and a part that is completely independent of the
past. Therefore, this difference is, in fact, the amount of
‘‘new’’ information that is gained by taking the nth
observation into account when estimating Xn.

Finally, note that if the assumption that fUng
1
n¼ 0 and

fVng
1
n¼ 0 are Gaussian random vectors is relaxed to allow

for arbitrary distributions, the Kalman filter gives the
best (in the mean-square error sense) estimate in the
restricted class of linear estimators of the observation
sequence. Estimators of this type are studied next.

3.3. Optimal Linear Filtering

The reason that in the non-Gaussian setting the Kalman
filter gives the MSE estimate in the class of linear
estimators comes directly from an important fact in
optimal linear filtering theory: The MSE linear filter is
always fully determined by the second-order statistics,
that is, the mean and covariance, of the observation and
the underlying parameter sequences. This section ex-
plains how this fact comes about.

Consider the general estimation problem with two
sequences of random variables, fYng

1
n¼�1 and fXng

1
n¼�1,

exist. The measurements Yn are observed for some set of
times arnrb and the goal is to estimate Xt for some
particular time t. As shown in the MMSE estimation
section, the MMSE estimator is given by X̂t¼ E½XtjY

b
a �.

However, as was observed in the stochastic dynamical
systems section, the amount of observation data can be too
large for one to be able to efficiently compute the above
estimator. Thus, the problem was simplified by consider-
ing a special structure in the parameter and observation
sequences. Here, the assumption is that only linear esti-
mators are allowed:

X̂t¼
X

b

n¼a

ht;nYnþ ct;

where fht;ng
b
n¼a and ct are scalars. A standard result in

estimation theory is that if Xt, Ya,y, Yb are jointly
Gaussian random variables, then the actual MMSE
E½XtjY

b
a � is precisely of the above linear form, hence, in

this case, there is no loss of generality of considering the

Xn\n

Xn+1\n

Hn

Kn FnYn

Unit
Delay

Figure 1.
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restricted class of linear estimators in determining the
globally optimal estimator. However, in general, the best
linear estimator is suboptimal in the mean-square error
sense.

A fundamental result in the theory of optimal linear
filtering is that the estimator that minimizes the mean-
squared error over all possible linear estimators is pre-
cisely characterized by the ‘‘orthogonality condition,’’ that
is, Xt is optimal if and only if

E X̂t � Xt

� �

Z
h i

¼ 0 for all linear estimators Z:

Another way of stating this equation is that X̂t is the
MMSE linear estimator of Xt given Yb

a if and only if the
estimation error Xt � X̂t is orthogonal to every linear
function of the observations Yb

a . This is reminiscent of
the projection theorem in analysis, which states that the
minimum length from ay to a given x over all constants a is
such that (x — ay) is orthogonal to ay.

This ‘‘orthogonality principle’’ is crucial in deriving the
Wiener–Hopf equation, which specifies the necessary and
sufficient conditions on the coefficients fht;ng

b
n¼a and ct of

an optimum linear estimator:

CXY ðt; jÞ¼
X

b

n¼a

ht;nCY ðn; jÞ; a � j � b;

where CXY ðt; jÞ ¼
def

CovðXt;YjÞ is the cross covariance of the
sequences fXng

1
n¼�1, and fYng

1
n¼�1 and where

CY ðn; jÞ ¼
def

CovðYn;YjÞ is the autocovariance of fYng
1
n¼1

Thus, the optimal linear estimator is completely deter-
mined by the second-order statistics of the parameter and
observation sequences.

Defining the matrix sXY ðtÞ ¼
def
½CXY ðt;aÞ; . . . ;CXY ðt; bÞ�

T,
and letting SY be the covariance matrix of the vector
(Ya,y, Yb)

T, one can express the solution of the above
Wiener–Hopf equation as

ĥt¼
X

�1

Y

sXY ðtÞ;

where ĥt ¼
def
ðht;a; . . . ;ht;bÞ are the coefficients of the optimal

linear estimator.
If the matrix RY is of dimension k, roughly k3 steps are

required to compute its inverse. As k is roughly linear with
time, this computation is prohibitively difficult. Thus, it is
of great interest in practice to consider algorithms that
can approximate this solution. The following subsection
considers algorithms that are standards in adaptive filter
theory.

3.4. Algorithms for Approximating the Optimal Linear Filter

3.4.1. Deterministic Gradient-Descent Algorithm. Sup-
pose that one is interested in characterizing the impulse
response of a given system (plant) by an FIR filter (and M-
dimensional vector) ĥ, that is, the objective is to find the
MMSE linear filter to estimate the given plant’s impulse
response. The sequence Yn�Mþ 1

n ¼ ðYn;Yn�1; . . . ;Yn�Mþ 1Þ
T

is also given along with the knowledge that when this
sequence is applied to the plant, the output of the plant is
Xn. The linear MMSE filter is given by the Wiener–Hopf
equation:

ĥ¼
X

�1

Y

sXY ;

where RY is the covariance matrix of the sequence Yn�Mþ 1
n

and sXY is the cross co-variance vector between the
sequence Yn�Mþ 1

n and scalar Xn. The sequence Yn�Mþ 1
n

is assumed to be drawn from a stationary random process
as is Xn. Thus, the mean-squared error, or average cost, in
approximating the plant’s impulse response with some
h(n) can be written as

rðnÞ¼ s2X � hTðnÞsXY � sTXYhðnÞ

þhTðnÞSYhðnÞ;

where s2X is the variance of Xn. The minimum-mean-
square error is achieved for the Wiener–Hopf solution
and is given by

r̂¼ s2X � sTXYĥ:

As mentioned in the previous section, the computation
of the matrix inverse is too difficult, especially when the
filter contains a large number of coefficients (tap weights)
and the input data rate is high. Instead, consider the
following ‘‘gradient-descent’’ algorithm:

1. Begin with an initial guess of the optimum filter
h(0).

2. At step nZ1, compute the gradient of r(n) given by
rr(n)¼ �2sXYþ 2RYh(n).

3. Compute the next guess in the filter coefficients
according to

hðnþ 1Þ¼hðnÞþ
1

2
m �rrðnÞ½ �;

where m40 is the ‘‘step-size’’ parameter.

4. Go back to step 2 and repeat the process.

This algorithm converges, as n-N, to the optimal
Wiener–Hopf filter ĥ without the need for any matrix
inversions, which, intuitively, is because at each step the
update takes place in the direction of the steepest descent
(�rr(n)) of the mean-square error function in Rm, where
m is the number of filter coefficients. The step-size para-
meter m40 can be chosen to trade-off the speed of con-
vergence of the algorithm with its oscillation around the
optimum point (the larger the step size, the faster the
convergence).

3.4.2. Least-Mean Square (LMS) Algorithm. Although it
is computationally much simpler than matrix inversion,
the gradient-descent algorithm requires complete knowl-
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edge of the mean-square error surface r(n) in Rm and its
gradient. However, sometimes in practice it is not possible
to obtain the covariance matrix RY and vector sXY. Conse-
quently, these quantities must be somehow approximated.
A natural way of approximating them is to consider the
instantaneous ‘‘sample covariance’’ matrix and vector:

~RY ðnÞ¼Yn�Mþ 1
n Yn�Mþ 1

n

� �T
; and

~sXY ðnÞ¼Yn�Mþ 1
n X�n:

Correspondingly, the instantaneous approximation of
the gradient vector is

~rrðnÞ¼ � 2Yn�Mþ 1
n X�nþ2Yn�Mþ 1

n ðYn�Mþ 1
n Þ

ThðnÞ:

Note that, in the language of the optimal linear filtering
section, ðYn�Mþ 1

n Þ
ThðnÞ¼ X̂n, thus the update formula

(step 2 of gradient descent) now becomes:

hðnþ1Þ¼hðnÞþ mYn�Mþ 1
n Xn � X̂n

� �

:

The operation of the LMS algorithm is illustrated in the
following Fig. 2.

The LMS algorithm belongs to a family of stochastic
gradient algorithms: Going from one iteration to the next
does not guarantee a strict improvement in the estimator.
However, it can be shown that the LMS algorithm updates
converge in mean to the Wiener–Hopf optimum. The
mean-square error converges to the minimum mean-
square error plus an additional term called the misadjust-
ment. A good rule of thumb is to use the step-size para-
meter of the following magnitude

0omo2
X

M�1

k¼ 0

E Yn�kj j
2

� �

 !�1

;

where M is the number of filter coefficients.

4. BIOMEDICAL ENGINEERING APPLICATIONS

With the increasing computational power of modern com-
puters, the Kalman filtering approach is becoming more
feasible when applied to real-time large-scale biomedical
systems. If these biomedical systems can be described by a
very general model given in Equation 1, the Kalman filter
may be implemented as a digital computer program
emulating the equations provided in the Kalman filtering
section. Thus, the process of implementing Kalman filters
is a straightforward procedure that is application-inde-
pendent. For example, accurate dynamic modeling of the
complex behavior of motor cortical neurons is essential in
building prosthetic devices. Therefore, for the purpose of
reconstructing hand motion from the firing rates of motor
cortical neurons, probabilistic models have been success-
fully developed using Kalman filter theory (9,10). Kalman
filter-based approach has also been used to filter out the
appropriate information from respiratory sounds em-
bedded in background noise produced by heart, muscle
contractions, ambient, skin, hair, etc. (11). A methodology
based on recursive Bayesian mean-square estimators,
that is, Kalman filters, is applied to the problem of
single-trial dynamical estimation of event-related poten-
tials (ERPs) (12). ERPs are voltage changes of brain
electric activity caused by stimulation. Another important
application is in the area of modeling brain-machine
interfaces (BMI). For instance, Wiener filter-based ap-
proach has been used in the study of neuron activity in
relation to this problem (13).

In conlcusion, a wide variety of biomedical engineering
systems may be modeled using dynamic systems given by
Equation 1, for which the design of Kalman filters can be
accomplished using procedures provided in this paper.
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PATTERN CLASSIFICATION

DONNA L. HUDSON

University of California
San Francisco, California

Pattern classification, also known as pattern recognition,
was one of the first computer-based methods applied to
medical decision making and has found applications in
diverse areas from electrocardiograms to genetic sorting.
Pattern recognition in biomedicine is interpreted in two
ways. The most general definition includes recognition of
patterns in any type of dataset and is called pattern
classification. The more specific interpretation is limited
to finding patterns in images. The theoretical bases,
however, remain the same. Almost all approaches rely
on some type of machine learning, either supervised or
unsupervised. Within each of these categories, numerous
approaches exist. The following discussion covers the
historical basis of pattern classification, theoretical foun-
dations, and types of biomedical applications.

1. HISTORICAL PERSPECTIVE

Before the advent of computers, Hubel and Wiesel (1) did
extensive investigation into the cerebral cortex of the cat.
They mapped many complex structures and tracked the
path from the optic nerve to the lateral geniculate body to
the visual cortex. They found columns of cells in the visual
cortex that seemed to be responsible for processing various
shapes. They distinguished among simple cells, complex
cells, and hypercomplex cells. This work would later be
used as a model for detecting patterns in early work in
image pattern recognition. The cell types were used as a
model to determine features that could be used to detect
similar patterns in the images. Many early approaches to
visual pattern recognition were based on this work.

Computers began to be used for practical applications
in the late 1950s and early 1960s. Applications were
limited by small memory size and slow computation.
Despite these drawbacks, several useful medical pattern
recognition systems had been developed by the end of the
1960s. In 1969, Kulikowski used a pattern classification
approach for diagnosis of hyperthyroidism (2). He used a
sequential diagnostic procedure, determining at each
stage the likelihood of the presence of the disease. A new
set of variables, or features, was used at each stage, and
all variables were used to make the diagnosis. Thresholds
for the features were used to separate patients into three
categories: those who did not have the disease, those
where doubt remained, and those who probably do have
the disease. In the second case, one of several tests was
recommended. A 1974 summary of pattern classification
in medical diagnosis was compiled by Patrick et al. and
contains over 120 references of practical systems that
were already in use (3). Duda and Hart (4) and Young
and Calvert (5) provide detailed analyses of early pattern
classification techniques.

One common application of pattern classification has
been the analysis of time series data, such as electrocar-

diography and electroencephalography. A second impor-
tant area is image analysis. A paper by Raeside and Chu
(6) describes an application to echocardiography, a type of
ultrasound imaging. The authors attempted classification
by similarity measures and found the results to be poor.
They then turned to Fourier analysis. The first step in the
procedure was again feature extraction. The classification
methods considered were k-nearest neighbor, Bayes’ Rule,
and nonparametric statistical classification in which the
parameters were ascertained from the data. It was found
that although these three classification methods gave
roughly equivalent results, the Fourier analysis yielded
much better results than the similarity measure ap-
proach.

In the 1980s, more complex pattern classification sys-
tems were developed, including Patrick’s extension of
Bayes’ Theorem to permit multicategory classification
(7). Other approaches include potential function ap-
proaches (4,8). Beginning in the mid-1980s neural net-
works became a popular approach to pattern
classification, encompassing both supervised and unsu-
pervised architectures. A brief summary of this approach
is given in the last section (9).

Pattern classification methods have yielded very good
results in a variety of applications, and many of these
systems are in practical use today. However, the pattern
classification approach presents several inherent pro-
blems. Deciding which features should be selected to yield
good discrimination is a difficult question and must be
approached anew with each application. Often the num-
ber of features becomes large, leading to difficulties of
dimensionality, which in turn requires a larger number of
samples to provide valid statistical results. Verification of
resulting classifications is also difficult. Final difficulties
originate in the violation of independence assumptions. In
addition, mutual exclusiveness and exhaustiveness of
categories frequently do not apply in real-world situations.

2. PATTERN CLASSIFICATION PROCEDURES

Pattern classification encompasses a variety of ap-
proaches. However, a general overall approach exists for
all methods. Differences occur chiefly in the methods of
classification.

2.1. Steps in Pattern Classification

2.1.1. Problem Definition. The problem definition
phase comprises a clear statement of the objective of the
system. Important categories include number of classes
involved, possible features, supervised or unsupervised
training, type of learning algorithm, linear or nonlinear
separation, and availability of sufficient data for training.

2.1.2. Feature Extraction. Determination of features is
the most crucial step in designing pattern classification
decision aids. Parameters must be identified that would be
useful in distinguishing between the two or more cate-
gories. Identification of possible features requires domain
knowledge or access to domain knowledge relevant to the
application. Each additional feature adds a dimension to
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the separating surface and will increase the training set
size requirement.

2.1.3. Training. The second objective of a pattern clas-
sification system is to find a separator that will divide
these two classes by placing as many samples into the
correct category as possible. Additional features may
result in better classification or a more robust model.
The following considerations should be kept in mind:

Look for a classification that minimizes error.
Ideal: all cases classified correctly; if not possible, mini-

mize either the number of errors or the cost of errors.
More features may be needed.
More classes may be relevant.
Generally, a training set is selected randomly from the
available data vectors. To produce a reliable separation,
several factors must be considered:

The training set must be representative of the dataset.
The training set must be large enough.
The training set must not contain vectors that are contra-
dictory, i.e., vectors with identical components that belong
to different classes.

2.1.4. Testing. The final objective of pattern classifica-
tion is to use the separator to classify new cases. It is in
this way that the pattern recognition system is used as a
decision aid. Problems with training include:

Different weights may be obtained from different training
sets.
Different weights may be obtained by altering the order in
which the vectors in the training set are presented to the
learning algorithm.

A separate set of vectors should be used to test the
accuracy of the model once it is obtained. Several mea-
sures can be used to determine accuracy:

Sensitivity¼ # classified correctly as positive

=# of true positives:

Specificity¼ # classified correctly as negative

=# of true negatives:

Accuracy¼# number correctly classified

=total number:

In classification problems, if the training set is changed to
improve sensitivity, it is often at the expense of specificity,
and vice versa, as a shift in the decision surface may
improve the classification in one category at the expense of
the other. Often receiver-operator curves (ROCs) are used
to analyze the balance between sensitivity and specificity.
An ROC curve is shown in Fig. 1. The y-axis is sensitivity,
and the x-axis is 1� specificity. In general, the goal is to
try to find a combination that is as close as possible to the

upper left-hand corner of the graph; however, for some
applications, it is preferable to minimize the false nega-
tives at the expense of false positives, or vice versa. For
example, if the effectiveness of a screening procedure is
under evaluation, then the goal would be to reduce the
number of false negatives.

3. SUPERVISED LEARNING APPROACHES

Supervised learning is also called learning with a teacher.
In most pattern classification systems, a feature vector is
defined as

x¼ ðx1; x2; . . . ; xnÞ; ð1Þ

where each xi is a feature and n is the dimensionality of
the vector. The objective in the most straightforward two-
class problem is to obtain a linear decision surface that
can separate the data. For the n-dimensional case, we
want the following to hold:

DðxÞ > 0) x belongs in class 1;

DðxÞo0) x belongs in class 2;

ðDðxÞ¼0 is indeterminateÞ;

where

DðxÞ¼
X

n

i¼ 1

wixi ð2Þ

or in vector format

DðxÞ¼w .x ð3Þ

To find the value for D(x), the values for the two vectors w
and x must be known. The values for x are obtained from
the data. It is the job of the learning algorithm to
determine the values for w. In supervised learning, an
additional important piece of information is available: For
each x, the class to which it belongs is known.

y
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Figure 1. ROC curve.
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If we consider the simple linearly separable case, the
objective of supervised learning is to determine the wi’s in
Equation 2. This procedure is straightforward because the
following are known:

The values for all xi’s for each vector in the training set.
The range of appropriate values for D(x) for each vector in
the training set.
Thus, the only unknowns are the wi’s. Remember, how-
ever, that we do not have actual values of D(x) but only
boundary conditions. The task of the learning algorithm is
to iteratively adjust the wi’s until all vectors in the
training set are correctly classified.

In most situations, especially in biomedical applica-
tions, the classes will not be linearly separable and higher
order functions must be used. Nonlinear separators are
discussed below.

3.1. Learning Objectives

The purpose of a learning algorithm is to determine which
features are important for a particular decision as well as
their relative importance.

A general algorithm for supervised learning follows:
Make an initial guess for each component of w.
Select a training set of data.
For each vector in the training set:
Compute D(x).
If D(x)40 and x A class 1 or D(x)o0 and x A class 2,

do not adjust w.
If D(x)40 and x A class 2 adjust w according to f1.
If D(x)o0 and x A class 1 adjust w according to f2.

Until w does not change (or until criterion function is
minimized).
Learning algorithms differ both in the rules for weight
adjustment, indicated by f1 and f2 in the above algorithm,
and in the criterion function. Illustrations are given in the
next section. The simple algorithm given above is compli-
cated in practice by several factors. The most obvious
problem is what to do if w does not cease to change, which
will happen when it is not possible to correctly classify all
samples in the training set. If all samples can be correctly
classified, the set is said to be linearly separable. If not,
the algorithm must terminate on some other condition
that will hopefully assure that as many samples as
possible are classified correctly. In general, this is handled
by defining what is known as a criterion function. These
functions are defined differently depending on the ap-
proach taken and will be discussed in detail with each
methodology.

3.2. Types of Learning Algorithms

Basically, learning algorithms differ in the methods for
weight adjustments (f1 and f2 in the above algorithm) and
in the determination of the criterion function that deter-
mines when the iterative weight adjustment should stop.
Some examples are given below. For more details, refer to
Ref. 9 .

3.2.1. Fisher’s Linear Discriminant. One of the first
methods for constructing decision functions by using
supervised learning was Fisher’s linear discriminant (4),
a statistical procedure that maximizes a criteria function
J(w). The discriminant function is to project the n-dimen-
sional samples onto a line y¼wTx. The samples from the
two classes will be mixed together. The orientation of the
line is then changed in an attempt to separate the sample
into the proper categories. The decision surface D(x) is a
line that is perpendicular to the projected line that divides
the classes. This process is illustrated in Fig. 2. The
mathematical formulation requires the following defini-
tions:

Sample Mean mi¼ ð1=kiÞ
X

x2Xi

x: ð4Þ

Projected Mean mi

¼ ð1=kiÞ
X

y2Yi

y¼ ð1=kiÞ
X

x2Xi

wTx¼wTmi;
ð5Þ

where Xi is the set of all vectors in class i and ki is the
number of samples in class i. Thus,

jm1 �m2j ¼ jw
Tðm1 �m2Þj: ð6Þ

(a)

(b)

x 2

x1

x 2

x1

Figure 2. Linear discriminants.
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The scatter for projected samples in class i is defined as

s2i ¼
X

y2Yi

ðy�miÞ
2: ð7Þ

The Fisher linear discriminant is that linear functionwTx
for which the criteria function J(w) is maximum, where

JðwÞ ¼ jm1 �m2j
2=ðs21þ s22Þ: ð8Þ

The Fisher linear discriminant is the linear function with
the maximum ratio of between-class scatter to within-
class scatter.

For methods that do not project vectors onto a line, but
operate in the dimension of the feature vector, the decision
surface D(x) will not be a line, but a hyperplane. If the
decision surface is nonlinear, the function will be a
hypersurface.

3.2.2. Gradient Descent Procedures. The objective for
vectors in the training set is to classify all samples
correctly by finding a set of weights that produce an
appropriate decision equation. Thus, the following in-
equalities must be solved:

wTx > 0 if x 2 class 1: ð9Þ

wTxo0 if x 2 class 2:

By normalizing the vectors, the equalities can be restated
as

wTx > 0 for all x in the training set: ð10Þ

One method of proceeding is through the use of gradient
descent procedures. The gradient descent procedure mini-
mizes a criterion function J(W), where W is a solution
matrix.

Assign arbitrary values to W1 the initial weight matrix.
Compute rJ(W1), the gradient, which gives the direction
of steepest descent.
At step kþ 1, adjust the weights according to
Wkþ 1¼Wk � rkrJðWkÞ, where rk is a scale factor.
Repeat until a minimum is found.
Gradient descent procedures under some circumstances
produce oscillatory behavior and do not converge. They
also may fixate on a local rather than a global minimum.

3.3. Perceptron Algorithm

The perceptron algorithm follows the same approach as
the gradient descent procedure except that the criterion
function is different (10,11). The perceptron criterion
function is

JðwÞ¼
X

y2Y

ð�wTyÞ; ð11Þ

where y is the set of samples misclassified usingw. Weight

adjustments at the kþ1 step are made by the following:

wkþ 1¼wkþ rk
X

y2Y

y: ð12Þ

A special case of the perceptron is the fixed increment
rule:

rk¼ 1; w1 is arbitrary:

wkþ 1¼wkþyk: ð13Þ

In the variable increment rule, rk can be adjusted.

3.3.1. Relaxation Procedures. A modification of the gra-
dient descent procedure is the relaxation procedure (12).
Define

JðwÞ¼
X

y2Y

ðwTyÞ2: ð14Þ

3.3.1.1. Relaxation Algorithm.

Select the initial weights w1 arbitrarily.

Adjust weights at step kþ 1 according to

wkþ 1¼wkþ rk
X

ðb�wTyÞy=ðk y kÞ2

y2Y ;
ð15Þ

where wTy�b for all samples.
J(w) is based on the set of misclassified samples.
The value b in the above algorithm is a boundary that

provides a cushion to prevent the decision surface from
coming too close to the edge of the decision region; i.e., no
samples are allowed to fall within a distance b of the
decision surface.

3.3.2. Potential Functions. The idea behind potential
functions comes from the study of electricity (13,14).
Potential functions are illustrated in Fig. 3. The basic
concept is that each vector xi is thought of as a point in
space where an electrical charge qi could be placed. The
charge will be positive if xi is in class 1 and negative if xi is
in class 2. The resultant electrostatic potential represents
a decision surface. The potential due to n charges is

DðxÞ ¼qiKðx;xiÞ: ð16Þ

The potential function K(x,xi) of physics varies inver-
sely with k x� xi k, the Euclidean distance; however,
other functions are also suitable. The most suitable
choices are maximum at x¼xi and decrease as k x� xi k

approaches infinity. The actual algorithm is similar to the
perceptron algorithm.
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3.3.3. Discriminant Analysis. Many standard statistical
packages include discriminant analysis algorithms for
classifying data into one of two categories (15). In general,
a linear discriminant is used. The procedure identifies the
parameter that accounts for the most variance between
the two classes. It then selects the parameter that ac-
counts for the highest remaining variance, and so forth.
The procedure uses all but one sample to obtain a dividing
surface and then tests its accuracy on the remaining
sample. This procedure is repeated leaving out all samples
once. The classification results are termed the jackknife
classification.

3.4. Nonlinear Decision Functions

In many cases, as we shall see, it will not be possible to
find a linear decision function D(x) that can successfully
categorize all vectors. If this happens, there are two
alternatives:

Find a nonlinear function that will separate the functions.
Settle for a decision surface that misclassifies some vec-
tors.

3.4.1. Nonlinear Discriminant Functions. The most
straightforward generalization is from the linear discri-
minant function to the quadratic:

DðxÞ ¼w0þ
X

wixiþ
XX

wijxixj: ð17Þ

In the more general form:

DðxÞ¼
X

wiyiðxÞ¼wTy; ð18Þ

where w is an n-dimensional weight vector and yi(x) is a
set of functions of x.

3.4.2. Hypernet, A Nonlinear Potential Function Algor-
ithm. The method used in Hypernet is a modification of
the potential function approach to pattern recognition
(16). Rather than using the Euclidean distance formula,
the potential function is used:

Pðx;xkÞ¼
X

1

i¼ 1

liFiðxÞFiðxkÞ ð19Þ

for k¼ 1,2,3y, where Fi(x) are orthonormal functions and
li are nonzero real numbers. The orthogonal functions of
mathematical physics may be used as potential functions
(5).

The functions used in Hypernet are chosen from the set
of multidimensional orthogonal functions developed by
Cohen et al., represented by the general class (16):

Cnðx1; . . . ; xmÞ

¼
m!þ

n!ðm� nÞ!

X

n

k¼ 1

ð�1Þkðm� kÞ!

ðn� kÞ!ðm� nÞ!

�
X

m

ik ¼ k

X

ik�1

ik�1 ¼ k�1

� � �
X

i3�1

i2 ¼ 2

X

i2�1

i1 ¼ 1

X

k

p¼ 1

x
aðn;ipÞ
i ½aðn; ipÞþ vip �

vip
;

ð20Þ

wherem is the dimensionality of the data, ai, i¼ 1,y,k are
parameters that may be arbitrarily selected, A is the
normalization constant, and vi, i¼ 1,y,m are assigned
values corresponding to the components of the first fea-
ture vector. Note that although high-order equations can
be obtained using this method, in general, only linear and
second-order terms are used to prevent over-determina-
tion of the decision surface.

3.4.3. Minimum Squared Error (MSE) Procedures. MSE
procedures use all samples instead of only the misclassi-
fied samples (4). The method works if the set is not
linearly separable, but it does not necessarily produce a
separating surface if they are separable. The objective is to
solve the set of equations

wTyi¼bi; ð21Þ

where bi are arbitrary positive constants. This set of
linear equations can be represented by an m � n matrix
Y resulting in the matrix equation

Yw¼b or w¼Y�1b ðusing the pseudoinverse

Yy ¼ ðYTYÞ�1YTÞ:
ð22Þ

The method thus attempts to minimize the error

E¼Yw� b: ð23Þ

The criteria function is

JðwÞ¼ k Yw� b k ¼
X

ðwTyi � biÞ
2: ð24Þ

Figure 3. Potential functions.
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With the proper choice of b, this method is related to the
Fisher linear discriminant. Other MSE procedures in-
clude the Widrow–Hoff procedure (17) and the stochastic
approximation (18).

3.4.4. Ho–Kashyap Procedure. The Ho–Kashyap proce-
dure also works for nonseparable sets, but it has the
advantage of producing a separating vector if separable
(19).

If the sets are linearly separable, w and b exist such
that

Yw¼b > 0: ð25Þ

The criteria function is defined as

Jðw;bÞ¼ k Yw� b k2 : ð26Þ

The criteria function is minimized subject to gradient
descent

Jw¼ 2YTðYw� bÞ: ð27Þ

Jb¼ 2ðYw� bÞ: ð28Þ

4. UNSUPERVISED LEARNING

Unsupervised learning is much more difficult than super-
vised learning in that not only is the correct classification
unknown but often so is the number of categories. The
first unsupervised learning approach was clustering, a
method developed approximately 40 years ago. Several
variations on clustering will be discussed. More recently,
neural networks have been designed that are essentially
unsupervised learning approaches. Statistical approaches
include unsupervised Bayesian learning, mixture densi-
ties, and maximum likelihood estimates.

4.1. Clustering

In the following discussions, a c-category problem is
assumed where the value for c is known; i.e., we know
how many categories exist, and we have m samples to
classify. For now, we also assume that the samples are one-
dimensional. The most straightforward approach to as-
signing samples to the proper category is the basic isodata
procedure. A simple two-dimensional cluster is shown in
Fig. 4.

4.1.1. Basic Isodata Algorithm.

Choose some initial values for the means m1,y,mc.
Classify the m samples by assigning them to the class of
the closest mean.
Recompute the means as the average of the samples in the
class.
Repeat until no mean changes value.

4.2. Similarity Measures

The objective of the similarity measure approach is to try
to find natural groupings. Assume that x is an n-dimen-
sional column vector. One similarity measure is the nor-
malized inner product

sðx;x0Þ ¼xTx0=ðk x k k x0 kÞ; ð29Þ

where s(x,x0) is invariant to rotation and dilation, but it is
not invariant to translation or linear transformations. If
the vectors are binary-valued, then xTx0 represents the
number of attributes shared by x and x0 and 8x8 8x08 is
the geometric mean of the number of attributes possessed
by x and x0 because 8x8 8x08¼ (xTxx0Tx0)1/2.

4.3. Criteria Functions

Criteria functions measure the quality of the partition of
the data. The objective is to find a partition that extre-
mizes a criteria function (i.e., either maximizes or mini-
mizes). Criteria functions are also used in conjunction
with supervised learning, as discussed in the previous
section.

4.3.1. Sum of Squared Error Criteria. The objective of the
sum of squared error criteria is to minimize J, the criteria
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Figure 4. Simple two-dimensional clustering.
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function. We make the following definitions:

ki¼number of samples to be classified in the setXi:

mi¼ ð1=kiÞ
X

x2Xi

xi: ð30Þ

J¼
X

c

i¼ 1

X

x2Xi

k x�mi k
2: ð31Þ

This approach measures the variance from the center of
the cluster represented by the current mean. It works well
on compact clusters. If there is a large difference in the
number of samples in each cluster, a partition that splits a
large cluster is favored over one that leaves it intact. This
problem is made worse by the presence of outliers. Many
other criteria functions can be used (9).

4.3.2. Iterative Optimization. Any criteria function can
be used in an iterative optimization procedure.

4.3.2.1. Iterative Optimization Algorithm.

Select a criterion function.
Find sets that extremize criterion function (solve by
exhaustive enumeration). (Note: There are cn/c ways of
partitioning n elements into c subsets!)
The difference between this optimization procedure and
the basic isodata algorithm is that basic isodata waits
until allm samples have been reclassified before updating.
Iterative optimization updates after each sample. The
latter is more susceptible to local minima.

4.4. Hierarchical Clustering

Hierarchical clustering uses m samples and starts with c
clusters. A sequence of partitions are made:

m clusters, 1 sample/cluster
m� 1 clusters
..
.

1 cluster, n samples
At level k, c¼m �kþ 1.

At some level, every two samples will be in the same
cluster. If two samples are together at level k, they will
remain together at higher levels. There are two levels,
agglomerative (bottom-up) starts with m singletons and
divisive (top-down) starts with 1 cluster.

4.4.1. Basic Agglomerative Clustering Algorithm.

Initialize: Let x¼n and X¼ {xi}, i¼ 1,y,m.
If x¼ c, stop.
Find nearest pair of distinct clusters, say Xi and Xj.
Merge Xi and Xj; delete Xj; decrement x by one.
Repeat.

The procedure terminates when the specified number
of clusters has been obtained.

4.5. Metrics

In the above procedure, it is necessary to determine
distances between clusters. We will first consider distance
measures in two dimensions. To qualify as a distance
measure, or metric, between two points, the following
must hold:

dðx; yÞ > 0 and dðx; yÞ¼ 0 if and only if x¼ y ðpositivityÞ:

ð32Þ

dðx; yÞ¼dðy; xÞ ðsymmetryÞ: ð33Þ

dðx; yÞþdðy; zÞ�dðx; zÞ ðtriangle inequalityÞ: ð34Þ

The most common distance measure is the Euclidean
distance:

dðx; yÞ ¼ ½ðx1 � y1Þ
2
þ ðx2 � y2Þ

2
�0:5: ð35Þ

Other common distance measures are the city block dis-
tance, also known as the absolute value metric:

dðx; yÞ¼ jx1 � y1j þ jx2 � y2j: ð36Þ

and the maximum value metric:

dðx; yÞ¼ maxfjx1 � y1j; jx2 � y2jg: ð37Þ

These metrics can be generalized to higher dimensions.
Some measures that are commonly used to determine

the distance between clusters are

DminðXi;XjÞ¼ min
x2Xix2Xj

k x� x0 k; ð38Þ

DmaxðXi;XjÞ¼ max
x2Xix2Xj

k x� x0 k; ð39Þ

DavgðXi;XjÞ¼ ð1=ninjÞ
X

x2Xi

X

x2Xj

k x� x0 k; ð40Þ

DmeanðXi;XjÞ¼ kmi �mj k; ð41Þ

where 8 8 indicates the Euclidean distance. One of the
best-known clustering algorithms, nearest neighbor, uses
Dmin as a distance measure. In terms of graph theory
terminology, the algorithm produces a minimal spanning
tree by making an edge between the nearest pair of nodes.
The furthest neighbor algorithm uses Dmax and adds
edges between every pair of nodes in the new cluster.
The diameter of a cluster is the largest distance between a
pair of points. Both of these approaches are very sensitive
to outliers. Davg and Dmean can be used as compromises.

4.6. Nearest Neighbor Methods

In the kth nearest-neighbor algorithm, the volume vn is
allowed to expand until it captures kn samples that are the
kn nearest neighbors of x. The density of the samples
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determines vn. As an example, let kn¼n. Then

vn � ð1=n
:5ÞpðxÞ; ð42Þ

where p(x) is a density function. Thus, vn has the form v1/
n.5.

The initial volume v is determined by the nature of the
data, rather than in an arbitrary manner. For n¼ 1 and kn
¼n.5

¼ 1,

p1ðxÞ ¼1=2jx� x1j: ð43Þ

The estimation of a posteriori probabilities pðoijxÞ can be
performed using either Parzen windows or the kth near-
est-neighbor procedure. For the Parzen window, vn is
specified as a function of n such as 1/n.5. For the kth
nearest neighbor, vn is expanded until a specified number
of samples are captured, such as k¼n:5.

5. BIOMEDICAL APPLICATIONS OF PATTERN
CLASSIFICATION

5.1. Medical Applications of Pattern Classification

Pattern classification can be used as a medical decision aid
whenever it is desirable to separate patients into two or
more categories. Categories can represent diseases, pa-
tient status, or any other useful categories. In most
pattern recognition algorithms, features can be anything
that can be represented by ordered data, including con-
tinuous, integer, binary, and ordered categorical data.
Often the intent of pattern classification systems is not
only to provide the correct classification but also to
identify parameters that are useful in making the deci-
sion. In addition to the parameters, each parameter is
given a weight by the learning algorithms, so that their
relative importance can also be determined. For nonlinear
decision surfaces, weights for interactive terms are also
available. As discussed in the historical section, pattern
recognition has been used extensively in medicine and
continues to be used alone and in conjunction with other
techniques in hybrid systems. Neural networks an off-
shoot of pattern classification techniques, are also used
extensively. The basics of neural network approaches
follow the development for supervised and unsupervised
learning but use different architectures (9).

5.2. Pattern Classification in Bioinformatics

The relatively new field of bioinformatics is heavily de-
pendent on pattern classification techniques in many
areas, including genomics, proteomics, and drug design.
Some examples include research on genomic sampling (20)
and classification and diagnostic prediction of cancers
using gene expression profiling (21). An ongoing issue is
small sample classification of genomic information from
micro-arrays (22).

5.3. Signal Analysis Pattern Recognition

5.3.1. Types of Medical Time Series. Time series data
can be considered in two categories: those with built-in
patterns, such as the electrocardiogram (ECG), and those
without built-in patterns such as electroencephalograms
(EEG). Automatic analysis of ECGs is largely dependent
on variations from the normal QRS complex that defines
each heart beat on the ECG, and is in wide clinical use.
Features in this application include the presence or ab-
sence of a specified set of arrhythmias. Pattern recognition
has been used to create accurate models in the analysis of
treadmill tests (23). This application illustrates that a
multidimensional approach provides much better diagnos-
tic accuracy than looking at each parameter in isolation.
Other aspects of the ECG, such as heart rate and R–R
interval fluctuations, are also important indicators of
disease but require processing by other approaches before
being used in a classification algorithm. For time series
without patterns, feature extraction becomes even more
difficult. In the EEG, spikes are important for determina-
tion of brain activity. Both the frequency of occurrence and
the magnitude of spikes may represent important clues.
Additional complications with EEGs is the large number
of channels recorded (up to 22), resulting in very large
datasets (24).

5.3.2. Preprocessing of Signals. A new area of research
that has developed in the last 20 years, chaos theory, has
been shown to be especially promising in the field of
cardiology. Chaotic analysis provides a new way of looking
at nonlinear time series data that in general results in
systems with intractable mathematical solutions. Chaotic
analysis has been shown to be useful in the analysis of
ECGs (25,26) and, to a more limited extent, in the analysis
of EEGs (27). It is also useful in other medical time series,
such as hemodynamic studies (28). Chaotic measures can
be used as features to combine with other clinical para-
meters. Another method of preprocessing that is useful for
feature extraction is wavelet analysis (29).

5.4. Image Pattern Recognition

Image data present additional difficulties. Some classic
problems in pattern recognition have dealt with the
recognition and classification of images. Feature extrac-
tion in images consists of identifying some aspect of an
image that allows it to be recognized. In complex images,
this phase can be quite involved. A large body of literature
exists in this area (4), but the problem remains partially
unsolved. For medical images, many approaches have
been tried (29). For analysis of some images, for example,
images of the head, symmetry is often a useful feature,
with asymmetrical findings often indicators of disease.
Other features that may be useful are changes in gray
levels, areas with irregular borders, and changes from
previous images of the same patient. As in all feature
extraction, the selection of image features will be influ-
enced by the goal of the classification system. In addition
to traditional medical imaging applications, image pattern
recognition is important in microscopic imaging. Auto-
mated imaging for mammogram screening has become an
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active area of research. Due to the high number of
mammograms and many false positives, automated solu-
tions are being sought for preliminary screening that will
allow the radiologist to concentrate on the most proble-
matic cases (30,31).
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1. INTRODUCTION

Pattern recognition stems from the need for automated
machine recognition of objects, signals or images, or the
need for automated decision-making based on a given set
of parameters. Despite over half a century of productive
research, pattern recognition continues to be an active
area of research because of many unsolved fundamental
theoretical problems as well as a rapidly increasing num-
ber of applications that can benefit from pattern recogni-
tion.

A fundamental challenge in automated recognition and
decision-making is the fact that pattern recognition prob-
lems that appear to be simple for even a 5-year old may in
fact be quite difficult when transferred to machine do-
main. Consider the problem of identifying the gender of a
person by looking at a pictorial representation. Let us use
the pictures in Fig. 1 for a simple demonstration, which
include actual photographs as well as cartoon renderings.
It is relatively straightforward for humans to effortlessly
identify the genders of these people, but now consider the
problem of having a machine making the same decision.
What distinguishing features are there between these two
classes—males and females—that the machine should
look at to make an intelligent decision? It is not difficult
to realize that many of the features that initially come to
mind, such as hair length, height-to-weight ratio, body

curvature, facial expressions, or facial bone structure—
even when used in combination—may fail to provide cor-
rect male/female classification of these images. Although
we can naturally and easily identify each person as male
or female, it is not so easy to determine how we come to
this conclusion, or more specifically, what features we use
to solve this classification problem.

Of course, real-world pattern recognition problems are
considerably more difficult then even the one illustrated
above, and such problems span a very wide spectrum of
applications, including speech recognition (e.g., auto-
mated voice-activated customer service), speaker identifi-
cation, handwritten character recognition (such as the one
used by the postal system to automatically read the ad-
dresses on envelopes), topographical remote sensing, iden-
tification of a system malfunction based on sensor data or
loan/credit card application decision based on an individ-
ual’s credit report data, among many others. More re-
cently, a growing number of biomedical engineering-
related applications have been added to this list, includ-
ing DNA sequence identification, automated digital mam-
mography analysis for early detection of breast cancer,
automated electrocardiogram (ECG) or electroencephalo-
gram (EEG) analysis for cardiovascular or neurological
disorder diagnosis, and biometrics (personal identification
based on biological data such as iris scan, fingerprint,
etc.). The list of applications can be infinitely extended,
but all of these applications share a common denominator:
automated classification or decision making based on ob-
served parameters, such as a signal, image, or in general a
pattern, obtained by combining several observations or
measurements.

This article provides an introductory background to
pattern recognition and is organized as follows: The ter-

Figure 1. Pattern recognition problems that may be trivial for us may be quite challenging for
automated systems. What distinguishing features can we use to identify above pictured people as
males or females?
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minology commonly used in pattern recognition is intro-
duced first, followed by different components that make up
a typical pattern recognition system. These components,
which include data acquisition, feature extraction and se-
lection, classification algorithm (model) selection and
training, and evaluation of the system performance, are
individually described. Particular emphasis is then given
to different approaches that can be used for model selec-
tion and training, which constitutes the heart of a pattern
recognition system. Some of the more advanced topics and
current research issues are discussed last, such as kernel-
based learning, combining classifiers and their many ap-
plications.

2. BACKGROUND AND TERMINOLOGY

2.1. Commonly Used Terminology in Pattern Recognition

A set of variables believed to carry discriminating and
characterizing information about an object to be identified
are called features, which are usually measurements or
observations about the object. A collection of d such fea-
tures, ordered in some meaningful way into d-dimensional
column vector is the feature vector, denoted x, which
represents the signature of the object to be identified. The
d-dimensional space in which the feature vector lies is re-
ferred to as the feature space. A d-dimensional vector in a
d-dimensional space constitutes a point in that space. The
category to which a given object belongs is called the class
(or label) and is typically denoted by o. A collection of fea-
tures of an object under consideration, along with the cor-
rect class information for that object, is then called a
pattern. Any given sample pattern of an object is also re-
ferred to as an instance or an exemplar. The goal of a pat-
tern recognition system is therefore to estimate the correct
label corresponding to a given feature vector based on
some prior knowledge obtained through training. Training
is the procedure by which the pattern recognition system
learns the mapping relationship between feature vectors
and their corresponding labels. This relationship forms
the decision boundary in the d-dimensional feature space
that separates patterns of different classes from each
other. Therefore, we can equivalently state that the goal
of a pattern recognition algorithm is to determine these
decision boundaries, which are, in general, nonlinear
functions. Consequently, pattern recognition can also be
cast as a function approximation problem. Figure 2 illus-
trates these concepts on a hypothetical 2D, four class
problem. For example, feature 1 may be systolic blood
pressure measurement and feature 2 may be the weight of
a patient, obtained from a cohort of elderly individuals
over 60 years of age. Different classes may then indicate
number of heart attacks suffered within the last 5-year
period, such as none, one, two, or more than two.

The pattern recognition algorithm is usually trained
using training data, for which the correct labels for each of
the instances that makes up the data is a priori known.
The performance of this algorithm is then evaluated on a
separate test or validation data, typically collected at the
same time or carved of the existing training data, for
which the correct labels are also a priori known. Unknown

data to be classified, for which the pattern recognition al-
gorithm is trained, is then referred to as field data. The
correct class labels for these data are obviously not known
a priori, and it is the classifier’s job to estimate the correct
labels.

A quantitative measure that represents the cost of
making a classification error is called the cost function.
The pattern recognition algorithm is specifically trained to
minimize this function. A typical cost function is the mean
square error between numerically encoded values of ac-
tual and predicted labels. A pattern recognition system
that adjusts its parameters to find the correct decision
boundaries, through a learning algorithm using a training
dataset, such that a cost function is minimized, is usually
referred to as the classifier or more formally as the model.
Incorrect labeling of the data by the classifier is an error
and the cost of making a decision, in particular an incor-
rect one, is called the cost of error. We should quickly note
that not all errors are equally costly. For example, consider
the problem of estimating whether a patient is likely to
experience myocardial infarction by analyzing a set of fea-
tures obtained from the patient’s recent ECG. Two possi-
ble types of error exist. The patient is in fact healthy but
the classifier predicts that s/he is likely to have a myocar-
dial infarction is known as a false positive (false alarm er-
ror), and typically referred to as type I error. The cost of
making a type I error might be the side effects and the cost
of administering certain drugs that are in fact not needed.
Conversely, failing to recognize the warning signs of the
ECG and declaring the patient as perfectly healthy is a
false negative, also known as the type II error. The cost of
making this type of error may include death. In this case,
a type II error is costlier than a type I error. Pattern rec-
ognition algorithms can often be fine-tuned to minimize
one type of error at the cost of increasing the other type.

Two parameters are often used in evaluating the per-
formance of a trained system. The ability or the perfor-
mance of the classifier in correctly identifying the classes
of the training data, data that it has already seen, is called

S
en

so
r 

2 
M

ea
su

re
m

en
ts

(f
ea

tu
re

 2
)

Sensor 1 Measurements
(feature 1)

Measurements from  class 1 class 2   class 3 class 4

Decision
boundaries

Figure 2. Graphical representation of data and decision bound-
aries.

2 PATTERN RECOGNITION



the training performance. The training performance is
typically used to determine how long the training should
continue, or how well the training data have been learned.
The training performance is usually not a good indicator of
the more meaningful generalization performance, which is
the ability or the performance of the classifier in identify-
ing the classes of previously unseen patterns.

In this article, we focus on the so-called supervised
classification algorithms, where it is assumed that a train-
ing dataset with pre-assigned class labels is available. Ap-
plications exist where the user has access to data without
correct class labels. Such applications are handled by un-
supervised clustering algorithms. Unsupervised algo-
rithms are not discussed in this article; however, some of
the more commonly used clustering algorithms are men-
tioned in the last section of this article for users whose
specific applications may call for unsupervised learning.

2.2. Common Issues in Pattern Recognition

The two-feature, four class hypothetical example shown in
Fig. 2 represents a rather overly optimistic, if not an ideal
scenario: Patterns from any given class are perfectly sep-
arable from those of other classes through some boundary,
albeit a nonlinear one. In fact, such problems are often
considered as easy for most pattern recognition applica-
tions. In most applications of practical interest, the data
are not as cooperative. A more realistic scenario is the one
shown in Fig. 3, where the patterns from different classes
overlap in the feature space. Looking at data distribution
in Fig. 3, one may think that it is impossible to draw a
decision boundary that perfectly separates instances of
one class from others, and that the algorithm’s task is an
impossible one. Not so. The task of the pattern recognition
algorithms is to determine the decision boundary that
provides the best possible generalization performance (on
unseen data), and not one that provides perfect training
performance. In fact, even if it were possible to find such a
decision boundary that provides perfect separation of
training data, such boundaries are usually not desired be-
cause much of the overlap is typically caused by noisy
data, and finding a decision boundary that provides per-

fect training data classification would amount to learning
the noise in the data.

Learning noise invariably causes an inferior general-
ization performance on the test data. This phenomenon is
observed often in pattern recognition and is referred to as
overtraining or overfitting. Several approaches have been
proposed to prevent overfitting, such as early termination
of the training algorithm, or using a separate validation
dataset, and adjusting the algorithm parameters until the
performance on this validation dataset is optimized.

Uncooperative data can be because of a variety of ex-
ternal problems; for example, the dataset may be uncoop-
erative because of the number of features being
inadequate. For the hypothetical case mentioned above,
if we were to add patient’s age and cholesterol levels, the
data (then in a 4D space) may be better separable. The
opposite problem, presence of irrelevant features, can also
be a problem. Another culprit for overlapping data is the
outliers in the data. Even if the features are selected ap-
propriately, outliers may always cause overlapping pat-
terns (for example, it is not unusual to see people with
high weight and high blood pressure and no apparent car-
diovascular problems). It is therefore essential to use ap-
propriate feature extraction/selection and outlier
detection approaches to minimize the effects of uncooper-
ative data.

Finally, a very important issue is the evaluation of
classifier’s performance. It is mentioned above that a test
dataset is used for this purpose, but considering that the
test dataset is really a subset of the original data, a portion
of which were carved out for training, how can we ensure
that the evaluation we conduct on this data represents the
true performance of the system on never-before-seen field
data?

All these issues lie within the domain of pattern rec-
ognition, and they are discussed below as we describe the
individual components of a complete pattern recognition
system.

3. COMPONENTS OF A PATTERN RECOGNITION SYSTEM

A classifier model and its associated training algorithm
are all that are usually associated with pattern recogni-
tion. However, a complete pattern recognition system con-
sists of several components, shown in Fig. 4, of which
selection and training of such a model is just one compo-
nent. We describe each component prior to actual model
selection in this section, giving particular emphasis to
model selection, training, and evaluation in subsequent
sections.

3.1. Data Acquisition

Apart from employing an appropriate classification algo-
rithm, one of the most important requirements for design-
ing a successful pattern recognition system is to have
adequate and representative training and test datasets.
Adequacy ensures that a sufficient amount of data exists
to learn the decision boundary as a functional mapping
between the feature vectors and the correct class labels.
There is no rule that specifies how much data is sufficient;
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Figure 3. Uncooperative data are common in practical pattern
recognition applications.
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however, a general guideline indicates that there should
either be at least 10 times the number of training data
instances as there are adjustable parameters in the clas-
sifier (1), or 10 times the instances per class per feature, to
reduce or minimize overfitting (2). Representative data, on
the other hand, ensures that all meaningful variations of
field data instances that the system is likely to see are
sampled by the training and test data. This condition is
often more difficult to satisfy, as it is usually not practical
to determine whether the training data distribution ade-
quately spans the entire space on which the problem is
defined. An educated guess is usually all that is available
to the designer in choosing the type of sensors or mea-
surement schemes that will provide the data.

3.2. Preprocessing

An essential, yet often overlooked step in the design pro-
cess is preprocessing, where the goal is to condition the
acquired data such that noise from various sources are
removed to the extend that it is possible. Various filtering
techniques can be employed if the user has prior knowl-
edge regarding the spectrum of the noise. For example, if
the measurement environment is known to introduce high
(low)-frequency noise, an appropriate low (high)-pass DIG-

ITAL FILTER may be employed to remove the noise. ADAPTIVE

FILTERS can also be used if the spectral characteristics of
the noise are known to change in time.

Conditioning may also include normalization, as clas-
sifiers are known to perform better with feature values
that lie in a relatively smaller range. Normalization can be
done with respect to the mean and variance of the feature
values or with respect to the amplitude of the data. In the
former, instances are normalized such that the normalized
data have zero mean and unit variance

x0i¼
xi � mi

si
; ð1Þ

where xi indicates the ith feature of original data instance,
x0i is its normalized value, mi is the mean, and si is the
standard deviation of xi. In the latter, instances are simply
divided by a constant so that all feature values are re-
stricted to ½�1 1� range:

x¼
x

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

Pd
i¼ 1 ðxiÞ

2
q : ð2Þ

Finally, if great magnitude differences exist between the
individual feature values, a logarithmic transformation,
for example, can be used to reduce the dynamic range of
the feature values.

Preprocessing should also include outlier removal
when possible. For low-dimensional problems ðd � 3Þ, the
data can be plotted, which often provides visual clues on
whether any outliers are present. For data with d > 3,
Mahalanobis distance can be used, particularly if the data
follow a Gaussian or near-Gaussian distribution. In this
case, one computes the Mahalanobis distance of each data
point from the distribution of training data instances for
the class it belongs, and if this distance is larger than a
threshold (such as somemultiple of the standard deviation
of the data), that instance can be considered as an outlier.
The Mahalanobis distance of instance x from the training
data of instances of class oj can be computed as

Mj¼ðx� ljÞ
TS�1j ðx� ljÞ; ð3Þ

where lj is the mean of class oj instances and Sj is their
covariance matrix.

3.3. Feature Extraction

Both feature extraction and feature selection steps (dis-
cussed next) are in effect dimensionality reduction proce-
dures. In short, the goal of feature extraction is to find
preferably small number of features that are particularly
distinguishing or informative for the classification pro-
cess, and that are invariant to irrelevant transformations
of the data. Consider the identification of a cancerous tis-
sue from an MRI image: The shape, color contrast ratio of
this tissue to that of surrounding tissue, 2D Fourier spec-
trum, and so on are all likely to be relevant and distin-
guishing features, but the height or eye color of the patient
are probably not. Furthermore, although the shape is a
relevant feature, tumors whose shapes are small or large,

Data Acquisition

Feature 
Extraction

Preprocessing

Feature
Selection

Model Selection & 
Training

Evaluation

Solution

A classification / decision making
problem from the real world

How to acquire data, how much 
data should be acquired ?

Noise removal, filtering,
normalization, outlier removal

Extraction of relevant features
from the available data, followed 
by selection of the minimum set
of most relevant features. Both
steps also contribute to 
dimensionality reduction

Choosing the type of classification
model and training it with an
appropriate learning algorithm

Estimating the true generalization
performance of the classifier in
the real world? Confidence in this
estimation?

Figure 4. Components of a pattern recognition system.
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that are a few centimeters to the left or right, or that are
rotated in one direction or another, are still tumors. There-
fore, an appropriate transformation may be necessary to
obtain a translation, rotation, and scale invariant version
of the shape feature. The goal of feature selection, on the
other hand, is to select a yet smaller subset of the ex-
tracted features that are deemed to be the most distin-
guishing and informative ones.

The importance of dimensionality reduction in pattern
recognition cannot be overstated. A small but informative
set of features significantly reduces the complexity of the
classification algorithm, the time and memory require-
ments to run this algorithm, as well as the possibility of
overfitting. In fact, the detrimental effects of a large num-
ber of features are well known within the pattern recog-
nition community, and affectionately referred to as the
curse of dimensionality. It is therefore important to keep
the number of features as few as possible, while ensuring
that enough discriminating power is retained. The Ock-
ham’s Razor, the well-known philosophical argument of
William of Ockham (1284–1347), that entities are not to be
multiplied without necessity is often mentioned when the
virtues of dimensionality reduction are discussed.

Feature extraction is usually obtained from a mathe-
matical transformation on the data. Some of the most
widely used transformations are linear transformations,
such as PRINCIPAL COMPONENT ANALYSIS and linear discrimin-
ant analysis.

3.3.1. Principal Component Analysis (PCA). PCA, also
known as Karhunen–Loève transformation, is one of the
oldest techniques in multivariate analysis and is the most
commonly used dimensionality reduction technique in
pattern recognition. It was originally developed by Pear-
son in 1901 and generalized by Loéve in 1963.

The underlying idea is to project the data to a lower
dimensional space, where most of the information is re-
tained. In PCA, it is assumed that the information is car-
ried in the variance of the features, that is, the higher the
variation in a feature, the more information that feature
carries. Hence, PCA employs a linear transformation that
is based on preserving the most variance in the data using
the least number of dimensions. The data instances are
projected onto a lower dimensional space where the new
features best represent the entire data in the least squares
sense. It can be shown that the optimal approximation, in
the least square error sense, of a d-dimensional random
vector x 2 <d by a linear combination of d0od indepen-
dent vectors is obtained by projecting the vector x onto the
eigenvectors ei corresponding to the largest eigenvalues li
of the covariance matrix (or the scatter matrix) of the data
from which x is drawn. The eigenvectors of the covariance
matrix of the data are referred to as principal axes of the
data, and the projection of the data instances on to these
principal axes are called the principal components. Di-
mensionality reduction is then obtained by only retaining
those axes (dimensions) that account for most of the vari-
ance, and discarding all others.

Figure 5 illustrates PCA, where the principal axes are
aligned with the most variation in the data. In this 2D
case, Principal Axis 1 accounts for more of the variation,

and dimensionality reduction can be obtained by project-
ing the 2D original data onto the first principal axis,
thereby obtaining 1D data that best represent the origi-
nal data.

In summary, PCA is equivalent to walking around the
data to see from which angle one gets the best view. The
rotation of the axes is done in such a way that the new
axes are aligned with the directions of maximum variance,
which are the directions of eigenvectors of the covariance
matrix. Implementation details can be found in the article
on PRINCIPAL COMPONENT ANALYSIS.

One minor problem exists with PCA, however: Al-
though it provides the best representation of the data in
a lower dimensional space, no guarantee exists that the
classes in the transformed data are better separated than
they are in the original data, which is because PCA does
not take class information into consideration. Ensuring
that the classes are best separated in the transformed
space is better handled by the linear discriminant analysis
(LDA).

3.3.2. Linear Discriminant Analysis (LDA). The goal of
LDA (or Fisher Linear Discriminant) is to find a transfor-
mation such that the intercluster distances between the
classes are maximized and intracluster distances within a
given class are minimized in the transformed lower di-
mensional space. These distances are measured using be-
tween and within scatter matrix, respectively, as described
below.

Consider a multiclass classification problem and let C
be the number of classes. For the ith class, let fxig be the
set of patterns in this class, mi be the mean of vectors
x 2 fxig, and ni be the number of patterns in fxig. Letm be
the mean of all patterns in all C classes. Then, the within
scatter matrix SW and between scatter matrix SB are de-
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Figure 5. Principal axes are along the eigenvectors of the co-
variance matrix of the data.
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fined as follows (1):

SW ¼
X

C

i¼1

X

x2Xi

ðx�miÞ � ðx�miÞ
T

SB¼
X

C

i¼ 1

niðm�miÞ � ðm�miÞ
T ;

ð4Þ

where T denotes the transpose operator. The transforma-
tion, which is also the projection from the original feature
space onto a lower dimensional feature space, can be ex-
pressed as

y¼WT
� x; ð5Þ

where the column vector y is the feature vector in the
projected space corresponding to pattern x. The optimum
matrixW is obtained by maximizing the criterion function

JðWÞ¼SBF=SWF ; ð6Þ

where SBF and SWF are the corresponding scatter matrices
in the (feature) projection space. It can be shown that SBF

and SWF can be written as

SBF ¼WTSBW

SWF ¼WTSWW:
ð7Þ

Therefore, JðWÞ can be represented in terms of the scatter
matrices of the original patterns

JðWÞ¼
WTSBW

WTSWW
: ð8Þ

JðWÞ is a vector valued function, and the determinant of
this function can be used as a scalar measure of JðWÞ. The
columns of W that maximize the determinant of JðWÞ are
then the eigenvectors that correspond to the largest eigen-

values in the generalized eigenvalue equation:

SBwi¼ liSWwi: ð9Þ

For nonsingular SW, Equation 9 can be written as

S�1W SBwi¼ liwi: ð10Þ

From Equation 10, we can directly compute the eigenval-
ues li and the eigenvectors wi, which then constitute the
columns of the W matrix.

Figure 6 illustrates the transformation of axes obtained
by LDA, which takes the class information into consider-
ation. LDA is not without its own limitations, however. A
close look at the rank properties of the scatter matrices
show that regardless of the dimensionality of the original
pattern, LDA transforms a pattern vector onto a feature
vector, whose dimension can be at most C-1, where C is the
number of classes. This restriction is serious because, for
problems with high dimensionality where most of the fea-
tures do in fact carry meaningful information, a reduction
to C-1 dimensions may cause loss of important informa-
tion. Furthermore, the approach implicitly assumes that
the class distributions are unimodal (such as Gaussian). If
the original distributions are multimodal or highly over-
lapping, LDA becomes ineffective. In general, if the dis-
criminatory information lies within different means (that
is, centers of classes are sufficiently far away from each
other), the LDA technique works well. If the discrimina-
tory information lies within the variances, than PCA
works better then the LDA.

A variation of LDA, referred to as nonparametric disc-
riminant analysis (3,4) removes the unimodal assumption
as well as the restriction of projection to a C-1 dimensional
space, which is achieved by redefining the between-class
matrix, making it a full rank matrix.

SB¼
1

N

X

C

i¼ 1

X

C

j¼ 1

X

x2Xi

wijxðx�mijxÞ � ðx�mijxÞ
T ; ð11Þ

where N is the total number of instances, mijx represents

Poor choice of projection direction LDA: Good choice of projection direction

Figure 6. Linear discriminant analysis.
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the mean of xi ’s k-nearest neighbors from class oj and wijx

represents the weight of the feature vector x from class oi

to class oj

wijx¼
minðdistðxi

KNNÞ;distðx
j
KNNÞÞ

distðxi
KNNÞþdistðxj

KNNÞ
; ð12Þ

with distðxi
KNNÞ being the Euclidean distance from x to its

k-nearest neighbors in class oi. In general, if a class oi

instance is far away in the feature space from the cluster
of class oj instances, wijx is a small quantity. If, however,
an instance of class oi is close to the boundary of class oj

instances, then wijx is a large quantity. The rest of the
analysis is identical to that of regular LDA, where the
generalized eigenvalue equation is solved to obtain the
transformation matrix W. Those columns of W represent-
ing the eigenvectors of the largest eigenvalues are then
retained and the remaining are discarded to achieve the
desired dimensionality reduction.

3.3.3. Other Feature Extraction Techniques. Although
PCA and LDA are very commonly used, they are not nec-
essarily the best ones for all applications. In fact, depend-
ing on the application, the better discriminating
information may reside in the spectral domain for which
a Fourier-based transformation DISCRETE/FAST FOURIER

TRANSFORM may be more appropriate. For NONSTATIONARY

SIGNAL (such as ECG, EEG) a WAVELET-based time-fre-
quency representation may be the better feature extrac-
tion technique (5). In such cases, the dimensionality
reduction is obtained by discarding the transformation
coefficients that are smaller than a threshold, assuming
that those coefficients do not carry much information.

We should add that some sources treat the transfor-
mation-based dimensionality reduction techniques as a
special case of feature selection, as the end result is the
selection of a fewer number of features. These techniques,
when considered as feature selection techniques, are re-
ferred to as filtering-based feature selection (as opposed to
wrapper-based feature selection as described in the next
section), as they filter out irrelevant features.

3.4. Feature Selection

In feature selection, this author specifically means selec-
tion of m features that provide the most discriminatory
information, out of a possible d features, where mod. In
other words, by feature selection, this author refer, to se-
lecting a subset of features from a set of features that have
already been identified by a preceding feature extraction
algorithm. The main question to answer under this setting
is then ‘‘which subset of features provide the most dis-
criminatory information?’’

A criterion function is used to assess the discriminatory
performance of the features, and a common choice for this
function is the performance of a subsequent classifier
trained on the given set of features. In essence, we are
looking for a subset of features that leads to the best gen-
eralization performance of the classifier when trained on
this subset. It should be noted, of course, the best subset

then inevitably becomes a function of the classifier chosen.
For example, the best subset of features for a neural net-
work may be different than the one for a decision tree type
classifier. The feature selection is therefore said to be
wrapped around the classifier chosen, and, hence, such
feature selection approaches are referred to as wrapper
approaches (6).

There is, of course, a conceptually trivial solution to
this problem: evaluate every subset of features by training
a classifier with each such subset, observing its general-
ization performance, and then selecting the subset that
provides the best performance. Such an exhaustive search,
as conceptually simple as it may be, is prohibitively ex-
pensive (computation wise) even for a relatively small
number of features. This is because, the number of subsets
of features to be evaluated grows combinatorially as the
number of features increase. For a fixed size of d and m,
the number of subsets of features is
Cðd;mÞ¼d!=m!ðd�mÞ!. If, on the other hand, we are not
just interested in a subset of features with cardinality m,
but rather a subset whose cardinality is no larger than m,
then the total number of subsets to be evaluated becomes
Pm

i¼ 1 Cðd; iÞ. Just for illustrative purposes, if we are inter-
ested to find the best set of features (of any cardinality) out
of 12 features, 4095 subsets of features need to be evalu-
ated. Or, if we are interested in finding the best subset
with 10 features or less, out of 20 features, we would have
to evaluate 184,756 subsets of features. It is not unusual
for practical problems to have hundreds, if not thousands,
of features.

Of course, more efficient search algorithms exists that
avoid the full exhaustive search, such as the well-estab-
lished depth-first search, breath-first search, branch and
bound search, as well as hill climb search; however, each
has it own limitations. For example, the branch and bound
algorithm avoids the exhaustive search by searching sub-
spaces and computing upper and lower bounds on the so-
lutions obtained in these subspaces. The algorithm keeps
track of the performance of the best solution found thus
far, and if the performance of another solution is worse
than the current best, the subspaces of this solution are
discarded from future search. This of course, makes sense
if and only if the criterion function used to evaluate the
performance is monotonic on the feature subsets, that is,
the performance of any feature subset must improve with
the addition of features. As discussed earlier, this is clearly
not the case in classification problems, as addition of ir-
relevant features are guaranteed to cause performance
degradation.

Other search algorithms include sequential forward
and backward search (also referred to as hill-climbing)
(7). Forward search starts with no features and evaluates
every single feature, one at a time, and finds the best sin-
gle feature. This feature is then included as part of the
optimal feature subset. Then, keeping this one feature, all
other features are added, again one at a time, to form a
two-feature subset. The best two-feature subset is re-
tained and the search continues by adding one feature
at a time to the best subset found thus far. The search
terminates when addition of a new feature no longer im-
proves performance. The backward search works much
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the same, but in reverse order: The search starts with all
features and then one feature is removed at a time until
removing features no longer improves performance.

Figure 7 illustrates the forward-search-based hill climb
on a sample feature set of cardinality 12. Each ordered 12-
tuple indicates which features are included or not (indi-
cated by ‘‘1’’ or ‘‘0,’’ respectively) in that feature subset.
First row shows the root level where no features are yet
included in the search. Each feature is evaluated one at a
time (twelfth total evaluations). Assume that the second
feature provides the best performance. Then, all two-fea-
ture combinations including the second feature are eval-
uated (11 such evaluations). Assume that second and 12th
features together provide the best performance, which is
better than the performance of the second feature alone.
Then, keeping these two features, one more feature is
added and the procedure continues until adding a feature
no longer improves the performance from the previous it-
eration.

Forward and backward searches are significantly more
cost efficient than the exhaustive search, as at each stage
the number of possible combinations that need to be eval-
uated decreases by one. Therefore, the total number of
feature subsets that must be evaluated is

Nþ ðNþ 1Þþ ðNþ 2Þ þ � � � þ ðN � ðN � 1ÞÞ

¼
NðN � 1ÞÞ

2
;

ð13Þ

where N is the total number of features. In comparison to
4095 exhaustive search evaluations, hill climb requires
only 66 for the 12-feature example mentioned above. How-
ever, computational efficiency comes at the cost of opti-
mality: Hill climb is suboptimal, as the optimal feature
subset that provides the best performance need not con-
tain the single best feature obtained earlier.

Despite their suboptimality, these search algorithms
are often employed if (1) the total number of features is
significantly large, and (2) the features are uncorrelated.
We would like to emphasize the second condition: Wrap-

per-based feature selection algorithms can only be used if
the individual features are uncorrelated and, better yet, if
they are independent of each other. Such approaches can-
not be used for time-series-based features, such as ECG
signals, where one feature is clearly and strongly corre-
lated with the features that come before and after itself.

4. MODEL SELECTION AND TRAINING

4.1. Setting the Problem as a Function Approximation

Only after acquiring and preprocessing adequate and rep-
resentative data and extracting and selecting the most
informative features is one finally ready to select a clas-
sifier and its corresponding training algorithm. As men-
tioned earlier, one can think of the classification as a
function approximation problem: find a function that
maps a d-dimensional input to appropriately encoded
class information (both inputs and outputs must be en-
coded, unless they are already of numerical nature). Once
the classification is cast as a function approximation prob-
lem, a variety of mathematical tools, such as optimization
algorithms, can be used. Some of the more common ones
are described below. Although most common pattern rec-
ognition algorithms are categorized as statistical ap-
proaches vs. neural network type approaches, it is
possible to show that they are infact closely related and
even a one-to-one match between certain statistical ap-
proaches and their corresponding neural network equiva-
lents can be established.

4.2. Statistical Pattern Recognition

4.2.1. Bayes Classifier. In statistical approaches, data
points are assumed to be drawn from a probability distri-
bution, where each pattern has a certain probability of
belonging to a class, determined by its class conditioned
probability distribution. In order to build a classifier, these
distributions must either be known ahead of time or must
be learned from the data. The problem is cast as follows: A
given d-dimensionalx¼ ðx1; . . . ; xdÞ needs to be assigned to

0,0,0,0,0,0,0,0,0,0,0,0

1,0,0,0,0,0,0,0,0,0,0,0 0,0,0,0,0,0,0,0,0,0,0,10,1,0,0,0,0,0,0,0,0,0,0 …
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2nd feature gives
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give best performance
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Search continues until the best feature in the current row 
is not better than that of the previous row.

12 combinations
to test

11 combinations
to test

10 combinations
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Root level: No feature is
included in the solution

…

…

Figure 7. Forward search hill climb.
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one of c classes o1; . . . ;oc. The feature vector x that be-
longs to class oj is considered as an observation drawn
randomly from a probability distribution conditioned on
class oj, PðxjojÞ. This distribution is called the likelihood,
the (conditional) probability of observing a feature value of
x, given that the correct class is oj. All things being equal,
the category with higher class conditional probability is
more ‘‘likely’’ to be the correct class. All things may not
always be equal, however, as certain classes may be in-
herently more likely. The likelihood is therefore converted
into a posterior probability PðojjxÞ, the (conditional) prob-
ability of correct class being oj, given that feature value x
has been observed. The conversion is done using the well-
known Bayes theorem that takes the prior likelihood of
each class into consideration:

PðojjxÞ¼
Pðx \ ojÞ

PðxÞ
¼

PðxjojÞ � PðojÞ

P

C

k¼ 1

PðxjokÞ � PðokÞ

; ð14Þ

where PðojÞ is the prior probability, the previously known
probability of correct class being class oj (without regard-
ing the observed feature vector), and PðxÞ is the evidence,
the total probability of observing the feature vector x. The
prior probability is usually known from prior experience.
For example, referring to our original example, if histor-
ical data indicates that 20% of all people over the age of 60
have had two or more heart attacks, regardless of weight
and blood pressure, the prior probability for this class is
0.2. If such prior experience is not available, it can either
be estimated from the ratio of training data patients that
fall into this category, or if that is not reliable (because of
small training data), it can be taken as equal for all
classes.

The posterior probability is calculated for each class,
given x, and the final classification then assigns x to the
class for which the posterior probability is largest, that is,
oi is chosen if PðoijxÞ > PðojjxÞ, 8i, j¼ 1; . . . ; c. It should be
noted that the evidence is the same for all classes, and
hence its value is inconsequential for the final classifica-
tion. A classifier constructed in this manner is usually re-
ferred to as a Bayes classifier or Bayes decision rule, and
can be shown to be the optimal classifier, with smallest
achievable error, in the statistical sense.

A more general form of the Bayes classifier considers
the fact that not all errors are equally costly, and hence
tries to minimize the expected risk RðaijxÞ, the expected
loss for taking action ai. Whereas taking action ai is usu-
ally considered as choosing class oi, refusing to make a
decision can also be an action, allowing the classifier not to
make a decision if the expected risk of doing so is smaller
than that of choosing any of the classes. The expected risk
can be calculated as

RðaijxÞ¼
X

c

j¼ 1

lðaijojÞ � PðojjxÞ; ð15Þ

where lðaijojÞ is the loss incurred for taking action ai when
the correct class is oj. If one associates action ai as select-
ing oi, and if all errors are equally costly the zero-one loss

is obtained

lðaijojÞ¼
0; if i¼ j

1; if iOj:

(

ð16Þ

This loss function assigns no loss to correct classification
and assigns a loss of 1 to misclassification. The risk cor-
responding to this loss function is then

RðaijxÞ¼
X

jOi
j¼ 1;...;c

PðojjxÞ¼ 1�PðoijxÞ; ð17Þ

proving that the class that maximizes the posterior prob-
ability minimizes the expected risk.

Out of the three terms in the optimal Bayes decision
rule, the evidence is unnecessary, the prior probability can
be easily estimated, but we have not mentioned how to
obtain the key third term, the likelihood. Yet, it is this
critical likelihood term whose estimation is usually very
difficult, particularly for high dimensional data, rendering
Bayes classifier impractical for most applications of prac-
tical interest. One cannot discard the Bayes classifier out-
right, however, as several ways exist in which it can still
be used: (1) If the likelihood is known, it is the optimal
classifier; (2) if the form of the likelihood function is
known (e.g., Gaussian), but its parameters are unknown,
they can be estimated using MAXIMUMLIKELIHOODESTIMATION

(MLE); (3) even the form of the likelihood function can be
estimated from the training data, for example, by using k-
nearest neighbor approach (discussed below) or by using
Parzen windows (1), which computes the superposition of
(usually Gaussian) kernels, each of which are centered on
available training data points—however, this approach
becomes computationally expensive as dimensionality in-
creases; and (4) the Bayes classifier can be used as a
benchmark against the performance of new classifiers by
using artificially generated data whose distributions are
known.

4.2.2. Naı̈ve Bayes Classifiers. As mentioned above, the
main disadvantage of the Bayes classifier is the difficulty
in estimating the likelihood (class-conditional) probabili-
ties, particularly for high dimensional data because of the
curse of dimensionality. There is highly practical solution
to this problem, however, and that is to assume class-con-
ditional independence of the features:

PðxjoiÞ¼
Y

d

j¼ 1

PðxðjÞjoiÞ; ð18Þ

which yields the so-called Naı̈ve Bayes classifier. Equation
18 basically requires that the jth feature of instance x,
denoted as x(j), is independent of all other features, given
the class information. It should be noted that this is not as
nearly restrictive as assuming full independence, that is,

PðxÞ¼
Y

d

j¼ 1

PðxðjÞÞ: ð19Þ
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The classification rule corresponding to the Naı̈ve Bayes
classifier is then to compute the discriminant function
representing posterior probabilities as

giðxÞ¼PðoiÞ
Y

d

j¼ 1

PðxðjÞjoiÞ ð20Þ

for each class i, and then choosing the class for which the
discriminant function giðxÞ is largest. The main advantage
of this approach is that it only requires univariate densi-
ties pðxðjÞjoiÞ to be computed, which are much easier to
compute than the multivariate densities pðxjoiÞ. In prac-
tice, Naı̈ve Bayes has been shown to provide respectable
performance, comparable with that of neural networks,
even under mild violations of the independence assump-
tions.

4.2.3. k-Nearest Neighbor (kNN) Classifier. Although
the kNN can be used as a nonparametric density estima-
tion algorithm (see NEAREST NEIGHBOR RULES), it is more
commonly used as a classification tool. As such, it is one of
the most commonly used algorithms, because it is very
intuitive, simple to implement, and yet provides remark-
ably good performance even for demanding applications.
Simply put, the kNN takes a test instance x, finds its k-
nearest neighbors in the training data, and assigns x to
the class occurring most often among those k neighbors.
The entire algorithm can be summarized as follows:

* Out of N training vectors, identify the k-nearest
neighbors (based on some distance metric, such as
Euclidean) of x irrespective of the class label. Choose
an odd (or prime) k.

* Identify the number of samples kj that belongs to
class oj such that

P

j kj¼ k.
* Assign x to the class with the maximum number of kj
samples.

Figure 8 illustrates this procedure for k¼ 11. According
to the kNN rule, the test instance indicated by the plus
sign would be labeled as class-3 (represented by circles
K), as out of its 11 nearest neighbors, class-3 instances
occur most often in the training data [six instances, as
opposed to two from class-2 ðmÞ, three from class-4 (%),
and none from class-1 (’)]. Similarly, the test instance
indicated by the diamond shape ~ would be labeled as
class-1, because its 11 nearest neighbors have seven in-
stances from class-1 and only four instances from class-4
(none from other classes) in the training data. It should be
noted that the choice of k as an odd number is not by ac-
cident. For two-class problems, it is often chosen as an odd
number, and for c-class problems, it is usually chosen as a
number that is not divisible by c to prevent potential ties.

The limiting case of kNN is to chose k¼ 1, essentially
turning the classification algorithm to one that assigns the
test instance to the class of its NEAREST NEIGHBOR in the
training data. Choosing a large k has the advantage of
creating smooth decision boundaries. However, it also has
higher computational complexity, but more importantly,

loses local information because of averaging caused by
further away instances being taken into account in the
classification.

Despite its simple structure, the kNN is a formidable
competitor to other classification algorithms. In fact, it can
be easily shown that when sufficiently dense data exists,
its performance approaches to that of the optimal Bayes
classifier. Specifically, in the large sample limit, the error
of the 1-NN classifier is at worst twice the error of the op-
timal Bayes classifier.

The kNN does not really do much of any learning. In
fact, it does no processing until a request to classify an
unknown instance is made. It simply compares the un-
known data instance with those that are in the training
data, for which it must have access to the entire database.
Therefore, this approach is also called lazy learning or
memory-based learning, which is in contrast to that of
‘‘eager’’ learning algorithms, such as neural networks,
which do in fact learn the decision boundary before it is
asked to classify an unknown instance. In eager learning
algorithms, the training data can be discarded after the
training: Once the classifier model has been generated, all
information contained in the training data is then con-
densed and stored as model parameters, such as the neu-
ral network weights. Lazy algorithms have little or no
computational cost of training, but more computational
cost during the testing compared with eager learners.

4.3. Neural Networks

Among countless number of neural network structures,
There are two that are used more often than all others: the
multilayer perceptron (MLP) and the radial basis function
(RBF). These networks have been extensively studied,
empirically tested on a broad spectrum of applications,
and hence their properties are now well known. Further-
more, these two types of networks have proven to be uni-
versal approximators (8–11), a term referring to the ability
of these networks to approximate any decision boundary
of arbitrary dimensionality and arbitrary complexity with
arbitrary precision, given adequate amount of data and
proper selection of their architectural and training pa-
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Figure 8. kNN classification.
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rameters. These two types of networks are explained in
detail in this article.

4.3.1. Neuronal Model and the Multilayer Percept-
rorn. The artificial neural networks (ANNs), or simply
neural networks, are designed to mimic the decision-mak-
ing ability of the brain, and hence their structure resem-
bles that of the nervous system, albeit very crudely,
featuring a massively interconnected set of elements. In
its most basic form, a single element of the nervous sys-
tem, a neuron, consists of four basic parts, as schemati-
cally illustrated in Fig. 9: the dendrites that receive
information from other neurons, the cell body (the soma)
that contains the nucleus and processes the information
received by the neuron, the axon that is used to transmit
the processed information away from the soma and toward
its intended destination, and the synaptic terminals that
relay this information to/from the dendrites of consecutive
neurons, the brain, or the intended sensory/motor organ.

The neuron, modeled as the unit shown in Fig. 10, is
typically called a node. It features a set of inputs and a
weight for each input representing the information arriv-
ing at the dendrites, a processing unit representing the
cell body and an output that connects to other nodes (or
provides the output) representing the synaptic terminals.
The weights, positive or negative, represent the excitatory
or inhibitory nature of neuronal activation, respectively.
The axon is implicitly represented by the physical layout
of the neural network.

It is noted that for a d-dimensional feature vector, the
node usually has dþ1 inputs to the node often exist,
where the 0th input is indicated as x0 with the constant
value of 1, and its associated weight w0. This input serves
as the bias of the node. The output of the node is calculated
as the weighted sum of its inputs, called the net sum, or
simply net, passed through the activation function f:

net¼
X

d

i¼ 0

wjixi¼x �wT þw0

y¼ f ðnetÞ:

ð21Þ

Note that the net sum creates a linear decision boundary,
x �wT þw0, which is then modified by the activation func-
tion. Popular choices for the activation function f include

(1) The thresholding function

f ðnetÞ¼

1; if net � 0

0; otherwise

8

<

:

or

f ðnetÞ¼

1; if net � 0

�1; otherwise:

8

<

:

ð22Þ

When used with this activation function, the node
is also known as the perceptron.

(2) The identity (linear) function

f ðnetÞ¼net: ð23Þ

(3) The logistic (sigmoid) function

f ðnetÞ¼
1

1þ e�b�net
: ð24Þ

(4) The hyperbolic tangent (sigmoid) function

f ðnetÞ¼ tanhðbnetÞ¼
2

1þ e�b�net
� 1: ð25Þ

The thresholding function, the identity function, and
the logistic sigmoid function are depicted in Figs. 11a 11b,

…
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Figure 10. The node model of a neuron.

Dendrites
Cell body
(soma)

Axon Synaptic
terminals

Figure 9. Schematic illustration of the neuron.
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and 11c, respectively (the shape of the hyperbolic tangent
function looks similar to that of the logistic sigmoid, ex-
cept the logistic function takes values between 0 and 1,
whereas the range of the hyperbolic tangent is between
� 1 and 1). The b parameter in the sigmoidal functions
controls the sharpness of the function transition at zero,
and both functions approach to thresholding function as b
approaches 1, and to a linear function as b approaches 0.

In the case of the thresholding function, the node sim-
ply makes a hard decision to fire (an action potential) or
not, depending on whether it has a net excitatory or in-
hibitory weighted input. In the case of the identity func-
tion, the node does no processing and relays its input to its
output, and in the case of the sigmoid function, it provides
a continuous output in the range of ½0 1� as a soft decision
on whether to fire or not. Rosenblatt, who has coined the
term perceptron, has shown that perceptron can learn any
linear decision boundary through a simple learning al go-
rithm, where the weights are randomly initialized and
then iteratively updated as

wðtþ 1Þ¼wðtÞþDwðtÞ ) Dw¼ Zeixi ð26Þ

for each xi that is misclassified by the algorithm in the
previous iteration, where Z is the so-called learning rate
and ei is the error of the perceptron for input xi. However,
if the classes are not linearly separable, than the algo-
rithm loops infinitely without convergence on a solution.
As most problems have nonlinear decision boundaries, the
single perceptron is of limited use.

Although a single perceptron may not be of much prac-
tical use, appropriate combinations of them can be quite
powerful and approximate an arbitrarily complex nonlin-
ear decision boundary. Arguably the most popular of clas-
sifiers constructed in such a fashion is the ubiquitous
multilayer perceptron (MLP). The structure of the MLP is
designed to mimic that of the nervous system: a large
number of neurons connected together, and the informa-
tion flows from one neuron to others in a cascade-like
structure until it reaches its intended destination (Fig.
12).

Figure 13 provides a more detailed representation of
the MLP structure on which we identify many architec-
tural properties of this network. An MLP is a feed-forward
type neural network, indicating that the information flows
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in one direction from the input toward the output (as op-
posed to recurrent networks that have feedback loops). The
first layer, also called the input layer, uses nodes with lin-
ear activation functions, where each node has a single in-
put corresponding to one of the features of the input
vector. Therefore, the input layer consists of d nodes, for
a d-dimensional feature vector (an additional input node
with a constant value of 1 is also routinely added to serve
as the bias term), As a result of the linear activation func-
tions, the input layer does no processing apart from pre-
senting the data to the next layer, called the hidden layer.
An MLP may have one or more hidden layers; however, it
can be shown that any decision boundary function of ar-
bitrary dimensionality and arbitrary complexity can be
realized with a single hidden layer MLP. Each input node

is fully connected to every other node in the following
layer through the set of weights Wji. The hidden layer
nodes use a nonlinear activation function, typically a si-
gmoid function. The outputs of the hidden layer nodes are
then fully connected either to the next hidden layer’s
nodes, or more commonly to the output layer nodes
through another set of weights, Wkj. The output layer
nodes, of which one exists for each class, also use a sigmo-
idal activation function. The class labels of the training
data are encoded using c binary digits (e.g., class-3 in a 5-
class problem is represented with ½0 0 1 0 0�, whereas
class-5 is represented as ½0 0 0 0 1�). The logistic function
forces each output to be between 0 and 1. The value for
each output is then interpreted as the support given by the
MLP to the corresponding class. In fact, if a sufficiently
dense training dataset is available, if the MLP architec-
ture is chosen appropriately to learn the underlying data
distribution, and if the outputs are normalized to add up
to 1, then individual outputs approximate the posterior
probability of the corresponding class. The softmax rule is
typically used for normalizations (1,9): representing the
actual classifier output corresponding to the kth class as
zkðxÞ, and the normalized values as z0kðxÞ, approximated
posterior probabilities PðokjxÞ can be obtained as

PðokjxÞ � z0kðxÞ¼
ezkðxÞ

PC
c¼ 1 e

zcðxÞ
)
X

C

k¼ 1

z0kðxÞ¼ 1: ð27Þ

The decision is therefore chosen as the class indicated by
the output node that yields the largest value for the given
input (that is, choosing the class with largest posterior
probability).

Although the number of nodes for the input and output
layers are fixed (number of features and classes, respec-
tively), the number of nodes for the hidden layer is a free
parameter of the algorithm. In general, the predictive
power of the MLP—its ability to approximate complex de-
cision boundaries—increases with the number of hidden
layer nodes, however, so does its chance of overfitting the
data, not to mention its memory and computational bur-
den. Therefore, the least number of nodes that provide a
desirable performance should be used (per Ockham’s ra-
zor).

The goal of the MLP is to adjust its weights so that a
cost function calculated as the squared error on labeled
training data is minimized. This is achieved by using an
optimization algorithm, typically one of several gradient-
descent-based approaches, where the algorithm tries to
find the global minimum of the so-called quadratic error
surface defined by the cost function

JðwÞ¼
1

2

X

N

n¼ 1

X

c

k¼ 1

ðtk � zkÞ
2; ð28Þ

wherew represents the entire set of weights of the MLP,N
is the number of training data instances, c is the number
of classes, tk is the target (correct) output for the kth out-
put node, and zk is the actual output of the kth output
node. The algorithm by which the weights are iteratively

Input Information

Output
Information

Input 

Output 

(a)

(b)

Figure 12. (a) The MLP structure mimicking (b) the simplified
structure of the nervous system.
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learned is called the BACKPROPAGATION LEARNING RULE where
the weight update searches for the minimum of the error
surface along the direction of the negative gradient of the
error:

wðtþ 1Þ¼wðtÞþDwðtÞ ) Dw¼ � Z
@JðwÞ

@w
: ð29Þ

The careful reader will immediately notice that the cost
function in Equation 28 does not appear to be a function of
the weights w. However, the cost function is in fact an
implicit function of the weights, because the values of the
output nodes depend on all network weights. The algo-
rithm begins with random initialization of all weights, and
then calculates the weight update rule for the output
weights first. As the actual outputs as well as the desired
target outputs are available for the output layer, it can be
easily shown to yield

Dwkj¼ Z � dk � yj¼ Zðtk � zkÞf
0ðnetkÞyj; ð30Þ

where the selection of logistic sigmoid as the activation
function yields the convenient

f 0ðnetkÞ¼ f ðnetkÞ½1� f ðnetkÞ� ð31Þ

as the derivative of the activation function, and where

dkðtk � zkÞf
0ðnetkÞ ð32Þ

is called the sensitivity of the kth output node.
Representing J as a function of input layer weights is a

little trickier, because the desired outputs of the hidden
layer nodes are not known. The trick itself is not a difficult
one, however, and involves backpropagating the error, that
is, representing the error at the output as a function of the
input to hidden layer weights through a series of chain

rules, yielding

Dwji¼ � Z
@J

@wji
¼ Z

X

c

k¼ 1

dkwkj

" #

f 0ðnetjÞxi

¼ Z � dj � xi;

ð33Þ

where

dj¼
X

c

k¼ 1

dkwkj

" #

f 0ðnetjÞ ð34Þ

is called the sensitivity of the jth hidden layer node.
Successful implementation of the MLP requires suit-

able and appropriate choices of its many parameters.
These parameters include the learning rate Z, the num-
ber of hidden layer nodes H, the error goal E (the value of
the cost function below which we consider the network as
trained), the activation function, the way in which the
weights are initialized, and so on. Although no hard rules
exist for choosing any of these parameters, the follows
guidelines are often recommended.

4.3.1.1. Learning Rate. The learning rate represents
the size of each iterative step taken in search of the min-
imum error. The learning rate, in theory, only affects the
convergence time. However, in practice, too large a value
of learning rate can also result in system divergence, as
the globally optimum solution is seldom found. A too small
choice of Z results in long training time, whereas a too
large choice can cause the algorithm to take too big steps
and miss the minimum of the error surface. Typical values
of Z lie in the ½0 1� range.

4.3.1.2. Number of Hidden Layer Nodes H. As men-
tioned earlier, H defines the expressive power of the net-
work, and larger H results in a network that can solve
more complicated problems. However, excessive number of
hidden nodes causes overfitting, the phenomenon where
the training error can be made arbitrarily small, but the
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network performance on the test data remains poor. Too
few hidden nodes, however, may not be enough to solve the
more complicated problems. Typically, H is determined by
a combination of previous expertise, amount of data avail-
able, dimensionality, complexity of the problem, trial and
error, or validation on an additional training dataset. A
common rule of thumb that is often used is to choose H
such that the total number of weights remains less thenN/
10, where N is the total number of training data available.

4.3.1.3. Error Goal E. If the training data is noisy or
overlapping, reaching zero error is usually not possible.
Therefore, an error goal is set as a threshold, below which
training is terminated. Selecting E too large causes pre-
mature termination of the algorithm, whereas choosing it
too small forces the algorithm to learn the noise in the
training data. E is also selected based on prior experience,
trial and error, or validation on an additional training da-
taset, if one is available.

4.3.1.4. Choice of Activation Function and Output Encod-
ing. If the problem is one of classification, then the output
node activation function is typically chosen as a sigmoid. If
the desired output classes are binary encoded (e.g.,
½0 0 1 0 0� indicating class-3 in a 5-class problem), then lo-
gistic sigmoid is used. Plus or minus 1 can also be used to
encode the outputs (e.g., ½�1 � 1 þ 1 � 1 � 1�), in which
case the hyperbolic tangent is employed. It has been em-
pirically shown, however, that better performance may be
obtained if softer values are used instead of the asymptotic
ones, such as 0.05 instead of 0 and 7 0.95 instead of 7 1
during training. If the MLP is being used strictly for func-
tion approximation, linear activation function is used at
the output layer, although the radial basis function (dis-
cussed below) is preferred for such function approximation
problems.

4.3.1.5. Momentum. Small plateaus or local minima in
the error surface may cause backpropagation to take a
long time, or even get stuck at a local minimum, as sche-
matically illustrated in Fig. 14, for the leftmost selection of
initial weights. In order to prevent this problem, a mo-
mentum term is added, which incorporates the speed in
which the weights are learned. This term is loosely related
to the momentum in physics—a moving object keeps mov-
ing unless prevented by outside forces. The modified

weight update rule is then obtained as follows

wðtþ 1Þ¼wðtÞþ ð1� aÞDwðtÞþ aDwðt� 1Þ; ð35Þ

where a is the momentum term. For a¼ 0, the original
backpropagation is obtained: The weight update is deter-
mined purely by the gradient descent. For a¼ 1, the gra-
dient is ignored, and the update is based on the
momentum: The weight update continues along the direc-
tion in which it was moving previously. Although a is typ-
ically taken to be in ½0:9 0:95� range, an inappropriate
choice may lead to oscillations in training. The optimal
value is often problem dependent and can be determined
by trying several values and choosing the one that leads to
smallest overall error.

Figure 14 shows that the minimum error reached also
depends on the weight initialization. If, for example, the
rightmost location had been randomly selected, the gra-
dient descent would have easily located the global mini-
mum of the error surface. Although an effective use of the
momentum term reduces the dependence of the final so-
lution to the initialization of the weights, it is common
practice to train the MLP several times, with different
random initializations of the weights, and choosing the
one that leads to the smallest error.

4.3.2. Radial Basis Function (RBF) Networks. As pointed
out earlier, the classification problem can also be cast as a
function approximation problem, where the goal of the
classifier is to approximate the function that provides an
accurate mapping of the input patterns to their correct
classes. There are many applications, however, where the
problem strictly calls for a function approximation (also
called system identification), or regression, particularly
when the output to be determined is not one of several
categorical entities, but rather a number on a discrete or
continuous scale. For example, one may be interested in
estimating the severity of dementia, on a scale of 0 to 10,
from a series of electroencephalogram (EEG) measure-
ments, or estimating the cerebral blood oxygenation levels
obtained through near-infrared spectroscopy measure-
ments. Clearly, because the output is not categorical, it
is not a classification problem, but rather a function ap-
proximation: we assume that there is an unknown func-
tion that maps the features obtained from the signal to a
number that represents the sought after value, and it is
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Figure 14. Schematic illustration of the local
minima problem in gradient-descent-type opti-
mization.
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this function we wish to approximate from the given train-
ing data. It is for such function approximation applica-
tions that the RBF networks are most commonly used.

We should note that both the MLP and the RBF can be
used for either classification or function approximation
applications, as they are both universal approximators.
However, many empirical studies have shown that the
RBF networks usually perform well on function approxi-
mation problems, and MLP networks usually perform well
on classification problems. As discussed below, the struc-
ture of the RBF network makes it a natural fit for function
approximation.

Given a set of input/output pairs as training data
drawn from an unknown (to be approximated) function,
the main idea in RBF network is to place radial basis
functions, also called kernel functions, on top of each train-
ing data point, and then compute the superposition of
these functions to obtain an estimate of the unknown
function. Figure 15 illustrates the approach, where the
dotted line on the left indicates a 1D unknown function
and the stars indicate the training data obtained from this
function. A Gaussian-type radial basis function is then
placed on top of each training data point (right). The in-
puts of the training data determine the centers, whereas
their desired values determine the amplitudes of the ker-
nel functions. Superposition of these kernel functions then
provides an estimate of the unknown function.

The term radial basis functions is an appropriately
chosen one: radial refers to the symmetry of the kernel,
whereas basis functions are those functions using a linear
combination of which any other function (in the same
function space) can be represented. The RBF network au-
tomates the above described procedure using the archi-
tecture shown in Fig. 16. RBF is also a feed-forward
network, and its architecture shows great resemblance
to that of the MLP.

The main difference between the RBF and the MLP
networks is the activation function used in the hidden and
output layers. At the hidden layer, the RBF uses the radial
basis functions for activation, typically the Gaussian. The
hidden layer of the RBF is also referred to as the receptive
field layer. The output of the jth receptive field is calcu-
lated as

yj¼jðnetj¼ k x� uj kÞ

¼ e�
kx�ujk

s

� �2

;

ð36Þ

where j is the radial basis function; uj are the input to
receptive field weights, which also constitute the centers
of the Gaussian kernels, and are usually obtained as pro-
totypes of the training data; and s, the main free param-
eters of the algorithm, is the spread (standard deviation)
of the Gaussian kernel. The spread should be chosen ju-
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diciously: Large s values result in wider Gaussians, which
can be helpful in averaging out the noise in the data.
However, local information can also be lost because of this
averaging. Small s values, on the other hand, result in
narrow Gaussians, which help retain the local informa-
tion, however, may cause spurious peaks where training
data is not very dense, particularly if those areas have
noisy data instances.

The hidden layer units essentially compute the dis-
tance between the given input and preset centers, called
prototypes (determined by the u weights), and calculates a
support from each kernel for the given input: The support
is large from those kernels whose centers are close to the
given input, and small for others. The kth output node is
the linear combination of these supports:

zk¼ f ðnetkÞ¼ f
X

H

j¼ 1

wkjyj

 !

¼
X

H

j¼ 1

wkjyj¼y �wT ; ð37Þ

where the activation function is usually the linear func-
tion, H is the number of receptive field units, and w is the
set of weights connecting the receptive layer to the output
layer.

An RBF network can be trained in one of four ways:

4.3.2.1. Approach 1. Approach 1 is known as exact
RBF, as it guarantees correct classification of all training
data instances. It requires N hidden layer nodes, one for
each training instance. No iterative training is involved.
RBF centers ðuÞ are fixed as training data points, spread
as variance of the data, and w are obtained by solving a
set of linear equations. This approach may lead to over-
fitting.

4.3.2.2. Approach 2. In order to reduce the overfitting,
fewer fixed centers are selected at random from the train-
ing data, where HoN. Otherwise, same as Approach 1,
with no iterative training.

4.3.2.3. Approach 3. In this approach, centers are ob-
tained from unsupervised learning (clustering). Spreads
are obtained as variances of clusters, and w are obtained
through LEAST MEAN SQUARES (LMS) algorithm. Both clus-
tering and LMS algorithm are iterative, and therefore the
approach is more computationally expensive than the pre-
vious ones. However, this approach is quite robust to over-
fitting, typically providing good results. It is the most
commonly used procedure.

4.3.2.4. Approach 4. All unknowns are obtained from
gradient-based supervised learning. The most computa-
tionally expensive approach, and with the exception of
certain specialized applications, the additional computa-
tional burden do not necessarily translate into better per-
formance.

In comparing MLP and RBF, their main common de-
nominator is that they are both universal approximators.
They have several differences, however: (1) MLP gener-
ates a global approximation to the decision boundaries, as
opposed to the RBF, which generates more local approx-

imations; (2) MLP is more likely to battle with local min-
ima and flat valleys than RBF, and hence, in general, has
longer training times; (3) as MLPs generate global ap-
proximations, they excel in extrapolating, that is, classi-
fying instances that are outside of the feature space
represented by the training data. Extrapolating, however,
may mean dealing with outliers; (4) MLPs typically re-
quire fewer parameters than RBFs to approximate a given
function with the same accuracy; (5) all parameters of an
MLP are trained simultaneously, whereas RBF parame-
ters can be trained separately in an efficient hybrid man-
ner; (6) RBFs have a single hidden layer, whereas MLPs
can have multiple hidden layers; (7) the hidden neurons of
an MLP compute the inner product between an input vec-
tor and the weight vector, whereas RBFs compute the dis-
tance between the input and the radial basis function
centers; (8) the hidden layer of an RBF is nonlinear and its
output layer is usually linear, whereas all layers of an
MLP are nonlinear. This really is more of a historic pref-
erence based on empirical success that MLPs typically do
better in classification type problems and RBFs do better
in function approximation type problems.

5. PERFORMANCE EVALUATION

Once the model selection and training is completed, its
generalization performance needs to be evaluated on pre-
viously unseen data to estimate its true performance on
field data.

One of the simplest, and hence, the most popular meth-
ods for evaluating the generalization performance is to
split the entire training data into two partitions, where
the first partition is used for actual training and the sec-
ond partition is used for testing the performance of the
algorithm. The performance on this latter dataset is then
used as an estimate of the algorithm’s true (and unknown)
field performance. However, estimating the algorithm’s
future performance in this manner still presents some le-
gitimate concerns:

1. As a portion of the dataset is set aside for testing, not
all of the original data instances are available for
training. Since an adequate and representative
training data set is of paramount importance for
successful training, this approach can result in sub-
optimal performance.

2. What percent of the original data should be set aside
for testing? If a small portion is used for testing,
then the estimate of the generalization performance
may be unreliable. If a large portion of the dataset is
used for testing, less data can be used for training
leading to poor training.

3. We can also never know whether the test data that is
set aside, regardless of its size, is a representative of
the data the network will see in the future. After all,
the instances in the test dataset may have a large
distribution nearby or far away from the decision
boundary, making the test dataset too difficult or too
simple to classify, respectively.
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One approach that has been accepted to provide a rea-
sonably good estimate of the true generalization perfor-
mance uses cross validation to address the above
mentioned issues. In k-fold cross validation, the entire
available training dataset is split into k > 2 partitions,
creating k blocks of data. Of these k blocks, k� 1 are used
for training and the remaining kth block is used for test-
ing. This procedure is then repeated k times, using a dif-
ferent block for testing in each case. The k test
performances obtained are averaged, and the average
test performance is declared as the estimate of the true
generalization performance of the algorithm. The proce-
dure is illustrated in Fig. 17.

The algorithm has several important advantages. First,
all data instances are used for training as well as for test-
ing, but never at the same time, allowing full utilization of
the data. Second, as the procedure is repeated k times, the
probability of an unusually lucky or unlucky partitioning
is reduced through averaging. Third, a confidence interval
for the true generalization performance can be obtained
using a two-tailed z-test, if k > 30, or a two-tailed t-test,
otherwise.

For example, the 100�ð1� aÞ% two-sided confidence in-
terval t-test would provide

P¼P� ta=2;k�1 �
s
ffiffiffi

k
p ; ð38Þ

where P is the mean of k individual test performances
P1 	 Pk, s is the standard error of k individual perfor-
mance values (can be estimated by calculating the stan-
dard deviation), ta=2;k�1 is the critical value of t-
distribution for k� 1 degrees of freedom for the desired
confidence level a, and P is the range of values in which
the true generalization performance is considered to lie.

The choice of k is of course data dependent: selecting k
too large divides the data into too many partitions, allow-
ing a larger amount of data for training; however, it also
increases the confidence interval because of large varia-
tions on the test performances, as a result of testing on
very few test instances. On the other hand, choosing k too
small causes not enough partitions to be made and re-

duces the amount of data available for training. For suf-
ficiently large datasets, k is typically taken as 5 or 10;
however, for smaller datasets, k may be chosen larger to
allow a larger training data. The extreme case, where
k¼N, is also known as leave-one-out validation. In this
case, the entire data but one instance is used for each
training session, and testing solely on the remaining in-
stance, repeating the process N times. Although this
method provides the best estimate of the generalization
performance, it usually yields a wides worst confidence
interval, not to mention additional computational burden.

6. OTHER TOPICS & FUTURE DIRECTIONS

6.1. Other Common Pattern Recognition Approaches

As this chapter is meant to provide an introductory back-
ground to pattern recognition, only those topics that are
most fundamental, and only those algorithms that are
most commonly used have been described in the previous
paragraphs. The field of pattern recognition, however,
comprises of a vast number of algorithms, many of which
are specifically geared toward certain applications falling
outside the scope of this article. Nevertheless, a few addi-
tional well-established algorithms should be mentioned to
provide breadth and topical name recognition.

As a preprocessing step, a technique that has some
similarities to principal component analysis, but intended
for solving a different problem is the INDEPENDENT COMPO-

NENT ANALYSIS (ICA). Unlike PCA, which seeks to find di-
rections in feature space that best represent the data in
mean square error sense, ICA seeks to find directions
along which the data components are most independent
from each other (12). Typically used for BLIND SOURCE SEPA-

RATION applications (13), ICA attempts to decouple differ-
ent components of a composite data, which are originally
generated by different sources. Isolating electrooculogram
(caused by eye-blink artifacts) from an EEG, or isolating
fetus ECG from that of the mother’s are traditional appli-
cations for ICA.

As mentioned in the introduction, this chapter focuses
on supervised algorithms, for which the availability of a
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training data with pre-assigned class labels is assumed. If
such a training dataset is not available, unsupervised
clustering algorithms can be used (1,2). Most commonly
used examples of such algorithms include the k-means (1),
several variations of fuzzy c-means (14), vector quantiza-
tion (8,15) adaptive resonance theory (ART) networks
(16), Kohonen networks (8,15) and variations of self-orga-
nizing maps (SOMs) (15).

In supervised learning, several prominent approaches
are also commonly used, such as time-delay neural net-
works (17), recurrent networks (such as Hopfield network)
(8), neuro-fuzzy algorithms (18), ARTMAP networks (19),
learning vector quantization (8), genetic algorithms (20),
swarm intelligence (21,22), and decision-tree-based ap-
proaches (1,23), among others. Also within the realm of
supervised learning, multiple classifier (ensemble) sys-
tems and kernel-machine-based approaches (such as sup-
port vector machines) are rapidly gaining momentum,
which are discussed in more detail below as current and
developing research areas.

6.2. Current and Developing Research Areas

6.2.1. Kernel-Based Learning and Support Vector Ma-
chines. An area that has seen much recent interest is ker-
nel-based learning with particular emphasis on the
support vector machines (SVM). Introduced by Vapnik,
SVMs (also called maximum margin classifiers) try to find
the optimal decision boundary by maximizing the margin
between the boundaries of different classes (24–26), as
shown in Fig. 18. To do so, SVMs identify those instances
of each class that define the boundary of that class in the
feature space. These instances, considered to be the most
informative ones, are called the support vectors, which are
calculated through a quadratic programming-type con-
strained optimization algorithm.

Identifying margin defining instances may be easy on
the simple 2D illustrative example of Fig. 18 where the
classes are linearly separable, but SVMs really shine in
their ability to find such instances in more complex, lin-
early nonseparable high dimensional spaces. In fact, one
of the main novelties of SVMs is their ability to use a ker-
nel function to map the feature space into a higher di-
mensional space, where the classes are linearly separable,
and find the support vectors in that high dimensional
space. Furthermore, what makes SVMs even more popu-
lar is the fact that they do so without actually requiring

any calculations in the higher dimensional space, through
the procedure affectionately known as the kernel trick.
The trick is figuratively illustrated in Figs. 19a and 19b,
and on the famous XOR problem in Figs. 19c and 19d.

Using SVMs with several different computationally
less expensive optimization algorithms, implementing
the algorithm for multiclass problems are ongoing re-
search areas.

6.2.2. Mixture Models and Ensemble Learning. Another
rapidly developing area within the pattern recognition
community is the so-called ensemble systems, also known
under various names such as multiple classifier systems
(MCS), multiple expert models, or mixture models. The
idea behind ensemble systems is to employ several classi-
fiers, instead of a single classifier, to solve the particular
pattern recognition problem at hand (27). Several inter-
esting properties of ensemble systems have been estab-
lished over the last several years that have made them
quite popular. For example, Schapire has shown that us-
ing an algorithm called boosting (28), and later AdaBoost
(29), a weak learner, an algorithm that generates classifi-
ers that can merely do better than random guessing can be
turned into a strong learner that generates a classifier
that has an arbitrarily small error, with a guarantee that
the combined system will perform as good or better than
the best individual classifier that makes up the ensemble.
Several variations of such ensemble systems can be seen
in hierarchical mixture of experts (HME) (30) that use the
expectation maximization (EM) (31) algorithm for
training, or in stacked generalization (32) that uses a sec-
ond-level classifier that is trained on the outputs of the
first level classifiers. It has been well-established that
much is to be gained from combining classifiers if the clas-
sifiers are as independent or as diverse as possible. That
way, the individual weakness or instability of each classi-
fier can be effectively averaged out by the combination
process (such as voting-based approaches), which may sig-
nificantly improve the generalization performance of the
classification system. A specific area of interest within the
ensemble systems researchers involves developing effec-
tive techniques for measuring diversity among classifiers,
as well as investigating various combination schemes.

More recently, ensemble-systems-based approaches
have also been proposed for such applications as incre-
mental learning, data fusion, and confidence estimation
using the Learnþ þ algorithm (33). Incremental learning
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is defined as the ability of a classifier to learn additional
information from new data that may later become avail-
able, even if the new data introduce instances from pre-
viously unseen classes and even if the previous data are no
longer available. Learnþ þ generates an ensemble of clas-
sifiers for each dataset that becomes available, where the
individual classifiers are specifically geared toward learn-
ing the novel information presented by the new data. The
algorithm is also used for data fusion applications, where
the additional data that become available may consist of a
different set of features. Finally, as the ensemble systems
employ several classifiers, estimating the confidence of
classification system also becomes possible without neces-
sarily resorting to cross-validation techniques.

6.3. Applications

A large number of applications benefit from current and
near future research in pattern recognition. Some of these
areas are in fact very closely related to active research
areas in biomedical engineering. For example, computa-
tional neuroscience is one of the rapidly expanding areas,
where researchers try to understand more intricate de-
tails of how the nervous system really works; propose new
models of neurons and local neural circuits as well as new
learning rules based on these discoveries. Spiking neural

networks is one type of neural network that is actively
being considered for this area.

Another area related to biomedical engineering is bio-
informatics and genomics, where new and existing pattern
recognition algorithms are evaluated in gene sequence
analysis, development of artificial immune systems, and
genomic data mining. Vision and image processing, bio-
metric identification (face, fingerprint, iris scan, etc.),
handwritten character recognition, auditory data and
speech processing, speech and speaker identification,
and diagnosis of various cardiovascular and neurological
disorders based on features obtained from noninvasive
tests or bioimaging modalities are all biomedical applica-
tion-oriented areas of active research.

Among all biomedical engineering-related applications
of pattern recognition, those that involve analysis of bio-
logical signals for detection or identification of certain
pathological conditions have enjoyed the most attention.
For example, analysis of various features extracted from
the ECG to diagnose a broad spectrum of cardiovascular
disorders, including arrhythmias and heart rate variabil-
ity, have been popular areas of research. Using EEG sig-
nals to diagnose/detect various neurological conditions—
from detection of characteristic EEG waves to advanced
detection of epileptic conditions to automated early diag-
nosis of Alzheimer’s diseases—have also enjoyed signifi-
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cant attention. Analysis of respiratory signals to detect
pulmonary disorders such as apnea and hypopnea, anal-
ysis of Raman spectra for early detection of skin cancer,
analysis of aging on gait patterns, analysis of various
imaging modalities (such as MIR, PET scan, digital mam-
mogram) for automated detection of tumors or other ab-
normalities are just a few of many applications of pattern
recognition in biomedical engineering.

Of course, pattern recognition is also being actively
used in nonbiomedical applications, such as general signal
processing and telecommunications applications, robotics
and dynamic control, financial or other time series data
analysis, military and computer security applications, re-
mote sensing and oceanographic applications, geographi-
cal information systems, nondestructive evaluation,
hazardous compound identification based on chemical
sensor data, among many others.

6.4. Some Final Thoughts

Literally hundreds of pattern recognition approaches and
algorithms exist, and it is often asked whether any one of
them is consistently better than the others. A cleverly
named theorem, called the no-free lunch theorem, tells us
that no algorithm is universally superior to all others in
the absence of any additional information (34). In fact, it
can be proven that problems exist for which random
guessing will outperform any other algorithm. Although
such problems may not be of much practical interest, there
is still a lesson to be learned: The choice of the appropriate
algorithm almost invariably depends on the nature of the
problem, the distribution that provides the data for that
problem, and the prior knowledge available to the de-
signer.

6.5. For Further Reading

The nature of this chapter makes it impossible to provide a
more detailed discussion on all topics, or to provide specific
algorithms for all techniques. Therefore, the author’s goal
has been to provide a fundamental background, upon
which interested readers can build. The references cited
within the article will provide the additional depth and
breadth; however, a topic-specific list is also provided be-
low for textbook based references.

Pattern Classification (2nd edition), by Duda, Hart and
Stork (Wiley, 2000); Statistical Pattern Recognition by
Webb (Wiley, 2002), Pattern Recognition (2nd edition) by
Theodoridis and Koutroumbas (Academic Press, 2003) and
The Elements of Statistical Learning by Hastie, Tibshirani
and Friedman (Springer, 2002) cover a broad spectrum of
pattern recognition topics in considerable detail. For al-
gorithms and techniques that are specifically related to
neural networks, Neural Networks, A Comprehensive
Foundation by Haykin (Prentice Hall, 1998), Neural Net-
works for Pattern Recognition by Bishop (Oxford Univer-
sity Press, 1995), and Pattern Recognition and Neural
Networks by Ripley (Cambridge University Press, 1996)
are classic texts that provide a very comprehensive theo-
retical coverage of neural network-based approaches. For
the practitioners, Netlab by Nabney and Computer Man-
ual in Matlab to Accompany Pattern Classification by

Stork and Yom-Tov include Matlab functions for many of
the popular pattern recognition algorithms, whereas Neu-
ral and Adaptive Systems: Fundamentals through Simu-
lations by Principe, Euliano and Lefebvre (Wiley, 1999)
and Pattern Recognition, Concepts, Methods and Applica-
tions by Marques de Sa (Springer, 2001) both include a
simulation software on CD that allows the readers to sim-
ulate the algorithms discussed in their respective books.
Pattern Recognition in Medical Imaging by Meyer-Baese
(Academic Press, 2003) also covers most pattern recogni-
tion approaches along with feature extraction and signal/
image processing techniques that are particularly appli-
cable to large dimensional datasets, such as medical im-
ages. An Introduction to Support Vector Machines and
Other Kernel-based Learning Methods by Cristianini and
Taylor (Cambridge University Press, 2000) provides an
excellent introduction to kernel-based methods, whereas
Combining Pattern Classifiers: Methods and Algorithms
by Kuncheva (Wiley, 2004) is the only text of its kind cov-
ering ensemble-based systems. For a more light-hearted
and recreational reading, Intelligent Data Analysis, an
Introduction by Berthold and Hand (Springer, 2003) and
How to Solve It: Modern Heuristics, by Michalewics and
Fogel (Springer, 2000) can be recommended. Finally, also
of interest is PRTools a set of pattern recognition functions
organized as a Matlab toolbox, available from www.prtool-
s.org.

A large number of journals, such as IEEE Transactions
in Pattern Analysis and Machine Learning, Neural Net-
works, Knowledge and Data Engineering, Fuzzy Systems,
Systems Man and Cybernetics, as well as Transactions on
Biomedical Engineering, Elsevier’s Pattern Recognition,
Neural Networks, Information Fusion, Neurocomputing
and many others publish papers on theory and applica-
tions of pattern recognition. For the most recent advances
in pattern recognition, the readers may wish to attend
some of the major conferences, such as the International
Joint Conference on Neural Networks (IJCNN), Interna-
tional Conference on Artificial Neural Networks (ICANN),
International Conference on Pattern Recognition (ICPR),
Neural Information Processing Systems Conference
(NISP), and International Workshop on Multiple Classi-
fier Systems (MCS). All of these conferences feature ses-
sions on biomedical applications, and all major biomedical
engineering conferences, such as IEEE’s Engineering in
Medicine and Biology Conference, typically feature a
healthy number of presentations on pattern recognition.
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1. INTRODUCTION

Kruger-Thiemer (1) and Jelliffe et al. (2) were the first to
illustrate the application of pharmacokinetic models to the
design of drug dosage regimens for patient therapy. Fol-
lowing their work, a number of pharmacokinetically-
based approaches for determining drug dosing were devel-
oped and applied to drug therapy. This early work focused
on open-loop control methods that use only a priori
information about a drug’s pharmacokinetics (obtained
from studying a population of patients) in dosage regimen
design. With advances in drug assay technology, feedback
control methods were proposed by Sheiner et al. (3) that
allowed drug concentration measurements obtained in a
patient to be used to develop a patient-specific dosage
regimen. These methods for population and feedback dose
regimen design, developed and evaluated in the 1970s
[e.g., Sawchuk et al. (4)]; have been refined and are
applied both in pharmacotherapy and in clinical trials
(concentration-controlled trials). See Rodman et al. (5) for
a review of some of this work.

The population and feedback control approaches to
dose regimen design cited above have been extended to
incorporate known uncertainties in drug pharmacoki-
netics using a Bayesian framework [e.g., (6–17)]. These
stochastic control approaches, although computationally
more demanding than the widely used deterministic
methods referenced above, provide an estimate of the
complete distribution of the control objective, as well as
key system variables in the population and individual.
Thus, for example, a dose regimen could be design based
on the probability that the drug concentration is below,
above, or within some specified therapeutic window in the
population (or an individual). Such dose regimen design
objectives may have more clinical relevance than determi-
nistic objectives that do not reflect pharmacokinetic un-
certainty.

Stochastic control approaches can also be applied to
dose regimen design problems aimed at targeting phar-
macodynamic response. Pharmacodynamic endpoints in-
clude measures of clinical outcome to drug therapy,
surrogate endpoints (i.e., physiological variables that
have been shown to correlate to clinical outcome), and
biomarkers of drug action (i.e., variables altered by the
drug but that may relate to clinical outcome). The chal-
lenges for dose regimen design for stochastic control of
pharmacodynamic targets include more complicated mod-
els needed to relate drug dose to pharmacodynamic re-
sponse then to drug concentration and the additional

variability associated with a drug’s pharmacodynamic
processes, which is often greater than pharmacokinetic
variability. Our group (18–20), as well as others [e.g.,
(21,22)] have developed and applied methods for control-
ling the pharmacodynamic response of a drug in both the
population and the individual. The objective is to develop
methods for use in designing and implementing pharma-
cologic effect-controlled clinical drug trials.

2. PHARMACOKINETIC/PHARMACODYNAMIC MODEL

It is assumed that the pharmacokinetics and pharmaco-
dynamics of the drug under study can be described as a
continuous dynamic system with discrete measurements
of the drug kinetics and effects, as follows:

dxðtÞ

dt
¼ f ðxðtÞ; a; rðtÞ; tÞ; xð0Þ¼ c ð1Þ

zðtjÞ¼hðxðtjÞ; a; tjÞþ eðtjÞ; j¼ 1; . . . ; ð2Þ

where the state vector xðtÞ 2 <n, the parameter vector a 2
<p is random with known prior density p(a), and the errors
ðeðtÞ 2 <lÞ associated with the observations ðzðtÞ 2 <lÞ of
the drug kinetics and effects are independent, zero mean,
and Gaussian with known variance (i.e., eðtjÞ � Nð0; s2

j Þ).
For some pharmacodynamic endpoints, the measurements
may be categorical (nominal, ordinal, time-to-event), and
therefore the appropriate likelihood function would re-
place the Gaussian model.

It is also assumed that the drug is administered either
as a piece-wise constant infusion (r(t) in Equation 1, where
rðtÞ¼ ri�1; dti�1ot � dti; i¼ 2; . . .Þ, or as a bolus input,
which is assumed to change the system’s states instanta-
neously (i.e., xðdtþi Þ¼ xðdt�i Þþ bðdtiÞ; i¼ 1; . . . ; Þ. Figure 1
illustrates both of these drug administration regimens,
where ti represents the dose times (i.e., times at which the
infusion changes rate or a bolus is administered). For
notational convenience, yða; tÞ is used to represent the
model output hðxðtÞ; a; tÞ.
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Figure 1. General dose regimen illustrating intravenous, r(t), or
bolus, b(t), drug administration.
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3. STOCHASTIC CONTROL PROBLEM

The stochastic approaches for controlling pharmacoki-
netic processes (drug concentrations) cited above have
included open-loop control methods (6,7,10), open-loop
methods using drug concentration measurements as feed-
back (8,9,12–14,17,18), and closed-loop or active control
methods (15,16). Moreover, a variety of objective or loss
functions have been used with these pharmacokinetic
stochastic control strategies, including quadratic objective
functions (e.g., minimize expected squared deviation be-
tween target plasma concentration and model prediction),
and target interval objective functions (e.g., maximize
probability that drug concentration is within a preselected
therapeutic or target interval at the target time). The
particular control strategy and objective function adopted
depends on the objective of drug administration (e.g.,
clinical drug trial or patient treatment), the specific
clinical environment (e.g., clinical research center, inten-
sive care unit, or out-patient setting), and on the parti-
cular drug administered.

The class of stochastic pharmacokinetic/pharmacody-
namic control problems considered herein is open-loop
feedback control, in which measurements of drug kinetics
or response obtained at one or more times during the
course of the dosage regimen are used to design subse-
quent doses later in the regimen. The control scenario is
divided into two phases, an a priori phase in which the
initial dose regimen is designed using the prior informa-
tion about the drug’s pharmacokinetics and pharmacody-
namics [i.e., using pðaÞ], followed by a feedback phase (that
may have multiple stages) in which the measured drug
kinetics or effects ½zðtjÞ; j¼ 1; . . .� are used together with
the prior information ½pðaÞ� to design subsequent drug
doses. The dose adjustment during the feedback phase
can occur whenever one or more new measurements are
available. The class of control objectives considered is
target interval objectives in which the dose regimen is
designed to maximize the probability that the drug con-
centration or response is within a selected interval at the
target time (see below). The computational methods in-
troduced below to solve the target interval control problem
can be readily applied to the dose regimen design problem
with other loss functions, including quadratic control
objectives. In the implementation presented below, it is
assumed that the control target times coincide with the
dose times.

The solution to the dose regimen design problem for the
a priori control phase is given below for the bolus dosing
problem (the solution for the infusion case follows readily):

b�i ¼ arg max
bijb

�
j
;joi

Z Ui

Li

pðyða; tiÞÞdyða; tiÞ

( )

; i¼1; . . . ; k: ð3Þ

The quantities Li and Ui represent the lower and upper
ranges of the drug effect target intervals at each of the
target times, ti, in the a priori control phase. Calculation of
the ith optimal dose, b�i , is conditional on all proceeding
optimal doses, b�i�1; b

�
i�2; . . .. For a given dose, the distribu-

tion of the drug response at target time ti, pðyða; tiÞÞ

depends on the known prior distribution of the model
parameters p(a).

Using measurements of drug concentration or effect
obtained during the a priori control phase
ðz¼ ½zðt1Þ; . . . ; zðtmÞ�

TÞ, the posterior density of the model
parameters pðajzÞ is calculated via Bayesã theorem
ðpðajzÞ¼ lðajzÞpðaÞ=

R

lðajzÞpðaÞdaÞ, where the likelihood
lðajzÞ is readily obtained following the model definition in
Equations 1 and 2. Given this posterior density, the
solution to the feedback control problem is (for the case
of bolus inputs):

b�i ¼ arg max
bijb

�
j
;joi

Z Ui

Li

pðyða; tiÞÞdyða; tiÞ

( )

; i¼kþ 1; . . . : ð4Þ

It is assumed that k doses ðb�1; . . . ; b
�
kÞ have been adminis-

tered in the a priori control phase ðk � 1Þ, and that the
target times ðti; i¼ kþ 1; . . .Þ and target intervals
ðTIi¼ ½Li; Ui�; i¼ kþ1; . . .Þ are defined. If multiple feed-
back stages are to be considered, then Equation 4 can be
applied repeatedly together with the corresponding up-
dated posterior density pðajzÞ.

4. COMPUTATIONAL METHODS

Calculation of the optimal dose regimen defined in Equa-
tions 3 and 4 requires solution of three computational
problems: calculation of the density of the model effect at
the target times; calculation of the definite integral of the
effect density; and maximization of the integral over the
admissible domain of doses. This latter problem involves a
one-dimensional optimization and, as such, is readily
solved using a direct search or other suitable univariate
optimization method. To determine the density of the
model response, several sampling-based methods are
used to generate samples from the drug effect densities
as detailed below. Using these samples, the necessary
definite integrals in Equations 3 and 4 are then readily
approximated via summations.

For the a priori control problem, samples are generated
from the required densities needed to solve Equation 3 by
first drawing samples aj from p(a) and then simulating the
corresponding sample yðaj; tiÞ, from pðyða; tiÞÞ. The integral
in Equation 3 is then approximated as follows:

Z Ui

Li

pðyða; tiÞÞdyða; tiÞ ffi
X

j:yðaj ;tiÞ2TIi

1=Na; ð5Þ

where aj; j¼ 1; . . . ;Na, are independent samples from p(a).
Recall that p(a) is assumed known, generally through
formal population studies of the drug, and defined to the
extent that samples can be drawn from the density. We
discuss below the issue of sample size, Na, and the
accuracy of the solution of the corresponding control
problem. Monte Carlo integration as used above [specifi-
cally, the sample-mean Monte Carlo method (23)] is
applicable to the a priori control problem, because inde-
pendent samples can be drawn from the drug effect
densities during the a priori control phase.

2 PHARMACOKINETIC AND PHARMACODYNAMIC CONTROL



One can also solve the feedback phase control problem
in Equation 4 given samples from the posterior density
pðajzÞ (samples from the effect density can then be ob-
tained by simulating the model for a given dose regimen).
Two methods for generating samples from the posterior
density pðajzÞ are illustrated: the acceptance-rejection (A-
R) sampling method and a Markov chain Monte Carlo
(MCMC) method based on the Metropolis-Hastings (M-H)
algorithm.

4.1. Acceptance-Rejection (A-R) Method

A number of methods are available for directly generating
independent samples from the posterior density pðajzÞ
(also referred to as the target density) given samples
from the prior density p(a) (also referred to as the proposal
density). The A-R sampling method is one such method
that is also relatively easy to implement. The algorithm is
described in general (24,25), and has been applied to
pharmacokinetic stochastic control problems [e.g.,
(13,14)]. To generate samples from pðajzÞ defined above,
the following implementation of the A-R method is used:

1. Generate ai; i¼ 1; . . .N, independent samples from
p(a).

2. Approximate maxflðajzÞg by M � argfmax lðaijzÞg
over all ai.

3. Generate ui, i¼1; . . . ;N, independent samples from
U(0,1).

4. For i¼1; . . . ;N; if ui � lðaijzÞ=M, then accept ai.

The samples generated from this A-R algorithm,
aj; j¼1; . . . ;Nf ðNf � NÞ, are samples from pðajzÞ that are
then used to solve the control problem in Equation 4 as
outlined above. The appropriate selection of N is critical to
the algorithm’s performance. For a specified level of
accuracy in the control calculation, the selection of N
will depend on the particular data and resulting likelihood
function, with the efficiency of the algorithm (N/Nf) de-
creasing as the posterior density deviates from the prior
[see, for example, (14)]. Variations of the basic A-R algo-
rithm as well as other related sampling methods have
been proposed with the aim of improving the efficiency of
the A-R method described above [e.g., ratio-of-uniform
method (14), adaptive A-R sampling (26)].

4.2. Metropolis-Hastings (M-H) Algorithm

A Markov chain Monte Carlo (MCMC) method is also used
to solve the feedback stochastic control given in Equation
4. For this purpose, the following Metropolis-Hastings
algorithm as suggested by Tierney is used (27) (indepen-
dence Metropolis-Hastings algorithm ã IMH):

1. Select a0, and initialize the chain at a0.

2. For i¼0; . . . ;Nf.

3. Generate y from p(a).

4. Generate u from U(0,1).

5. If
uominflðyjzÞ=lðaijzÞ; lg then aiþ 1¼ y; else aiþ 1¼ ai.

After the chain has converged, the samples generated
from the algorithm are samples from pðajzÞ. These samples
are then used to solve the control problem in Equation 4,
as described above for the a priori control phase. It should
be noted that the Markov chain in the IMH algorithm will
generally have periods where the chain does not move
ðaiþ 1¼ aiÞ, and, as such, the efficiency of the control
algorithm is improved by exploiting this local stationarity
of the chain.

5. EXAMPLE: CONTROL OF FORCED EXPIRATORY
VOLUME BY THE ANTI-ASTHMATIC DRUG TERBUTALINE

5.1. Pharmacokinetic/Pharmacodynamic Model

The stochastic control framework outlined above is illu-
strated using a pharmacokinetic/pharmacodynamic model
of the drug Terbutaline. Terbutaline is a b2 agonist that
can be administered orally or subcutaneously for the
treatment of reversible airway obstruction. Several stu-
dies have demonstrated the relationship between plasma
concentration of b2 agonists, including Terbutaline, and
the drug’s bronchodilator effects, for example, as mea-
sured by forced expiratory volume at one second (FEV1)
(28). These studies have also revealed considerable varia-
bility in the therapeutic and toxic response of patients for
a given plasma concentration of Terbutaline. It is there-
fore more appropriate to target the therapeutic response
and adverse effects of b2 agonist such as Terbutaline,
rather than controlling plasma concentration per se. Ac-
cordingly, Terbutaline represents a good example for the
application of the pharmacodynamic stochastic control
framework introduced above.

A model for the simultaneous pharmacokinetics and
pharmacodynamics (FEV1 as the drug response) of Terbu-
taline has been reported by Oosterhuis et al. (28), and is
illustrated in Fig. 2. The pharmacokinetics of the drug are
described by a three-compartment linear model that in-
cludes a first-order absorption process for the subcuta-
neous uptake of Terbutaline (b(t) represents the bolus dose
regimen). In the model, Ka is the absorption rate constant,
Kcp and Kpc are the intercompartmental rate constants,

Kel

Kcp

Kpc

Vc

Ka

b(t)

2 3a 1 c p

4
EC50

Emax
Keo

E0

E

Figure 2. Pharmacokinetic/pharmacodynamic model for Terbu-
taline.
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Kel is the elimination rate constant, and V is the central
compartment distribution volume. The relationship be-
tween the plasma concentration of Terbutaline and FEV1

(the pharmacodynamics) is mediated through the drug
concentration at a remote effect site, where Keo is the
equilibration constant of exchange between the plasma
and the effect site. The effect site concentration is related
to FEV1 by an Emax response function that involves three
dynamic parameters, Emax, E0, and EC50, denoting the
maximum drug effect, the baseline effect, and the effect
site concentration producing 50% of Emax, respectively. In
the model equations given below, x1(t), x2(t), and x3(t)
represent the amount of drug in compartments 1, 2, and
3, respectively, whereas x4(t) is the concentration of drug
in the effect site and y(t) is the drug response FEV1.

dx1ðtÞ

dt
¼ � ðKelþKcpÞx1ðtÞþKax2ðtÞþKpcx3ðtÞ

dx2ðtÞ

dt
¼ � Kax2ðtÞ

dx3ðtÞ

dt
¼Kcpx1ðtÞ � Kpcx3ðtÞ

dx4ðtÞ

dt
¼Keo

x1ðtÞ

Vc
� x4ðtÞ

� �

yða; tÞ¼E0þ
ðEmax � E0Þ

EC50þ x4ðtÞ
x4ðtÞ:

ð6Þ

The model parameters
ða¼ ½Ka Kcp Kpc Kel Vc Keo EC50Emax E0�TÞ are assumed to
be distributed lognormally ða � LNðm;OÞÞ with population
mean m and covariance O as reported (28) and given in
Tables 1 and 2, respectively. We note that Equation 6 can
be solved analytically within a dose interval.

5.2. Dose Regimen and Control Objectives

The particular dosing scenario selected for the example is
illustrated in Fig. 3. The a priori control phase involves
determination of a single bolus dose of drug, b1, adminis-
tered at time 0.0, whereas the feedback control phase has

two stages in which doses b2 (administered at t¼24:0 hrs.)
and b3 (administered at t¼ 48:0 hrs.) are calculated. For
the a priori control phase, the target time t1¼ 8:0 hrs. and
the corresponding lower (L1) and upper (U1) values of the
target interval for the drug’s response (FEV1) are
L1¼ 2:0 L and U1¼ 2:5 L. Following administration of the
optimal a priori dose b�1 (obtained from Equation 3) in a
given subject, three measurements of FEV1 are assumed
to be available at 1.0, 8.0, and 23 hrs ðz¼ ½zð1Þ zð8Þ zð23Þ�TÞ,
as illustrated in Fig. 3. The first feedback control dose is
then calculated (Equation 4) with target time
t2¼32:0 hrs., and L2¼ 2:0 L and U2¼ 2:5 L. After admin-
istration of b�2 in the subject, three additional measure-
ments of FEV1 are obtained during the second dose
interval (at 25.0, 32.0, and 47.0 hrs.) and used to calculate
the next feedback control dose b�3 from Equation 4
(t3¼ 56:0 hrs., L3¼ 2:0 L, and U3¼2:5 L, with the vector
of observations z¼ ½zð1Þ zð8Þ zð23Þ zð25Þ zð32Þ zð47Þ�T). This
process could continue regardless of whether feedback
measurements of FEV1 are available from a particular
dose interval.

Table 1. Mean Values of Model Parameters from the Prior Density

Ka ðhr�1
Þ Kcp ðhr�1

Þ Kpc ðhr�1
Þ Kel ðhr�1

Þ V (L) Keo ðhr�1
Þ EC50 (ng/ml) Emax (L) E0 (L)

3.89 0.44 0.52 0.44 49.8 5.50 2.33 3.76 2.01

Table 2. Covariance Values of Model Parameters from the Prior Density

Ka ðhr�1
Þ Kcp ðhr�1

Þ Kpc ðhr�1
Þ Kel ðhr�1

Þ V (L) Keo ðhr�1
Þ EC50 (ng/ml) Emax (L) E0 (L)

Ka 7.40
Kcp �0.40 0.045
Kpc �0.18 0.007 0.037
Kel �0.24 0.018 �0.009 0.030
V 3.52 �1.68 1.55 �2.73 404.9
Keo 1.59 �0.28 0.23 �0.040 15.2 7.87
EC50 �0.34 0.15 �0.047 0.037 �6.64 �4.42 3.06
Emax 0.13 0.051 0.008 �0.094 8.76 �1.14 0.77 1.09
E0 0.36 0.020 �0.057 �0.087 6.72 �1.82 0.98 0.72 0.91

Figure 3. Dose regimen scenario for Terbutaline.
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5.3. Population Simulation of the Control Algorithm

To assess the performance of the proposed framework for
the control of FEV1, a population simulation is implemen-
ted. The optimal a priori control dose, b�1, is used to
simulate the FEV1 response of 500 randomly selected
simulated subjects from the prior parameter distribution.
The random vectors of the model parameters are gener-
ated from the population (prior) multivariate lognormal
density (29). (For the example considered here, the log
transform of the original subject parameter estimates (28)
were used to define the transformed multivariate normal
density of model parameters from which random samples
were obtained.) Given the target interval selected, [2.0L,
2.5L], samples generated from the prior density were
excluded if E0Z2.5L (approximately 0.5 sigma above the
population mean value) or Emaxr2.0L (i.e., FEV1 below
the lower value of the target range regardless of drug
concentration). Although the former constraint excludes a
significant portion of the population, these excluded sub-
jects are healthy with baseline values of FEV1 above 2.5L.
To simulate the feedback measurements for a given simu-
lated subject, normally distributed measurement error
(mean 0.0 and standard deviation equal to 10% of the
exact simulated model response) is added to the simulated
FEV1 response at each measurement time.

The number of samples used in the A-R and IMH
algorithms for calculation of the optimal feedback doses
was again determined (empirically) to produce at least two
digits of accuracy in the resulting doses b�2 and b�3 in all
simulated subjects, which required repeating the popula-
tion simulation with the 500 simulated subjects for differ-
ent values for N (in the A-R algorithm) and Nf (in the IMH
algorithm). For convenience, the same number of samples
is used for both feedback stages (see discussions below).

6. RESULTS

6.1. APriori Control Phase

The solution of Equation 3 for the Terbutaline example
yields an optimal dose of b�1¼ 0:50 mg [the optimal dose for
the population as defined by the prior distribution for the
model parameters a � LNðm;OÞ]. Given this dose, the
resulting distribution of FEV1 at the target time
t1¼ 8:0 hrs. ðpðFEV1ðt1ÞÞ is displayed in Fig. 4. This den-
sity was constructed by applying a piece-wise linear
smoother to the samples obtained from pðFEV1ðt1ÞÞ, which
were generated as part of the solution to the a priori
control problem as presented above. [Only admissible
samples aj; j¼ 1; . . . ;Na, from the prior density LN(m,O)
were used to construct samples from pðFEV1ðt1ÞÞ]. The
number of samples Na was determined empirically (via
repeated solutions of Equation 3 with different values of
Na) so as to yield two digits of accuracy in the resulting
optimal dose calculation ðNa¼ 20; 000Þ. From the samples,
FEVj

1ðt1Þ; j¼ 1; . . .Na, the first two moments are readily
obtained ðEðFEV1ðt1ÞÞ¼ 2:3L with varðFEV1ðt1ÞÞ ¼ 0:582Þ

and, of more interest given the control objective, the
following target interval and related probabilities are
calculated: Prð2:0L � FEV1ðt1Þ � 2:5LÞ¼ 0:33,

PrðFEV1ðt1Þo2:0LÞ¼ 0:32 (subtherapeutic), and
PrðFEV1ðt1Þ > 2:5LÞ¼ 0:34.

It is useful to quantify the variability in FEV1ðt1Þ (and
other model random variables) using a single number.
Toward this end, the 95% highest density interval (h.d.i.)
for pðFEV1ðt1ÞÞ is calculated as the smallest FEV1ðt1Þ
interval containing 95% of the density of pðFEV1ðt1ÞÞ.
The resulting 95% h.d.i. calculated for pðFEV1ðt1ÞÞ is
[1.3L, 3.4L]. From the calculated density for FEV1ðt1Þ
given the optimal dose b�1, other relevant quantities can
be calculated, such as the probability that FEV1ðt1Þ is less
than some specified critical value
ðPrðFEV1ðt1ÞoCriticalFEV1

ÞÞ. This calculation then pro-
vides an estimate of the size of the subpopulation of
subjects that does not respond adequately (as defined by
CriticalFEV1

) to the dose of Terbutaline that is optimal for
the entire population.

6.2. Feedback Control Phase - Selected Subject

To more fully illustrate the pharmacodynamic stochastic
control framework proposed above, the results from a
single simulated subject [one of the 500 parameter vectors
drawn from the population density LNðm;OÞ] are pre-
sented in detail. A simulated subject was selected for
which the population optimal dose b�1 produced a value
of FEV1ðt1Þ considerably below the target interval. The
parameter values for the selected subject are Ka¼ 2:2,
Kcp¼ 0:12, Kpc¼ 0:62, Kel¼ 0:49, V ¼ 34:7, Keo¼ 9:2,
EC50¼1:32, Emax¼ 2:7, E0¼0:65 with units given in
Table 1. The resulting simulated measurements (with
error) of FEV1 at 1, 8 and 23 hrs. (zð1Þ¼ 2:5, zð8Þ¼ 1:24,
and zð23Þ¼ 0:64L) were then used to solve the feedback
control problem for b�2 (Equation 4). Using the A-R
method, the resulting solution to Equation 4 was
b�2¼ 3:8 mg, which, in turn, was used to simulate measure-
ments of FEV1 at 25, 32, and 47 hrs. (zð25Þ¼ 2:76,
zð32Þ¼ 2:10, and zð47Þ ¼0:71L). The complete set of six
simulated measurements of FEV1 was then used to solve
Equation 4 for the second feedback stage resulting in
b�3¼ 3:7 mg. A value of N¼ 5; 000; 000 was used for both
feedback control calculations and selected as described

5

Figure 4. The resulting distribution of FEV1 at the target time t1
¼8.0 hrs. ðpðFEV1ðt1ÞÞ given the optimal dose b�1¼0:50 mg.
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above. For this subject, the number of accepted samples in
the first feedback control stage (calculation of b�2) was
Nf ¼ 1; 096, whereas for the second feedback stage (calcu-
lation of b�3) Nf ¼ 244.

Figure 5 shows the densities of FEV1 for this subject at
each of the three target times, p½FEV1ðt1Þ� (same as Fig. 4),
p½FEV1ðt2Þ�, and p½FEV1ðt3Þ�, for the optimal dose regimen,
b�1¼ 0:5 mg, b�2¼ 3:8 mg, and b�3¼ 3:7 mg, respectively. The
probability that FEV1 is in the [2.0L, 2.5L] target interval
increased from 0.33, given the a priori dose, to 0.81
following the first feedback dose and 0.95 following the
second feedback dose. Figure 5 also displays the actual
values of FEV1 at each target time. As noted above for the
a priori control phase, samples from the densities
p½FEV1ðt2¼ 32Þ� and p½FEV1ðt3¼ 56Þ� can be used to calcu-
late the 95% h.d.i. for each distribution: the 95% h.d.i.
calculated for p½FEV1ðt2¼ 32Þ� is [1.9L, 2.7L] and for
p½FEV1ðt3¼ 56Þ� is [1.95L, 2.45L]. Finally, these calcula-
tions have been repeated for the selected individual using
the IMH algorithm (N¼ 500; 000 for both stages), result-
ing in b�2¼ 3:7 mg and b�3¼ 3:9 mg with very similar target
interval probabilities to those obtained using the A-R
method.

It is also instructive to examine the marginal densities
for each of the model parameters obtained using the
samples generated from the posterior distributions for
each feedback stage. Figure 6 shows the marginal densi-
ties for four of the model parameters, two parameters from
the kinetic portion of the model (Ka and V) and two from

Figure 5. The densities of FEV1 for a selected subject at each of
the three target times, ðpðFEV1ðt1ÞÞ (same as Fig. 4), ðpðFEV1ðt2ÞÞ,
and ðpðFEV1ðt3ÞÞ, for the optimal dose regimen, b�1¼0:5 mg,
b�2¼3:8 mg, and b�3¼3:7 mg, respectively.

♦ x x

x x

♦

♦ ♦

Figure 6. Marginal densities of selected model parameters for the sample subject.
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the pharmacodynamic model (EC50 and Emax). For each
parameter, Fig. 6 displays the computed marginal density
from the posterior distribution calculated at the first
feedback stage (pðKajzÞ, pðVjzÞ, pðEC50jzÞ, pðEmaxjzÞ,
z¼ ½zð1Þ zð8Þ zð23Þ�T) and at the second feedback stage
ðpðKajz

0Þ; pðVjz0Þ; pðEC50jz0Þ; pðEmaxjz
0Þ; z0 ¼

½zð1Þ zð8Þ zð23Þ zð25Þ zð32Þ zð47Þ�TÞ. Also shown for each
parameter is the marginal density of the prior distribution
(obtained from the samples generated to solve the a priori
control problem). The prior mean for each parameter is
indicated by the symbol X, with the true value of each
parameter for the selected simulated subject denoted by
the symbol ~. These computed marginal densities provide
insight into the amount of information in the FEV1

measurements about the underlying model parameters.

6.3. Population Simulation Results

A histogram of the values of FEV1ðt1¼ 8:0Þ obtained from
the 500 simulated subjects given b�1¼ 0:5 mg is shown in
Fig. 7. The computed density pðFEV1ðt1¼ 8:0ÞÞ (from Fig.
4) is also superimposed on the histogram in Fig. 7. Table 3
compares the predictions, including the target interval
probability, obtained from the computed density (e.g.,
target interval probabilities) to the results obtained from
the simulations. Also shown in Table 3 is the percent of the
500 simulated subjects for which the simulated value of
FEV1ðt1¼ 8:0Þ was within the computed 95% h.d.i. (per-
cent coverage of the h.d.i.).

The results from the complete feedback simulation of
the 500 subjects are shown in Fig. 8, including the
histograms of the simulated responses FEV1ðt1¼ 32:0Þ
and FEV1ðt1¼ 56:0Þ (the histogram of FEV1ðt1¼ 8:0Þ is
shown again for comparison). Table 4 is a summary of
the simulation results, showing the percent of the subjects
with FEV1 values within the target interval at each of the
target times as well as the percent coverage of each

simulated subjects h.d.i. (i.e., the percent of subjects for
which the calculated 95% h.d.i. for FEV1 contains the
actual value of FEV1).

7. DISCUSSION

Pharmacokinetic principles have been used for many
years to guide the design of dose regimens in drug devel-
opment clinical trials and individualized drug therapy.
Several methods and applications of pharmacokinetically-
guided dose regimen design have been reported that
formally incorporate information about the uncertainty
in the drug’s pharmacokinetics in designing a dosing
regimen. The impact of pharmacokinetically-based indivi-
dualized therapy on patient care has been evaluated in
several areas of clinical treatment (see Rodman et al. (5)
for a more complete discussion). In the case of treatment of
acute asthma using theophylline, fewer adverse reactions
(16% vs 50%) and shorter intensive care unit (7 vs 12 days)
or hospital (15 vs 22 days) stays were found in patients
whose theophylline regimens were individualized phar-
macokinetically compared with empirically derived doses
(30). Similar results have been reported with pharmaco-
kinetically-based aminoglycoside dosing methods for the
treatment of bacterial infections, along with a positive
cost/benefit analysis (31). In this latter investigation,
direct benefits in dollar values of individualized gentami-
cin therapy in burn patients included lengths of hospital
stay and of infection, number of septic episodes, number of
adverse drug reactions, as well as various related hospi-
talization and treatment costs. This report demonstrated
an $8.70 savings for every $1.00 spent on services related
to pharmacokinetic dose individualization.

Figure 7. A histogram of the values of FEV1ðt1¼8:0Þ obtained
from the 500 simulated subjects given b�1¼0:5 mg.

Figure 8. Histograms of the simulated responses FEV1ðt1¼32:0Þ
and FEV1ðt1¼56:0Þ (the histogram of FEV1ðt1¼8:0Þ is show again
for comparison) from the complete feedback simulation of the 500
subjects.
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As illustrated in this chapter, stochastic control meth-
ods can also be applied to problems involving dose regimen
design for targeting pharmacodynamic endpoints for use
in effect-controlled clinical drug trials. Given the current
focus on identifying new molecular targets in drug dis-
covery, the use of pharmacodynamic biomarkers and
surrogate endpoints in drug development clinical trials
motivate the further development of methods for pharma-
codynamic stochastic control.
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2. J. Buell, R. Jelliffe, R. Kalaba, and R. Shidhar, Modern control
theory and optimal drug regimens, I: the plateau effect. Math.

Biosci. 1969; 5:285ã 296.
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12. D. Z. Dã Argenio and J. H. Rodman, Targeting the systemic
exposure of teniposide in the population and the individual
using a stochastic therapeutic objective. J. Pharmacokin.

Biopharm. 1993; 21:223ã 251.
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1. INTRODUCTION

It is well known that the phase of a complex function is
uniquely defined only in the principal value range. Recov-
ering the original phase values from the principal values
is a classic signal processing problem often known as
phase unwrapping. This problem originates in a variety
of applications, such as terrain elevation estimation in
synthetic aperture radar (SAR) (1), field mapping in mag-
netic resonance imaging (MRI) (2), wavefront distortion
measurement in adaptive optics (3), and accurate profiling
of mechanical parts by x-ray. As an example, let us look at
Thomas Young’s interference experiment shown in Fig. 1a,
in which a single source generates two beams through two
slits. Because the beams are correlated and spatially co-
herent, the view screen on the right displays the intensity
of the interfering light waves and shows a series of bright
lines and dark bands as in Fig. 1b. The intensity at a cer-
tain point of the screen depends on the phase f of the in-
terference wave, which is proportional to the path
difference r1� r2 between the two beams traveling from
the slits to the point. Constructive interference occurs,
producing bright bands if

f¼ 2p
r1 � r2

l
¼ 2kp; ð1Þ

where k is an integer and l is the wavelength, whereas
destructive interference occurs, producing dark bands if

f¼ 2p
r1 � r2

l
¼ ð2kþ1Þp: ð2Þ

Thus, the interference pattern can be used directly to
measure the path difference r1� r2 at any point of the
screen. However, because of the periodic characteristics of
the interfering waves, the phase at a certain point is
uniquely defined only in the principal value range of
(� p, p]. For example, given that the intensity at P in
Fig. 1 is at a maximum, it can be concluded that the path

difference is an integer multiple of the wavelength, but the
integer value cannot be determined without additional in-
formation. Finding the hidden integer is a one-dimen-
sional (1-D) phase unwrapping problem. If the slits in Fig.
1a are changed to pinholes, the interference pattern and
the phase unwrapping problem will become two-dimen-
sional (2-D). Figures 2a and b show the corresponding 2-D
interference pattern and the image of wrapped phase.

1.1. Definitions and Properties

Formally, the phase unwrapping problem can be defined
as given the wrapped phase cA (� p, p], find the ‘‘true’’
phase f, which is related to c by

c¼W ðfÞ¼f� 2p
f
2p

� �

; ð3Þ

where W is the wrapping operator and /�S rounds its
argument to the closest integer. Because the wrapping
operation is surjective but not injective, phase unwrap-
ping is mathematically ill posed in general. However, in
practice, the true phase value at a certain point is not in-
dependent of its spatial or temporal context. The latter
can provide additional information to make unwrapping
possible, which is the crux of phase unwrapping. For ex-
ample, in Young’s interference experiment described in
the previous section, by imposing that r1� r2 changes con-
tinuously with y, the integer multiple of 2p to be added to
(for positive y) or subtracted from (for negative y) the
wrapped phase can be determined by counting the number
of bright bands between the reference center and the point
of interest, and thus the phase unwrapping problem is
solved!

1.1.1. One-Dimensional Phase Unwrapping. One-dimen-
sional phase unwrapping can be solved easily if phase
continuity is assumed. In 1982, Itoh analyzed the 1-D
phase unwrapping problem and showed that the wrapped
phase gradient modulo 2p are the same as the correspond-
ing true phase gradient if the latter is less than p in radian
everywhere (4). This fact implies that given the above
condition, the unwrapped phase can be obtained by inte-
grating the modulo wrapped phase gradient. This result is
summarized in Lemma 1.1 with respect to sampled phase
values.

y

d 0

P
r1

r2

D

(a) (b)

P

0

y Figure 1. (a) The geometry of the Young’s in-
terference experiment and (b) the interference
pattern.

1
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Lemma 1.1. Let

Dfn¼fn � fn�1; Dcn¼cn � cn�1; ð4Þ

where fn and cn represent the true and wrapped phase
value, respectively. If the smoothness condition

jDfnj�p ð5Þ

is satisfied, then

Dfn¼W ðDcnÞ: ð6Þ

The above property provides a straightforward way to
unwrap the phase by integration if Equation 5 is satisfied.
Figure 3b shows the unwrapped results of Fig. 3a in the
Young’s experiments based on Lemma 1.1. However, un-
dersampling and noise could violate the smoothness con-
dition and result in unwrapping errors. Figure 4

demonstrates how these two factors affect the unwrap-
ping results. In Fig. 4a, the sampling rate is so low that
Lemma 1.1 fails to give the correct phase signal. Figure 4b
shows the unwrapping results with two different signal-
to-noise ratios (SNRs), which are defined as the ratio be-
tween the signal power to the noise power of the complex
signal. It demonstrates that the SNR needs to be suffi-
ciently high to unwrap the phase successfully.

1.1.2. Two-Dimensional Phase Unwrapping. We repre-
sent 2-D phase values at pixel (m, n) by fm,n. Similarly
to Lemma 1.1, we have the following result for 2-D phase
functions.

Lemma 1.2. Let

Dxfm;n¼fm;n � fm�1;n; Dyfm;n¼fm;n � fm;n�1;

Dxcm;n¼cm;n � cm�1;n; Dycm;n¼cm;n � cm;n�1:
ð7Þ

π

−π

y 

ψ 

(a)

y 

φ 24 

−24 

0 

(b)

Figure 2. The (a) wrapped and (b) unwrapped phase of a 1-D interference wave of the Young’s
experiment. Note that (b) exactly recovers the desired true phase.

(a) (b)

Figure 3. The (a) intensity and the (b)
wrapped phase of a 2-D Young’s interference
pattern.
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If the following inequalities hold

jDxfm;nj � p and jDyfm;nj � p; ð8Þ

then

Dxfm;n¼W ðDxcm;nÞ;

Dyfm;n¼W ðDycm;nÞ:
ð9Þ

The above result suggests that 2-D phase unwrapping
can also be done by phase integration provided that the
condition in Equation 8 is met. When the condition is vi-
olated, as is often the case in practice, the integration re-
sults will depend not only on the beginning and end
points, but also on the chosen path of the line integral
(5), which is illustrated in Fig. 5a, where phase values are
shown in a gray scale ranging from � p (black) to p
(white). Visual inspection of the fringes shows that the
unwrapped phase of the central pixel is the same as the

wrapped one if the line integral follows the path of the
solid line. However, if the line integral is along the dashed
line, the unwrapped phase of the same pixel is the
wrapped plus 2p. This inconsistency is known as the
path-dependent problem in 2-D phase unwrapping.

Lemma 1.3 (6) lists several ways to test whether the
integration of the phase gradients is path-independent.

Lemma 1.3. Any of the following equivalent conditions
must be satisfied to ensure that the line integral of the
field represented by WðDcx

m;nÞ~xþW ðDc
y
m;nÞ~y is path-inde-

pendent, where ~x and ~y are the unit vectors in the x and y
directions.

* A single-valued scalar function fm,n exists such that

WðDxcm;nÞ~xþW ðDycm;nÞ~y¼Dxfm;n~xþDyfm;n~y:

*

P

C½W ðDxcm;nÞþW ðDycm;nÞ� ¼ 0, where C denotes
any closed path.

* DyWðDxcÞ � DxWðDycÞ.

In practice, the above conditions are seldom satisfied,
and therefore, Lemma 1.2 cannot be used directly for
phase unwrapping.

Accordingly, if unwrapping is path-dependent,
P

C½W ðDxcm;nÞþW ðDycm;nÞ� is not always zero. The non-
zero value is known as the residue (7). It can be caused by
noise, spatial undersampling, or discontinuity in the orig-
inal phase. A simple way to detect residues is to sum
around every smallest possible closed path (say, a 2 � 2-
sample path) in the entire phase image (8). The residues
can be either positive or negative 2p. Figure 5b shows an
exemplary pair of residues with opposite polarities.
Knowledge of the locations and the polarities of the resi-
dues can help avoid the path-dependent problem by choos-
ing the integration path properly. Therefore, although 2-D
phase unwrapping is more challenging than 1-D, it has
more information to reduce noise sensitivity. For example,
in the 1-D case, a phase unwrapping error at a single point
will propagate to the rest of the unwrapped phase signal
along the integration path, whereas the error could be
avoided in 2-D because of the existence of multiple inte-
gration paths. By the same token, higher-dimensional
phase unwrapping can be even more robust to noise
with the increased dimensionality. Recent development
in three-dimensional (3-D) and higher-dimensional (N-D)
phase unwrapping has revealed these encouraging oppor-
tunities (9–11).

1.1.3. Characteristics of Phase Noise. The statistical
properties of phase noise depend on several factors. Sup-
posing additive Gaussian noise exists with zero mean and
variance s in both the real and the imaginary part of a
complex image, the corresponding phase noise y of the
complex image is also additive and obeys the following

φ 9 

−9 

y 0 

(a)

(b)

φ 

SNR=10 

SNR=1 

y 

y 

Figure 4. If the wrapped phase of Fig. 2 is undersampled, the
resulting (a) unwrapped phase is incorrect. If the wrapped phase
is noisy, it can be unwrapped correctly if the SNR is sufficiently
high as shown on the top of (b), but it fails when SNR is low as
shown at the bottom of (b).
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probability distribution (12):

pðyÞ¼
expð�V2

0=2s
2Þ

4p2
þ

V0 cos y

ð2pÞ3=2s

� exp �
V2

0 sin
2 y

2s2

 !

Q
V0 cos y

s

� �

;

ð10Þ

where V0 is the magnitude of the clean image and
QðaÞ¼ 1

ffiffiffiffi

2p
p

R a
�1

e�x
2=2 dx. Note that the density function

depends on the SNR, denoted by (V2
0=2s

2) in decibels. Fig-
ure 6 shows some examples of how SNR affects the shape
of the density function.

Phase noise is an important source of residues. The to-
tal number of residues is statistically one third of the
number of pixels in a totally random phase map (9). These
residues usually need to have an equal number of positive
and negative signs for unambiguous phase unwrapping.

1.1.4. Congruent Test. The true phase is usually unob-
tainable in practice. As a result, a congruent test is often
used to validate the results of a phase unwrapping algo-

rithm. This test is motivated by the fact that WðF�
CÞ ¼0 for the true phase and replaces F with the esti-
mated unwrapped phase F̂ to check if the relation still
holds.

2. PHASE UNWRAPPING ALGORITHMS

2.1. Literature Review

Much work has been done on 2-D phase unwrapping,
which has resulted in many practical algorithms. For con-
venience, we may group these methods into three main
categories: minimum-norm, branch-cut, and network flow
methods, although several techniques that do not fit nat-
urally into the above three categories [e.g., the techniques
using ‘‘Cellular automata’’ (5), temporal phase unwrap-
ping (13), and 3-D (9,10) or N-D phase unwrapping (11)].

The minimum-norm methods formulate the phase un-
wrapping problem in a generalized minimum-norm sense.
They seek a phase function whose unwrapped phase gra-
dients are both path-independent and as close as possible
to the measured wrapped phase gradients. If the L2 norm
is used to measure the fitting error (as is done in the least-
squares methods), the optimization problem has an ana-
lytical solution, which is given by the discrete form of
Poisson’s equation with Neumann boundary conditions.
The unweighted least-squares method can be efficiently
implemented using the fast Fourier transform (FFT) (14),
discrete cosine transform (DCT) (15), or multigrid meth-
ods (16). When some reliable predetermined quality map
is available, the error function can be weighted pixel-by-
pixel by the quality map to reduce the effects of back-
ground noise and unreliable pixels. The weighted least-
squares problem is usually solved by iterating the un-
weighted method (17), and hence, it is slower than the
unweighted counterpart. Performance of these methods is
also heavily dependent on the quality of the weighting
matrix. A generalized Lp-norm method (8) has been pro-
posed to use data-dependent weights, which iteratively
solves for unwrapped phased and updates the weights.
This method has proven to be effective, but it is computa-
tionally demanding. Some least-squares methods also in-
volve the use of an explicit phase model, for example, a

−2π 2π

(a) (b)

Figure 5. To illustration of the (a) path-de-
pendent problem shows a wrapped phase im-
age where the values are shown in a gray scale
ranging from �p (black) to p (white). The
dashed path and the solid path have the
same beginning and ending points, but they
can result in different unwrapping results: The
unwrapped phase of the central pixel keeps
the same if unwrapping follows the solid path,
but it adds 2p if unwrapping is along the
dashed line. The path-dependent problem re-
sults from the existence of two residues with
opposite polarities at the locations annoted in
(b).
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polynomial model (18). To satisfy the congruent test, the
model error (assumed to be in the principal value range) is
added back to the final solution (18).

The branch-cut algorithms restrict the integration
through the image to paths without discontinuities (7).
Specifically, these algorithms assume that phase discon-
tinuities lie on the paths between the positive and the
negative residues, known as branch cuts. A unique, self-
consistent unwrapped phase function can result by select-
ing an integration path that avoids these discontinuities.
Several algorithms have been proposed to search the
phase image only once for the optimal branch cuts. De-
pending on definition for optimality, some attempt to min-
imize the sum of the cut lengths (19), or to take advantage
of the information from the particular application (9), and
other algorithms use a quality map to assist selection of
branch cuts based on region growing methods (20). Hybrid
algorithms combining both the branch-cut and the region
growing methods have also been proposed with some suc-
cess (21).

Similar to the branch-cut methods, the network flow
methods (22,23) are based on the same assumption that
phase discontinuities lie on the paths between the positive
and the negative residues. The difference is that instead of
avoiding these discontinuities, the network flow methods
explicitly quantify the discontinuities pixel by pixel and
then minimize the overall discontinuities in the un-
wrapped phase image. Additional information such as a
quality map can also be incorporated into the algorithm
(24). Minimum and maximum spanning tree methods
have been used to simplify the network flow (25–27),
which leads to computationally efficient methods (28).
More recent phase unwrapping methods in this category
employ statistical costs for minimizing the discontinuities
(29–32).

2.2. State-of-the-Art Algorithms

This section provides a summary of the algorithmic details
of several state-of-the-art algorithms and a brief discus-
sion of their strengths and limitations.

2.2.1. Least-Squares Methods.
2.2.1.1. Procedure. The least-squares methods find the

unwrapped phase that minimizes the following cost in a
least-squares sense:

J¼ jjDfx
�W ðDcx

Þjj þ jjDfy
�W ðDcy

Þjj: ð11Þ

To achieve the minimization, the FFT-based unweighted
least-squares method first extends the wrapped phase to a
periodic function ~c by performing a mirror reflection
about the last row and the last column of the image. The
unwrapped counterpart ~f of the periodic extension is then
obtained by solving the discrete form of a Poisson’s equa-
tion, whose solution can be efficiently found through the 2-
D inverse FFT of

Pm;n

2 cosðpm=MÞþ 2 cosðpn=NÞ � 4
; ð12Þ

where Pm,n is the 2-D FFT of ~rm;n, which is defined as

~rm;n¼ðW ðD ~cx
m;nÞ �W ðD ~cx

m�1;nÞÞ

þ ðW ðD ~cy
m;nÞ �W ðD ~cy

m;nÞÞ:
ð13Þ

Finally, the unwrapped phase is given by restricting the
obtained ~f to the original image size.

2.2.1.2. Strengths and Limitations. The unweighted
least-squares method is very fast because of the use of
FFT, which in turn requires the dimensions of the
wrapped phase image to be powers of two. However, the
solution can be sensitive to the presence of residues, and
the corruption can spread throughout the image. In addi-
tion, the resulting solution fails the congruent test and
typically represents a smoother solution than what the
data can conceivably support. Therefore, the least-squares
algorithm is generally not suitable in applications with
sharp features unless a reliable quality map can be ob-
tained and incorporated into a weighted version of the al-
gorithm; in which case, the computational complexity has
to be compromised.

2.2.2. Branch-Cut Methods.
2.2.2.1. Procedure. In the branch-cut methods, we

search for residues and balance them in a region by con-
necting opposite polarities with branch cuts. Thus, am-
biguous unwrapping is avoided if, and only if, the
integration occurs along any path that does not cross
branch cuts. It is nontrivial to choose good branch cuts
from the many ways to balance polarities. Wrapped phase
values cannot prefer any set of branch cuts without an-
cillary information. In addition to balanced residues, some
criteria must be established to guide the placement of
branch cuts. A common criterion is to connect residues in
such a way that minimizes the net length of branches. To
achieve this minimization, the method constructs sets of
locally connected and balanced branch cuts. Specifically, it
begins with finding an unvisited residue and connecting to
its nearest residue neighbor, regardless of polarity, using a
branch cut. If the neighbor has not been visited previously,
its polarity is added to the net sum for the current local
branch-cut set. Otherwise, it is marked as visited to avoid
its polarity being counted multiple times. The visit of
neighbors continues until the net sum is neutral, or it
reaches the image border; in which case, a branch cut is
placed to the border. The residues in the local neighbor-
hood are then designated balanced by the branch cuts. The
algorithm then searches for another unvisited residue and
constructs a new set of branch cuts until the entire image
is visited. Refinements of this algorithm have included
using a quality map to guide the search strategy, in which
the visit starts from the high-quality pixels.

2.2.2.2. Strengths and Limitations. The branch-cut
methods visit every pixel only once, and thereby they
are extremely fast and require little memory. The compu-
tational time is close to that of the unweighted least-
squares methods. And in many cases, the methods provide
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a robust and efficient unwrapping solution for images with
low phase noise. However, the solution can be spatially
incomplete in regions with large noise because the opti-
mization in the branch-cut methods is performed on a lo-
cal rather than on a global basis.

2.2.3. Network Flow Method.
2.2.3.1. Procedure. In this method, the phase unwrap-

ping problem is regarded as minimization of the cost of a
network flow. To construct a network, each local closed
path used to evaluate the residues is defined as a node in
the network. The nodes are connected by directed arcs
whose direction is determined by the polarity of the res-
idues. The pixels lie between the network arcs and the
nodes. Associated with each arc is a flow that moves from
nodes with positive residues to those with negative ones.
The flow in phase unwrapping corresponds to the integer
multiples of 2p to be added to the wrapped phase gradient.
The unwrapping problem looks for an optimal flow in each
arc that minimizes the sum of costs for all arc flows, in
which the cost per unit flow assigned to each arc is a crit-
ical design parameter in the optimization process and is
kept low in general at the place of a real discontinuity or
noisy regions. With the optimal flow, calculating the un-
wrapped phase is to sum along any paths the phase gra-
dient, which is adjusted if there is a flow in the arc
crossing the path of integration.

2.2.3.2. Strengths and Limitations. Because the network
flow method searches for a global optimal solution, it per-
mits robust phase unwrapping in many cases of isolated
areas of low noise, even without use of a quality map. If a
reliable quality map is available, it can be easily incorpo-
rated into the algorithm by assigning a spatially depen-
dent cost per unit flow. Despite these advantages, the use
of this method is limited by its intensive memory usage
and its large computational complexity, which is also im-
age dependent.

2.2.4. Simulations. A synthetic dataset was used to
study the robustness of each algorithm to undersampling
and noise, where the original true phase is assumed to be
a 2-D Gaussian but truncated with a steep slope plane, as
shown in Fig. 7, and its wrapped phase satisfies Equation
8 and therefore can be unwrapped perfectly.

2.2.4.1. Undersampling. When the wrapped phase im-
age is undersampled, as shown in Fig. 8a, the gradient of
the slope plane becomes greater than p, which causes the
path-dependent problem. To demonstrate the performance
of the algorithms described in this section, we apply the
unweighted least-squares, Goldstein’s branch-cut, and
Flynn’s minimum discontinuity algorithms as representa-
tives in each category to unwrap the phase, and the un-
wrapping results are shown in Fig. 8b–d, respectively. The
results show that both the least-squares method and the
branch-cut method fail to unwrap the phase correctly at
the location of undersampling. Compared with the least-
squares method, the error of the branch-cut method is
more localized and is a multiple of 2p. In contrast, the
Flynn algorithm can unwrap the phase exactly.

2.2.4.2. Noise. When additive noise is present, the
wrapped phase becomes WðFþnÞ, where n is the addi-
tive white Gaussian noise. The noisy wrapped phase of
Fig. 7 is shown in Fig. 9a. As noise increases, the total
number of residues increases, which results in high devi-
ation of the unwrapped phase from the true phase.

Figure 9b–d show the unwrapped results of the un-
weighted least-squares, Goldstein’s branch-cut, and
Flynn’s minimum discontinuity algorithms. In the pres-
ence of large noise, the least-squares approach fails com-

Figure 7. A synthetic dataset used as the original true phase to
test the performance of different algorithms.

(a) (b)

(c) (d)

Figure 8. When the wrapped phase image in (a) is undersam-
pled, the phases unwrapped by the (b) least-squares and the (c)
branch-cut method have artifacts at sharp edges. The (d) Flynn
method is observed to perform well.

6 PHASE UNWRAPPING



pletely because it cannot detect the edges of the interfero-
gram because of its smoothing effects, and the branch-cut
method results in block errors because the residues be-
come difficult to balance. Compared with these two meth-
ods, Flynn’s algorithm gives the best results.

3. APPLICATIONS IN MAGNETIC RESONANCE IMAGING

Among many applications of phase unwrapping, this ar-
ticle only focuses on the applications in MRI. In most clin-
ical study, MRI is only limited to providing magnitude
images. In fact, the phase of MR images also carries rich
information about field inhomogeneity, velocity of blood
flow, temperature variations, chemical shifts, and so on.

3.1. Field Inhomogeneity Mapping

The field inhomogeneity is an important cause of distor-
tion in MRI. If it cannot be kept low enough, the inhomo-
geneity should be measured so that some form of
correction scheme can be applied.

The field inhomogeneity map is obtained from the
phase information of the image reconstructed using the
echo time encoding technique. Specifically,

Eðx; yÞ¼ �
fx; y

gDt
; ð14Þ

where field inhomogeneity term E(x, y) denotes the field

difference from B0 at point (x, y), fx,y is the phase of the
complex image, and Dt is the time interval between the
radio-frequency (RF) echo center and the gradient echo
center. It is observed that by choosing appropriate Dt, the
field inhomogeneity is obtained from the phase so that the
distortion can then be corrected. However, if Dt is chosen
such that the phase fx,y is not always within one cycle of
2p, phase unwrapping is necessary because only cx,y can
be directly obtained from the argument of the complex
image.

Field inhomogeneity can be caused by several factors.
Static B0 field inhomogeneity is present in most MRI sys-
tems. Other important causes include chemical shift and
susceptibility effects. The B0 field inhomogeneity is usu-
ally small within the imaging region and is slowly varying
in space; therefore, most phase unwrapping algorithms
can handle this type of field inhomogeneity. On the other
hand, the susceptibility effects cause the field to change
rapidly in space, which results in complications in phase
unwrapping. Figure 10 presents a challenging unwrap-
ping example, where Fig. 10a shows the phase of an MRI
head image using a gradient-echo sequence at 1.5T. It is
seen that the air–tissue interface (e.g., the nasal and oral
cavity areas) is difficult to unwrap because of the suscep-
tibility effects. Figure 10b shows the unwrapped phase
using the least-squares method. The method generates a
smooth field map, but it may not correctly represent all
field variations.

3.2. Phase-Sensitive Inversion Recovery

In MRI, inversion recovery imaging is one of the most
useful techniques to improve image contrast. Instead of
the conventional magnitude image, inversion recovery of-
ten requires display of the real part of a complex image
because the contrast enhanced image often contains neg-
ative values. However, in practice, phase errors from filed
inhomogeneity and data sampling window offset usually
need to be corrected before the display to avoid loss of
contrast and polarity artifacts (33). Phase unwrapping
techniques can be used to estimate and thereby correct the
phase errors. Figure 11a shows the inversion recovery im-
age of a brain without phase correction, in which the in-
tensity is slowly modulated by the phase errors. Figure
11b is the corresponding image after phase correction, in

(a) (b)

(c) (d)

Figure 9. Because of noise in the complex signal, the obtained (a)
wrapped phase is difficult to unwrap. Comparison of unwrapping
results using the (b) least-squares, the (c) branch-cut, and the (d)
Flynn’s methods shows that the Flynn’s method is more robust.

(a) (b)

Figure 10. (a) Phase image of an MR head image and (b) the
corresponding field map obtained using phase unwrapping.
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which the phase error is estimated using the least-squares
method. The image improvement demonstrates the neces-
sity of phase estimation and correction.

3.3. Flow Imaging

The first work for motion detection of seawater by nuclear
magnetic resonance was done by Hahn (34), which was
followed by its first MRI application (35). After additional
work by Van Dijk (36) and Bryant et al. (37), phase-shift
velocity mapping has become an important clinical tool for
quantitative in vivo flow measurement in large vessels.
The technique relies on the fact that the transverse mag-
netization of spins moving in the direction of a field gra-
dient exhibits a motion-related phase shift. Specifically, if
constant velocity motion is assumed, a phase shift is cre-
ated by the transverse magnetization and is proportional
to the scalar product of velocity v and the first moment of
the time-varying gradient field G(t); i.e.,

Îðx; yÞ¼ Iðx; yÞejgvðx; yÞ�
R T

0
tGðtÞdt: ð15Þ

The velocity of the moving spins along the direction of G(t)
can be inferred by

vðx; yÞ¼
fx; y

g
R T
0 tGðtÞdt

: ð16Þ

Again, if the phase fx,y is not always within one cycle of
2p, phase unwrapping is necessary. Figures 12a and b
show the phase map of a velocity-encoded image of blood
vessels and the corresponding velocity map using Flynn’s
unwrapping method, in which the top two bright circles
denote the blood flows toward the reader and the lower
dark circle denotes the opposite. Theoretically, phase un-
wrapping can be avoided by properly choosing G(t) as de-
scribed in the next section. However in practice, when the
velocity distribution has substantial spatial or temporal
variations, phase wrapping is unavoidable.

3.4. Effect of Imaging Parameters

Selection of imaging parameters is important to measure
the field inhomogeneity or flow velocity accurately using

phase. For example, in flow imaging, the gradient wave-
form G(t) is the imaging parameter to be chosen carefully.
It can be neither too large because of the increased phase
unwrapping challenge nor too small because of noise am-
plification. According to Equation 16, phase shifts fx,y do
not need to unwrap if the maximum possible velocity is
less than ðp=g

R T
0 tGðtÞdtÞ, the so-called velocity encoding

(VENC). If the velocity values exceed this limit, phase
wrapping occurs, which means that to avoid phase un-
wrapping, a large VENC or a small G(t) is preferred. On
the other hand, a large VENC amplifies the random noise
and sacrifices velocity sensitivity, which is crucial in most
clinical practices where the velocity is required to be quan-
tified. Therefore, there is a tradeoff between high sensi-
tivity (low noise) and phase unwrapping accuracy. Figure
13 illustrates this tradeoff in flow measurement. A para-
bolic profile is used to simulate idealized laminar flows, as
shown in Fig. 13a. When a large VENC is applied, phase
wrapping can be avoided, as shown in Fig. 13b, but the
corresponding velocity map in Fig. 13c has large noise.
With the same SNR in the complex MR signal, small
VENC reduces noise in the velocity map as in Fig. 13e
when the least-squares method is used, although the
closely spaced phase fringes shown in Fig. 13d present
difficulty in phase unwrapping. General knowledge about
the velocity range in different parts of the cardiovascular
system is usually used to determine a suitable G(t) and T
for flow imaging. However, a correct velocity range is not
always easily predictable, especially for patients with al-
tered cardiovascular morphology or function (38), which
makes powerful phase unwrapping algorithm indispens-
able.

4. CONCLUSIONS

The phase unwrapping is not a new topic; it has been
studied for several decades. Interested readers should re-
fer to Ref. 8 for detailed descriptions and source codes of
various established algorithms. It is apparent that phase
unwrapping is a difficult task. In practice, additional in-
formation is usually required to obtain the desired results.
How to successfully incorporate additional information is

(a) (b)

Figure 11. Inversion recovery image (a) before and (b) after
phase correction.

(a) (b)

Figure 12. In flow imaging, the (b) velocity map is obtained
through unwrapping the phase in (a). The bright circles denote
flow with positive direction, and the dark circle denotes a negative
one.
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still an open issue and is application-dependent. The re-
searcher must have a thorough understanding of the
physical problem underlying phase unwrapping. With
the rapid development of MRI, the information in phase
will be more highlighted and used. The future of phase
unwrapping is promising but also challenging. With con-
tinued advancements, phase unwrapping will find more
engineering applications and lead to new discoveries.
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1. INTRODUCTION

Devices that change their resistance upon exposure to
incident radiation are called photoconducting devices. A
photoconducting device or a photoconductor can also be
termed a photoresistor, photoconductive cell, or a photo-
cell. Photoconductivity was first observed in selenium
more than 100 years ago (1). In general, electrical con-
ductivity of materials, especially semiconductors, in-
creases with the photoexcitation. These devices have
simple structure, low cost of fabrication, and rugged
features and thus have numerous applications. Applica-
tions include detectors (flame, smoke, or burglar), photo-
graphic meters, electrophotography, card readers, lighting
controls for street lamps, detection of nuclear radiation,
electrical switches controlled by light, variable resistance
in a circuit, and so on. Extrinsic photoconductors can also
operate in long wavelength regions and thus make popu-
lar infrared photodetectors (2–8).

2. STRUCTURE OF PHOTOCONDUCTING DEVICES

Typical semiconductors used for fabricating photoconduct-
ing devices are CdS, PbS, Zn-doped Ge, Ga, Sb, GaAs, Si,
and other II-I and III-V semiconductor devices. The
simplest photoconducting device can be fabricated by
vacuum deposition of ohmic contacts to the two ends of a
semiconductor. Fig. 1a shows the schematic of an ideal
photoconducting device in slab form with contacts at the
two opposite edges. The photoconductor has length L,
thickness t, width w, and an applied voltage V. Fig. 1b
shows the interdigitated structure of a photoconductor
with two top contacts (6). The active layer in the device is

fabricated epitaxially or by ion implantation on a highly
resistive substrate. The thickness of the active layer
should be such that it is able to absorb enough photons
and at the same time minimize noise current resulting
from the low resistance of the semiconductor layer.

3. OPERATION OF PHOTOCONDUCTING DEVICES

Operation of the photoconducting device generally in-
volves three steps: (1) generation of carriers by incident
radiation that has photon energy, hn, equal to or greater
than the bandgap energy, Eg, of the semiconductor; (2)
transport of photo-generated carriers toward respective
electrodes to produce an electrical current, with or with-
out gain; and (3) interaction of photocurrent with an
external circuit to yield an output signal. Generation of
carriers can be intrinsic or extrinsic in nature. When the
excitation of carriers is from the valance band to the
conduction band, it is termed as intrinsic photoconductiv-
ity; if it is between deep impurity levels or defect levels
within the bandgap and the valance band or the conduc-
tion band, it is termed extrinsic photoconductivity. The
basic absorption processes are shown in Fig. 2. The
amount of current flowing through the device, as in Fig.
1a, with no radiation present, is dark current Id and is
defined as:

I¼ twqðnomeþpompÞ
V

L
; ð1Þ

where mn and mp are electron and hole mobilities, respec-
tively, and no and po are intrinsic carrier concentrations of
electrons and holes, respectively. The current flowing
during illumination is the photocurrent and is because of
excess carriers generated by photoexcitation (i.e., excess
electrons Dn and excess holes Dp). The intrinsic photo-

h�

Ohmic contactw

t

LI

V

Top contacts

Active layer

(a) (b)

Figure 1. (a) Schematic of an ideal photoconducting slab, (b) structure of a photoconductor with
interdigiated top contacts.

1
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current, Ip, is defined as:

Ip¼ q ðDnþnoÞmnþðDpþpoÞmp
� � twV

L

¼ q nmnþpmp
� � twV

L
;

ð2Þ

where n and p are the total carrier concentrations of
electrons and holes, respectively. Extrinsic photocurrent
is because of one type of excess carriers and is defined as:

Ip¼ twqðnðpÞmeðpÞÞ
V

L
: ð3Þ

4. APPLICATIONS OF PHOTOCONDUCTIVITY

4.1. Photodetectors

Photodetectors are devices that detect optical signals
through electronic processes. Photodetectors are widely
used in optical communication systems where detectors
receive transmitted optical pulses and convert them into
electronic pulses that are further used by an end user,
such as a telephone or a computer. Their other applica-
tions involve measurements of illumination levels such as
in exposure meters for cameras, automatic light control
systems, moving object counters, burglar alarms, and so
on. The performance of a detector and, in general, a
photoconducting device is measured in terms of its (1)
quantum efficiency or gain, (2) response time, (3) signal to
noise ration, and (4) sensitivity of detection (7).

4.1.1. Quantum Efficiency of a Photoconducting Detec-
tor. Quantum efficiency is defined as the number of free
carriers generated per photon. The number of photons
incident on the device per second is equal to Pinc/hn, where
Pinc is the incident optical power and hn is the energy of
the falling incident photon. If the generation rate of

carriers is G and assuming that all the incident photons
are absorbed, then the internal quantum efficiency, Zi, of
the photoconductor in a simplified model is given by (6):

Zi¼
G

Rabs
¼

GVv

Pinc=hn
; ð4Þ

where Rabs is the incident radiation absorbed and Vv is the
volume. If the device thickness t is small enough, then
some light will be transmitted through the material after
absorption. The power leaving the lower surface is given
by:

PðtÞ¼Pince
�at; ð5Þ

where a is the absorption coefficient of the photoconduct-
ing material. Also,

GVv¼ Zi
Pinc� PðtÞ

hn
¼ Zi

Pinc

hn
ð1� e�atÞ; ð6Þ

thus the external quantum efficiency can be expressed as:

Z¼ Zið1� e�atÞ: ð7Þ

It can be seen from this expression that it is a function of
wavelength because the absorption coefficient depends on
the wavelength of the incident radiation.

4.1.2. Gain and Response Time in a Photoconducting
Detector. The photocurrent flowing between the electro-
des for an extrinsic case because of electron carriers, for
example, is (8):

Ip¼ ðsEÞwt¼ ðqmnnEÞwt

¼ ðqnvdÞwt¼ q Zi
Pinc

hn

� �

mntE
L

� � ; ð8Þ

where E is the electric field inside the photoconducting
device, vd is the drift velocity, and t is the carrier lifetime.
If the primary photocurrent Iph, is defined as

Iph¼ q Zi
Pinc

hn

� �

; ð9Þ

then the photocurrent gain will be defined as

gain¼
Ip
Iph
¼

mntE
L
¼

t
tr
; ð10Þ

where tr is the carrier transit time. It can be seen from this
general expression of gain that it can be greater than
unity for a long-lifetime sample with short electrode
spacing. Gains as high as 1000 for silicon photoconductors
and 50–100 for InGaAs photoconductors have been
achieved. The response time of a photoconducting device
is determined by the lifetime tr and time constant of the
circuit. Generally, the response time of photoconducting
detectors is in the range of 10�3–10� 8 s.

Conduction band

Electron in conduction band

Donor level
(b)

(a) (c)

Acceptor level
Photons,
h�

Hole in valance band

Valence band

Ev

Ec

Figure 2. Schematic of excitation processes in a photoconductor
during illumination: (a) band-to-band intrinsic excitation, (b)
donor level to conduction band, and (c) valance band to acceptor
level extrinsic excitation.
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4.1.3. Signal-to-Noise Ratio in a Photoconducting Detec-
tor. In the case of photodetectors, the major source of
noise is large dark current. This noise is known as
Johnson or thermal noise and is caused by the random
motion of carriers that are contributing to the current.
Noise plays a crucial role in photoconductivity, particu-
larly within the limits of measurement of the photo-
signals. The expression for noise current was given by
Nyquist and is defined as (6):

�i
2

J ¼
4kBTB

Rc
; ð11Þ

where B is the bandwidth of the device, Rc is the resis-
tance of the photoconducting channel, kB is Boltzmann’s
constant, and T is the absolute temperature. Noise caused
by the generation and recombination of carriers, defined
as shot noise, is given by (8):

�i
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t
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4qIoB

ð1þo2t2Þ
; ð12Þ

where Io is the steady-state light-induced output current (
¼ tIph/tr). In case of an intensity-modulated optical signal,
optical power is given by

PðoÞ¼Pincð1þmejwtÞ; ð13Þ

where m the modulation index and o the modulation
frequency. The rms optical power is mPinc/O2 and the
rms signal current is

ip �
qZmPinc

hn
ffiffiffi

2
p

t
tr

� � 1

ð1þo2t2Þ
: ð14Þ

Thus, the signal-to-noise ratio can be expressed as (8):
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Another important related parameter for photodetectors
is the noise-equivalent power (NEP) that corresponds to
the incident rms optical power required to produce a
signal-to-noise ratio of 1in a 1Hz bandwidth.

4.1.4. Detectivity and Responsivity of a Photoconductor
Detector. For infrared detectors, the most commonly used
figure of merit is the detectivity D�, and is defined as (6,8):

D� ¼
A1=2B1=2

NEP
cmðHzÞ1=2=W; ð16Þ

where A is the area of the photoconductor on which light is
incident. Responsivity of a detector, <, is defined as (6):

<¼
Ip

Pinc
¼

Zq
hn
¼

ZlðmmÞ
1:24

ðA=WÞ: ð17Þ

Ideally, < should increase for a fixed value of Z. How-
ever, because efficiency is a function of the absorption
coefficient, a, which in turn depends on the wavelength of
the incident radiation, responsivity of a practical detector
is determined by the absorption edge or bandgap of the
semiconductor for the long wavelength cut-off response. A
short wavelength cut-off is also observed in the spectral
response characteristics because at short wavelengths, the
value of a is very large and all the incident optical power
falls near the surface of the device.

Apart from photoconductors, traditionally, PIN (p-
doped/intrinsic/n-doped) photodiodes and APDs (ava-
lanche photodiodes) have also been the preferred optoe-
lectronic detectors for use in fiber communication systems.
In recent years, metal-semiconductor-metal (MSM) photo-
detectors have emerged as a viable alternative because of
their ease in fabrication, fabrication compatibility with
field-effect transistors (FET’s), and their improving per-
formance. An MSM photodetector consists of interdigi-
tated Schottky metal contacts on top of an active
(absorption) layer. An MSM photodetector is inherently
planar and requires only a single photolithography step.
MSM photodetectors are very-high-speed devices because
of their low capacitance, and they typically have very low
dark currents (current produced without incident light).
The capacitance of an MSM photodetector with equal
finger spacing and width is only one-quarter that of a
PIN diode having the same photosensitive area. Hence,
despite the 50% lower efficiency because of blocking of the
incoming light with its metal fingers, the MSM detector
combined with an integrating receiver would be expected
to double the responsivity bandwidth product that could
be obtained using a PIN diode. However, the responsivity
(total signal produced from a given optical input) is quite
low compared with p-i-n photodiodes. The main causes for
the low responsivity are the reflection from the surface
metals and semiconductor surface, the finite carrier life-
time as the carriers traverse the gap between the electro-
des before being collected, absorption of incident light
outside the region in which photo-generated carriers can
be collected by the electrodes, and surface recombination
currents and deep traps within the semiconductor mate-
rial that may lower the detected optical signal (9). In
general, MSM photodetectors have proven to be promising
candidates for applications in many future optoelectronic
systems, such as optical fiber communication, high-speed
chip-to-chip connection, and high-speed sampling.

4.2. Photoconducting Optical Switches

Optically controlled switches have been proposed as a
critical technology issue for large-capacity optical commu-
nication systems and optoelectronic circuits. If optical
power (delivered by fiber or by direct illumination) can
be used to control the switch, then the wires can be
illuminated. Silicon and GaAs have been popularly used
to fabricate photonic switches. Both materials exhibit high
dark state direct current (dc) resistance and low illumi-
nated state dc resistance (10). In a circuit of a photocon-
ducting optoelectronic switch, a photoconductor is
connected to a source of voltage and a load. When the
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photoconducting material is illuminated by a pulse of
photons from the laser, its conductivity rises and a short
time current pulse flows through the circuit. In the
absence of a laser pulse, the photoconductive material
acts as an open switch.

4.3. Terahertz Sources

Two ways of generating broad-band-pulsed terahertz
(THz) beams commonly exist, namely photoconduction
and optical rectification. The photoconductive approach
uses high-speed photoconductors as transient current
sources for radiating antennas. Typical photoconductors
include high-resistivity GaAs, InP, and radiation-damaged
silicon wafers. Metallic electrodes are used to bias the
photoconductive gap and form an antenna. An ultra-fast
laser pulse (with a photon energy larger than the bandgap
of the material), when illuminated on the photoconductor,
creates electron-hole pairs. The free carriers then accel-
erate in the static bias field to form a transient photo-
current and the fast time-varying current radiates
electromagnetic waves. For efficient THz radiation, it is
desirable to have rapid photocurrent rise and decay times.
Thus, semiconductors with small effective electron masses
such as InAs and InP are the suitable candidates. Another
important parameter for these devices is the breakdown
voltage. Photoconductive emitters are capable of relatively
large average THz power in excess of 40W and band-
widths as high as 4THz. Avery popular application of THz
sources is in the spectroscopy of material diagnosis for
samples ranging from semiconductors to biomolecules
(11).

4.4. Photoconducting Camera Tubes

Although many types of video cameras are available, the
camera basically consists of a small electronic vacuum
tube surrounded by coils (focusing coils, horizontal and
vertical deflecting coils). In the photoconducting camera
tube, the image receptor (target) is composed of a thin field
of photoconductive material. In one of the most commonly
used video cameras, the vidicon, which was first used in
the 1950s and employed the phenomenon of photoconduc-
tivity, the photoconductive material is usually antimony
sulphide (Sb2S3) suspended as globules in a mica matrix.
The target is mounted next to a conducting plate (the
signal plate), which is in turn mounted on a glass face
plate. Each globule is about 0.025mm in diameter and is
insulated from the neighboring globules and from the
signal plate by the mica matrix. The light from the image
is focused through the glass plate, the signal plate, and
mica matrix onto the photoconducting globules, and
photoelectrons are emitted in proportion to the intensity
of light. These electrons are attracted to the anode and are
immediately removed from the tube. The globules are
capacitively coupled to the signal plate, and the residual
positive charge on the globules causes current to flow onto
the signal plate. After exposure and emission of the
photoelectrons, a residual image that is an exact replica
of the light image focused on the target is stored in the
photoconductor as a positive charge distribution.

5. NUCLEAR-RADIATION DETECTORS

Nuclear radiation can be caused by high-energy charged
or uncharged particles or electromagnetic radiation. The
most common materials used for detection purposes are
Si, Ge, CdTe, and HgI2. The energy from the nuclear
radiation is in the range of 100 eV to 100Me. The inter-
action of these high-energy particles with the detector
crystals leads to ionization of carriers that in turn gen-
erate electron-hole pairs. As the nuclear radiation is very
penetrating, a very large and pure intrinsic layer is
required for these detectors. A process called lithium-drift
is employed to process these detectors. In this process,
diffusion of lithium, which is n-type dopant, into p-type Si
or Ge builds a field wherever underdosage or overdosage
of lithium exist and the diffusion process becomes self-
controlled (2).

5.1. Electrophotography

The process of electrophotography was invented in the
1930s by U.S. physicist Chester F. Carlson and developed
in the 1940s and 1950s by Xerox Corporation (then called
Haloid). Photoconduction forms the basis of the electro-
reprography industry. The important components of a
photocopying machine are photoreceptor drum (or belt),
corona wires, lamp and lenses, toner, and fuser. The drum
is uniformly positively charged in the dark by a corona
discharge. A beam of light, usually from a laser, strikes the
original material (e.g., a white page with black lettering).
Light rays are reflected off the white areas onto the drum.
Wherever a photon of light hits, electrons are emitted from
the photoconductive atoms in the drum and neutralize the
positive charges above. Dark areas on the original (such as
pictures or text) do not reflect light onto the drum, leaving
regions of positive charges on the drum’s surface, thereby
forming latent electrostatic images on the surface of the
photoconductor. The latent electrostatic images are devel-
oped as visible toner images with a toner that is made up
of a coloring agent, such as a dye or pigment, and a
polymeric material. The toner images formed on the
photoconductor are transferred to an image-receiving
member and fixed thereon. After the toner images are
transferred to the image-receiving member, residual toner
on the surface of the photoconductor is removed and the
photoconductor is subjected to a quenching step. Image
formation can thus be repeated, using the photoconductor,
by the so-called Carlson process, for an extended period of
time. The process has an image resolution that is sufficient
for printed or written materials, and certain pictorial
materials are fairly well reproduced. As the image on
the drum is projected rather than made by contact print-
ing, it is possible to produce a copy that is smaller or larger
than the original. Variations of the xerographic process
are used in such devices as computer laser printers and
plain-paper facsimile machines. The photoconductor used
in the electrophotographic processes is required to have
basic electrostatic properties such as good sensitivity,
sufficient charging potential, charge retention properties,
stable charging characteristics, minimal residual poten-
tial, and excellent spectral sensitivity. In addition to the
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above, the photoconductor is also required to have satis-
factory physical properties from the viewpoint of printing
resistance, wear resistance, and moisture resistance. Most
of the currently available electrophotography equipment
employs organic photoconductive materials, because an
organic photoconductive material is superior to an inor-
ganic material (generally selenium) in terms of the degree
of freedom in the selection of light wavelength to which the
photoconductive material is sensitive, the filming forming
properties, flexibility, transparency of the obtained film,
mass productivity, toxicity, and cost.

5.2. Oraganic Photoconductors

Photoconductive polymers in general are insulating in
dark conditions. These materials, when photoexcited
with light exceeding the band-gap energy, generate addi-
tional free carriers. The photoexcitation processes are
excitonic in most of these systems. The subsequent exciton
dissociation to free electron-hole carriers can be assisted
by a combination of thermal, electrostatic, and defect-
mediated processes. The large levels of disorder and
deep defects limit the photoconduction process in these
systems. Photoconductive polymers can be p-type (hole-
transporting), n-type (electron- transporting), or bipolar
(capable of transporting both holes and electrons). It is
observed that Poly(N-vinylcarbazole) (PVK) and other
vinyl derivatives of polynuclear aromatic polymers such
as poly(vinylpyrene) and poly(2-vinylcarbazole) have high
photoconductive efficiencies. PVK absorbs ultraviolet light
in the 360-nm region and forms an exciton that ionizes in
an electric field. PVK is an insulator in visible light with a
conductivity of around 10�14 Scm� 1 at 550nm. The addi-
tion of an equimolar amount of the electron acceptor 2,4,7-
trinitrofluorenone (TNF) shifts the absorption of PVK into
the visible by the formation of a charge transfer state,
rendering it photoconductive at 550nm. Conjugated poly-
mers are a class of conducting polymers that derive their
semiconducting properties by having delocalized hole(p)-
electron(e) bonding along the polymer chain. The p(bond-
ing) and p* (antibonding) orbitals form delocalized valence
and conduction wave functions, which support mobile
charge carriers. They have been classified as second-
generation polymers The required processes in these
materials are electron-hole pair generation and separa-
tion upon photoexcitation followed by charge transport
and transfer to the electrodes to establish a photocurrent.
The process performance is typically governed by the
incident photon rate, charge generation efficiency, recom-
bination rate, and parameters that control the trap-lim-
ited transport in these disordered polymer systems. It has
been realized that the process of photo-induced charge
separation can be significantly enhanced by the addition
of electron acceptors such as fullerene C60 (60 carbon
atoms), tetracynoethylene (TCNE), nanoparticle semicon-
ductors, acceptor-type polymers to the intrinsic hole-
transporting, and donor-type polymer such as methoxy-5
(2-ethylhexyloxy)- poly (para-phenylenevinylene) (MEH-
PPV. In most cases, the polymer acts as the backbone for
the hole-transporting medium, with the acceptors as a
sink for electrons. Conjugated polymers, such as PPV and

polythiophene (PT), PTs and their derivatives, and poly(3
octylthiophene-2,5-diyl) (P30T) (12), have become impor-
tant candidates for light-emitting diodes, photodetection
devices, large-area display devices, and image sensors.
Semiconducting-conjugated-polymers based position sen-
sitive detectors (PSDs) are an important class of optical
sensor and represents one of the major applications in
lateral photoeffect (13). The lateral photo effect has appli-
cations related to robotic vision, machine tool alignment,
and guidance systems. PSD enjoys vast applications be-
cause of the simplicity of measuring the beam position
over the photodetector array without the resolution being
limited by the detector size. A 1-D PSD consists of two line
electrodes separated by a distance and a common back
electrode. Their operation involves a variation of the
difference in the short-circuit current from the two arms
as a function of beam position with a minimum located at
the center of the interelectrode region.

6. SUMMARY

Photoconducting materials have the property that their
bulk electrical conductivity changes as a result of absorb-
ing electromagnetic radiation. Increase in conduction is
because of an increase in carrier density when the photo-
excitation is achieved with photons having energies
equivalent or exceeding the band-gap energy of the mate-
rials. Photoconductivity has been used for a variety of
applications such as light and particle detection, light-
controlled switches in antennas and communication sys-
tems, terahertz sources for spectroscopy, television camera
tubes, and electrophotography. Recently, photoconducting
devices based on conducting organic materials have en-
abled several applications in the field of detection, optical
sensors, and electrophotography because of their cost
efficiency, ease of fabrication, mass production, and flex-
ibility in selecting wavelengths of light to which the
photoconductive materials are sensitive.
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1. INTRODUCTION

A photodiode is a solid-state sensor that responds to light
by producing a measurable electronic current. Although
heavily used for applications in energy (solar cells) and
telecommunications, photodiodes have several very im-
portant applications in biomedicine. Photodiodes are at-
tractive for biological and medical applications because
they are inexpensive compared with many other detection
mechanisms, easy to use, small scale, readily available (1),
and capable of operation in an array for parallel sensing.
They are ideal for applications involving bed-side mon-
itoring (2), rapid diagnosis (3), or any other instance
where equipment benefits from greater miniaturization
or portability. The relatively new area of lab-on-a-chip has
great promise for point-of-care (POC) medicine, for which
photodiodes are expected to play a key role in miniatur-
ization of detection schemes (4–6). Photodiodes can be
fabricated easily into arrays for detecting reactions in
arrays of nanoliter volume wells (7) or monitoring samples
in high-throughput microscale parallel channels (8).

The most common type of photodiode is a special case of
a semiconductor junction diode that is formed by two
semiconductor materials, one with an excess of electrons
(n-type) and one with an excess of positive charges, or
holes (p-type), often separated by a neutral or intrinsic
region to increase photon absorption area. In fact, every
pn-junction semiconductor diode has some light sensitiv-
ity response even if it is intended for a different applica-
tion. Photodiodes, however, are optimized for their light
detection properties. Photodiodes can be fabricated in a
wide variety of materials including silicon and even poly-
mers (9).

Operating as a quantum threshold detector, a photo-
diode will only detect photons that exceed a certain energy
level (the bandgap energy of the photodiode material)
while not detecting photons below this level. Photon
energy is related to wavelength (Table 1); thus, a photo-
diode will only detect certain wavelengths of light. If the
energy is sufficient, the incident photon will be absorbed,

thereby producing a pair of charge carriers (electron and
hole) that must be detected before given the chance to
recombine.

Semiconductor photodiodes are fabricated using simi-
lar methods used to produce transistors and integrated
circuits and have continued to evolve together with inte-
grated circuits to be efficient and inexpensive photodetec-
tors while maintaining their basic simplicity. This article
will cover the basics of photodiode operation and discuss
the more common types of photodiodes with emphasis on
their applications to biology and medicine.

2. SEMICONDUCTOR AND DIODE BASICS

2.1. Semiconductors

Semiconductors are a key material used in the fabrication
of photodiodes. Table 2 lists several semiconductor mate-
rials commonly used for photodiodes, including elemental
semiconductors such as silicon and germanium; compound
semiconductors such as GaAs, InP, and CdTe; and alloys
with materials such as Al and P. All of these materials
have in common the number of valence electrons, or
electrons in their outer orbital, which can be determined
by their location on the periodic table. Silicon has 14
electrons in total, but 10 of these are centrally bound to
the nucleus, leaving only 4 loosely bound electrons for
processes such as bonding and conduction. Silicon is
located in column four of the periodic table, indicating
that a silicon atom’s outer orbital contains, on average,
four electrons. GaAs and InP are called III–V (three–five)
compounds because they are formed by one element from
column three and one element from column five, a combi-
nation that also results in four valence electrons. Valence
electrons are not only available for bonding, but they are
the electrons that can be energized for conduction.

Silicon is relatively easy and inexpensive to produce
and subsequently process compared with other materials,
and it is thus the most dominant material for both
integrated circuits and photodiodes. Silicon can be pro-
duced that is highly purified, with less than one impurity
atom per 109 silicon atoms (10). Equally importantly,

Table 1. Approximate Wavelengths and Photon Energies
of Optical Spectrum

Color Approximate Wavelength (mm) Photon Energies (eV)

Infrared 0.70–20 0.062–1.77
Red 0.61–0.70 1.77–2.03
Orange 0.59–0.61 2.03–2.10
Yellow 0.57–0.59 2.10–2.18
Green 0.50–0.57 2.18–2.48
Blue 0.45–0.50 2.48–2.76
Violet 0.40–0.45 2.76–3.10
Ultraviolet o0.40 43.10

Table 2. Various Semiconductors and Their Bandgap
Energies

Semiconductor Eg (eV)

Si 1.11
GaAs 1.43
Ge 0.66
AlAs 2.16
GaP 2.21
AlSb 1.65
GaSb 0.73
InAs 0.36
InSb 0.17
InP 1.35
ZnTe 2.26
CdTe 1.44
ZnSe 2.67
CdS 2.42

1
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silicon and other semiconductors can be doped with spe-
cific impurities on purpose to yield particular electronic
properties. Silicon dopant atoms are usually obtained from
columns three or five of the periodic table, and they are
introduced substitutionally into the crystal lattice to
either provide an extra electron or provide an absence of
an electron, known as a hole. Extra electrons can be
obtained by doping silicon with a column five element,
such as phosphorous, resulting in an n-type material that
can be characterized by the number of dopant atoms or
dopant concentration ND. Extra holes can be obtained via
doping with column three atoms such as boron, resulting
in a p-type material with dopant concentration NA.

An electron’s energy in atomic systems is restricted to a
limited set of values, or allowable states. The four valence
electrons in a semiconductor such as silicon occupy four of
the eight allowable states of their outer orbital. When a
silicon atom bonds to four neighbors, the other four atoms
each contribute one shared electron, creating a stable solid
structure at equilibrium, as shown in the bonding model
in Fig. 1. If one of these electrons is provided with enough
energy, it will break its bond and be free to move about the
structure as shown.

A more useful model for semiconductor and photodiode
theory is the energy band model shown in Fig. 2. The
energy of electrons in the valence level is denoted Ev. At
temperatures approaching 01K, this level is completely
filled and the next energy level, the conduction energy
band Ec, is completely empty. Energy must be supplied to
electrons in the valence band to excite them to the con-
duction level for electronic conduction to occur. In semi-
conductors and insulators, a gap exists in energy levels
between the valence and the conduction bands, called the
forbidden gap or bandgap, which electrons cannot occupy.
Thus, to promote a valence electron to the conduction
band, energy must be supplied that is equal to or greater
than this bandgap energy, denoted Eg. In the case of
photodiodes, this energy is supplied by incident photons.
However, a photon also possess momentum; if the photon
produces only an electron with no momentum change, as

in GaAs, then the material is said to be a direct bandgap
material. If the photon changes momentum and produces
a phonon as the electron is promoted, as in silicon, then
the material is said to be an indirect bandgap. Conductors
such as metals have overlapping valence and conduction
bands allowing very easy electron promotion. Insulators
have a very wide bandgap making conduction very diffi-
cult.

The Fermi–Dirac distribution function describes the
probability of a state being occupied by an electron
depending on the state’s energy level. The Fermi level Ef

in the band diagram represents the energy level at which
the Fermi–Dirac distribution function is equal to 0.5. The
Fermi level is located nearly halfway between Ev and Ec in
an undoped semiconductor (at exactly midgap only if T ¼
01K), closer to Ec in an n-type semiconductor and closer to
Ev in a p-type material.

2.2. Optical Absorption in Semiconductors

The operation of photodiodes is based on the creation of
photo-generated electron-hole pairs. Pair formation in-
volves the raising of an electron’s energy from the valance
to the conduction band, which also leaves behind a hole in
the valence band, which can in turn be filled by another
electron. Thus, electrons and holes move about the mate-
rial after photon absorption. In principle, this energy can
be supplied by any incident particle that can supply
energy equal to or greater than the bandgap of the
material.

In the case of photo-generated carriers, photons with
sufficient energy are absorbed and impart this energy to
electrons in the valence band to raise them to the conduc-
tion band. The energies of photons will not add for
detection; that is, two photons with half the energy
threshold will not add to be detected, but they will pass
through the photodiode without interaction. Table 2 lists
some materials commonly used in fabrication of photo-
diodes, along with their bandgap energies. Room-tempera-
ture silicon can absorb photons that have energy greater
than 1.1 eV.

Si Si Si

Si Si Si

Si Si Si

SiSi SiSi SiSi

SiSi SiSi SiSi

(a) (b) (c)

SiSi SiSi SiSi

Si Si Si

Si Si Si
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SiSi SiSi SiSi

SiSi SiSi SiSi

SiSi SiSi SiSi

Si Si Si

Si Si Si
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SiSi SiSi SiSi

SiSi SiSi SiSi
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Figure 1. Bonding model: (a) basic bonding
model with no free carriers, where each line
represents a shared valence electron between
silicon (Si) atoms, represented by circles; (b)
free electron excited to conduction by impart-
ing energy; (c) visualization of a hole.
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Figure 2. Energy band model: (a) undoped
semiconductor with electron excited to the con-
duction band; (b) p-type semiconductor; (c) n-
type semiconductor.
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A measure of the attenuation caused by absorption of
energy that results from a photon’s passage through a
material is known as the absorption coefficient, which is
usually expressed in units of reciprocal distance. The
absorption coefficient is highly dependent on material
and incident light wavelength. However, in all cases,
longer wavelength (lower energy) light penetrates more
deeply into a material. Using silicon as an example,
infrared light with an energy of 1.3 eV has an absorption
coefficient of about 200/cm, whereas green light with an
energy of 2.2 eV has an absorption coefficient of around
7000/cm (11). A short-wavelength detection cutoff is ob-
served in photodiodes because the absorption coefficient at
short wavelengths is very high, such that most of the
incident optical energy is absorbed right at or near the
surface before reaching the rest of the device. Off-the-shelf
silicon diodes typically have a working range between
infrared and blue light, or infrared and ultraviolet for
ultraviolet (UV)-enhanced silicon photodiodes (12).

Many references can be found (11,13,14) with far more
rigorous treatments of optical processes in semiconduc-
tors.

2.3. Pn-Junction Operation

The pn-junction diode forms the basis for several photo-
diodes, including pn-junction, PIN (p-intrinsic-n), and
avalanche photodiodes. It is composed of a junction be-
tween an n-type and p-type semiconductor material, as
shown in Fig. 3A. The excess electrons in the n-type
material naturally diffuse toward the electron-poor p-
type material to equilibrate the carriers throughout the
semiconductor. Similarly, excess holes in the p-type mate-
rial diffuse toward the n-type material. This diffusion
occurs very close to the junction and leaves behind nega-
tively and positively charged ions in the p-type and n-type
regions, respectively, setting up a region called the deple-
tion, space-charge, or transition region. However, because
the diffusing carriers leave behind charges of the opposite
polarity, a field is set up in the depletion region that
opposes further carrier diffusion, thus limiting the num-
ber of charges that can diffuse across the junction. The
result is an equilibrium situation for both sides of the
depletion region. Under this equilibrium with no applied
voltage, or bias, there is no net current flow. The diffusion
of carriers sets up a diffusion current that is exactly
cancelled by the drift current set up by the built-in field
across the junction. The voltage set up by the electric field
and the width of the depletion region are called the built-
in potential and depletion layer width, respectively. The
built-in potential represents a potential ‘‘hill’’ that carriers
must overcome for current to flow. It is important to note
that although the depletion layer width is shown equidi-
stant on either side of the junction in Fig. 3, this is only the
case for NA ¼ ND. If NA 4 ND, then the depletion layer
width extends more into the n-type region, with the
opposite being true for NA o ND. If WN and WP are the
depletion layer widths for the n-type and p-type regions,

respectively, then the following equation holds:

NAWP¼NDWN : ð1Þ

The energy level diagram for a pn-junction diode is also
shown in Fig. 3A, where Ev denotes the valence band, Ec

denotes the conduction band, and Ef denotes the Fermi
level. Note that the Fermi level is constant, indicating a
constant potential for electrons throughout the diode
structure. Note also the bending of the bands over the
finite distance of the depletion region and the built-in
potential.

The built-in voltage Vbi can be found by simply inte-
grating the electric field over the depletion region. The
built-in voltage is typically less than 1V, and in its
simplest form is given by (15)

Vbi¼
kT

q
ln

NDNA

n2
i

� �

; ð2Þ

where k is Boltzmann’s constant, T is temperature, q is
electron charge, and ni is the material’s intrinsic (un-
doped) carrier concentration (ni E 1010/cm3 for room-
temperature silicon for both electrons and holes).

This built-in voltage spans the depletion layer width,
which can be expressed as (15)

W¼
2e
q
ðVbi � VAÞ

NAþND

NAND

� �� �1=2

; ð3Þ

where e is the dielectric constant of the material and VA is
the voltage applied across the junction. If VA ¼ 0, the
equation gives the depletion layer width for a photodiode
in equilibrium.

Now let us examine what happens when an external
bias is applied to the junction (VA a 0). Figures 3B and 3C
show the two different cases of applied bias, forward bias
and reverse bias. Under forward bias, the voltage VA

applied to the p-type material is positive. As VA is opposite
in polarity to Vbi, it will reduce the voltage across the
depletion region. This will have several consequences, as
shown in Fig. 3B. The width of the depletion layer will
shrink according to Equation 3. In addition, the balance
between the diffusion and drift current will no longer exist
and a net current flow will occur because more diffusing
carriers can now overcome the smaller potential across
the depletion region. Furthermore, the positive voltage on
the p-type material will serve as a supply of holes to
diffuse across the junction into the n-type material
(although in the n-type material, the same is true for
electrons diffusing into the p-type material). These in-
jected minority carriers are then removed from the device
through the opposite polarity terminal. As VA is increased,
the depletion region will continue to shrink and current
flow will increase. Thus, the effect of forward bias on the
diode is a large increase in the diffusion current across the
junction, whereas the drift component remains fixed near
equilibrium values.
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Under reverse bias, the voltage applied to the p-type
material is negative. As VA is the same polarity as Vbi, it
will increase the voltage across the depletion region.
Again, this will have several consequences, as shown in
Fig. 3C. The depletion region width will widen. Further-
more, diffusion current will be reduced to less than its
equilibrium value as diffusing carriers have difficulty
overcoming the larger potential field across the junction.
However, the drift current component will remain near
equilibrium values, giving rise to a small reverse current
(I0) that is nearly independent of the applied reverse bias,
but not independent of either temperature or photo-gen-
erated carriers.

The current-voltage characteristic for an ideal diode
(and an ideal photodiode with no photo-generated car-
riers) is shown in Fig. 4. This curve shows the resulting
current under both forward and reverse bias that is given

by (15)

I¼ I0 exp
qVA

kT

� �

� 1

� �

: ð4Þ

As reverse bias voltage is increased past a certain
threshold VBR, the current will increase dramatically as
the diode goes into breakdown, also shown in Fig. 4. The
two most common types of breakdown are zener and
avalanche breakdown. Zener breakdown occurs via tun-
neling across the depletion region and is not commonly
used in photodiode operation. Avalanche breakdown, on
the other hand, is commonly employed to increase photo-
diode sensitivity through internal gain. Under large re-
verse bias, drifting carriers accelerate to a large enough
energy that they free electron-hole pairs via collisions in
the semiconductor lattice. Each colliding carrier imparts
enough energy to promote an electron to the conduction
band, leaving a hole in the valance band. These carriers in
turn produce their own collisions, resulting in an ava-
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Figure 3. Pn-junction diode illustration and energy band diagram: (a) unbiased; (b) under
forward bias (VA 4 0); (c) under reverse bias (VA o 0).
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lanching effect and large reverse drift current, called
avalanche breakdown.

3. OPERATION OF PHOTODIODES

Many different types of photodiodes have been developed
for a wide variety of applications. The simplest photo-
diodes to understand are based on the simple pn-junction
covered in the previous section, where both the n-type and
the p-type halves of the junction are composed of a single
material such as silicon. Often the two halves of the
junction are separated by a wide lightly doped or intrinsic
(i-type) region, thus forming the very common p-i-n (or
PIN) photodiode. In addition, photodiodes based on junc-
tion avalanching, heterojunctions, Schottky barriers, and
organic films have been developed. Avalanche photodiodes

(APDs) are particularly well suited to certain biomedical
applications given their high internal gain.

3.1. Pn-Junction and PIN Photodiodes

3.1.1. Basic Operation. The pn-junction photodiode is
used in a multitude of applications due to its ease of
fabrication, low cost, and compatibility with other micro-
systems. The pn-junction photodiode is usually operated
under reverse bias conditions with a wide depletion region
and a small reverse current. Photodiode reverse current is
often called the dark current because it is the current that
exists with no illumination, that is, in the dark. Incident
photons with energy greater than the bandgap of the
material are absorbed mainly in the depletion region
and the neutral regions where light is incident, often the
top of the device. These absorbed photons create electron-
hole pairs. The photo-generated carriers in the depletion
region, or within one diffusion length of the depletion
region, are accelerated in opposite directions by the re-
verse bias, and give rise to a small photocurrent (Iph) that
depends on quantum efficiency. Photo-generated carriers
are detected as an increase in the reverse bias current
(Fig. 5) according to (14)

I¼ I0 exp
qVA

kT

� �

� 1

� �

� Iph: ð5Þ

To increase sensitivity, it is desirable for the photodiode
to have a large depletion layer width so that more photons
can be absorbed for a given incident power of light.
However, a tradeoff exists with photodiode speed: For
large depletion layer widths, the transit time of carriers
across the depletion region will increase, thus degrading
photodiode high-speed performance. For many medical
and biological applications, however, detecting low inci-
dent light levels is more of a concern than fast switching
speed.
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A typical pn-junction photodiode will be asymmetric;
that is, either the n-type or the p-type material will be
more strongly doped than the other such that the deple-
tion region is found almost entirely in the more lightly
doped material. The lightly doped material is then placed
in an unobstructed path to the incident light, or beneath a
nonabsorbing or higher bandgap material that will not
absorb photons with the wavelength of interest.

A PIN photodiode is similar to a pn-junction photodiode
with a large undoped or lightly doped intrinsic region
between two heavily doped p-type and n-type materials
(Fig. 6). The intrinsic region possesses a high resistance
and low density of free carriers such that an applied bias
drops almost entirely across the region, which is fully
depleted at very low reverse bias voltages. Thus, provided
that the photodiode is designed correctly, any photons
absorbed in this region contribute to the photocurrent,
making the PIN photodiode highly sensitive. However,
care must be taken to ensure that all photo-generated
carriers are collected. The PIN photodiode has a depletion
layer width that can thus be controlled and tailored to
meet requirements of sensitivity and speed.

Both the pn-junction and the PIN photodiode can also
be operated in another mode that is used for both solar
cells and retinal prosthetics. In this mode, there is no
external power supply, and incident optical power is used
to generate current and voltage. Incident light on an
unbiased photodiode creates electron-hole pairs that dif-
fuse toward the junction. If the photodiode is operated
open circuit, then the current is zero, and the open circuit
voltage Voc is given by (13)

Voc �
kT

q
ln

Iph

I0
þ 1

� �

: ð6Þ

If the photodiode is operated short circuited, then V ¼ 0
and the photodiode current is simply Iph, the photo-

generated current. Once in the junction, the photo-gener-
ated carriers contribute to current and can be measured.

3.1.2. Spectral Response. A photodiode’s spectral re-
sponse is directly related to the bandgap energy and
absorption coefficient of its material. Table 2 lists the
bandgap energies for several materials used in the fabri-
cation of photodiodes. The photodiode acts as a discrimi-
nator in that only photons with energy greater or equal to
the bandgap energy will be absorbed. Photodiodes have
been developed with many different frequency ranges and
used in applications covering the spectrum from far infra-
red to x-rays.

The depth that photons penetrate is wavelength de-
pendent; longer wavelengths penetrate deeper into the
material. This implies that a photodiode’s depletion region
should be located near the surface for detecting shorter
wavelengths, e.g., green light, with a wider depletion
region or PIN photodiode more effective for detecting
longer wavelength, e.g., red light or infrared. The absorp-
tion coefficient also determines the short-wavelength cut-
off for photodiode detection.

3.1.3. Quantum Efficiency. The ratio of the number of
photo-generated carriers to the number of incident
photons is called the quantum efficiency. If every incident
photon resulted in a generated carrier reaching the deple-
tion region, then the quantum efficiency would be 100%.
However, if incident photons are reflected off the photo-
diode, carriers are generated too far away from the junc-
tion or carrier recombination otherwise occurs, then the
efficiency can be significantly less than unity.

Optical reflection occurs at the photodiode surface
because of a mismatch in the index of refraction between
the semiconductor and air (or whatever medium the
photodiode is operating in). For example, silicon has an
index ZB3.4, whereas for air ZB1, resulting in only 75% of
the incident photons penetrating the semiconductor sur-
face (16). If a layer is introduced between the semicon-
ductor and air of a specific index of refraction (ZB1.9 in
the above example), then only a small percentage of
photons will be reflected. Silicon nitride (ZB2) is often
used in conjunction with silicon photodiodes, thus greatly
improving incident photon absorption while not compli-
cating fabrication significantly. Another method of redu-
cing reflectance is the use of surface roughening (16).

To minimize recombination, photons must be diffused
within one diffusion length of (or directly in) the depletion
region, which can be realized with proper photodiode
design, e.g., by making the depletion region as wide as
possible and located at a depth for the wavelengths of
interest. In addition, defects in the semiconductor mate-
rial can serve as recombination centers (14) for electrons
and holes, so materials should be kept as pure as possible.
Surface recombination also occurs and can be minimized
via surface passivation using the same coating used to
reduce reflections.

The responsivity is defined as the photo-generated
current Iph divided by the incident optical power and
depends directly on device quantum efficiency (17).
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Figure 6. PIN photodiodes: (a) schematic showing applied re-
verse; (b) simple PIN photodiode fabricated in silicon.
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3.1.4. Photodiode Speed. The speed of pn-junction and
PIN photodiodes is determined by the time it takes photo-
generated minority carriers to reach the depletion layer,
as well as the carrier transit time across the device, plus
the time that it takes an external circuit to supply the
necessary majority carriers to maintain charge neutrality.

Diffusion of carriers to the depletion region is usually
very fast, on the order of picoseconds or microseconds, and
is dependent on the length the carriers must diffuse, the
carrier mobility in the material, and the temperature.

Drift across the depletion layer occurs at a constant
rate past the saturation electric field strength that is
about 3 � 103V/cm for common semiconductor materials
such as silicon, GaAs, Ge, and InGaAs. The saturation
velocity is on the order of 107 cm/s for electrons and
106 cm/s for holes (16). The transit time across the deple-
tion region can become significant for thick depletion
layers.

The largest time delay, however, usually occurs due to
the resistance-capacitance (RC) time constant of the
photodiode circuit. Here the resistance is the external
amplifier input resistance, and the capacitance is that
due to the photodiode junction. Junction capacitance is
dependent on photodiode area, material dielectric con-
stant, and depletion width/applied bias voltage (15).

3.1.5. Noise. Noise in junction and PIN photodiodes is
primarily due to quantum (or shot) noise and thermal
noise. Shot noise is the result of discontinuous carrier flow
arising from individual carriers over a potential barrier
such as a diode junction. It can be minimized by operating
at a lower bias voltage. Thermal noise is the result of
random thermal agitation of carriers, is frequency inde-
pendent, and can be minimized by operating a device at
lower temperature. Noise equivalent power is the amount
of light required to collect a signal equivalent in power to
that of the noise in the photodiode (17).

3.2. Avalanche Photodiodes

The avalanche photodiode (APD) is a very sensitive photo-
diode that can replace a photomultiplier tube (PMT) for
many applications. The APD is basically a PIN photodiode
operating with very high reverse bias voltages near its
avalanche breakdown voltage VBR. The APD can intern-
ally amplify even a small photo-generated current by
avalanche multiplication. Unlike pn-junction and PIN
photodiodes that have no internal gain, very large gains
(B200) can be obtained with the APD (13). Thus, an APD
is useful in many applications where low levels of light are
to be detected and high sensitivity is needed. The major
drawbacks of APDs are the very high bias voltage needed
for operation, complex circuitry required for operation,
manufacturing expense, and greater noise.

The active region of an APD is composed of a light-
absorbing region and an avalanche multiplication region.
The light-absorbing region is adjacent to or coincides with
the avalanche region, the latter designed so that a high
electric field is generated under reverse bias. With even a
small photo-generated current, a large change in reverse

bias current is produced due to the avalanching of carriers
in the photodiode structure.

A useful figure of merit for an APD is the multiplication
factor that defines the gain associated with the APD (18):

M¼
1�

ap

an

h i

exp anW 1�
ap

an

� �h i

1�
ap

an

� �

exp anW 1�
ap

an

� �h i ; ð7Þ

where ap and an are the impact ionization coefficients of
holes and electrons, respectively, defined as the reciprocal
of the average distance that each carrier will travel for a
given electric field before generating an additional elec-
tron-hole pair via impact ionization.

The frequency response of an APD is determined by the
RC time constant, which depends on both the resistance of
the external circuit and the photodiode capacitance; the
carrier transit time; and the multiplication time. The RC
and transit time limitations are similar to those of a PIN
photodiode, whereas the multiplication time is a function
of the multiplication factor and the drift time within the
avalanche region taking into account impact ionization. In
other words, an APD has similar speed limitations to a
PIN photodiode, with the added limitation that it takes
some time for the avalanche process to build up.

The APD requires a very careful fabrication and doping
profile to control breakdown, and it is thus more expensive
to manufacture. It also requires complex temperature
variation and supply voltage stabilization for a controlled
response. It also generally suffers from greater noise
problems.

3.3. Other Photodiodes

A heterojunction is composed of two semiconductors with
different bandgaps and lattice constants and offers im-
proved performance at the expense of fabrication complex-
ity (12). Such a photodiode takes advantage of the
different absorption wavelengths of the two materials
such that photons of the desired wavelength are trans-
mitted through one material and absorbed only in the
second material containing the depletion region.

Schottky barrier photodiodes are based on a junction
composed of a metal joined to a semiconductor material
(12,13). This type of junction can result in very efficient
photodiodes with high bandwidths. The work function of a
material is defined as the energy difference from the Fermi
energy level to the vacuum energy level, the latter repre-
senting the energy at which an electron can break free of a
material into vacuum. Work functions are a convenient
energy reference for comparing dissimilar materials, for
example, metals and semiconductors in contact. The cur-
rent in a Schottky barrier photodiode is primarily due to
thermionic emission of carriers over the potential barrier
created by differences in work function between the metal
and the semiconductor. For the junction to perform as a
Schottky barrier, the work function of the metal must be
greater than that of the semiconductor. Current flows
under forward bias: A negative polarity applied to the n-
type semiconductor reduces the barrier height for elec-
trons traveling from the semiconductor into the metal.
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Under reverse bias, the opposite is true: The barrier
height increases, and current flow is very small due to
the large barrier. The resulting current-voltage character-
istic of this junction is very similar to that of a pn-junction.

Photodiodes fabricated in organic materials have re-
ceived attention for their physical flexibility and compat-
ibility with plastic substrates. Examples include organic
photodiodes based on conjugated polymers and fullerene
derivatives (9) and guanosine films (19). Organic photo-
diodes have been used for flexible solar cells and scanners
(20).

4. CURRENT APPLICATIONS AND FUTURE TRENDS

Photodiodes have been used for numerous biomedical
applications primarily in monitoring and imaging. Appli-
cations for which photodiodes are particularly well suited
are those that benefit from miniaturization, such as
portable or handheld equipment, as well as wearable
monitors and implants. Applications for which photo-
diodes have had or are expected to have major impact
are presented below and include both commercially avail-
able applications and those currently found exclusively in
the research literature that show promise for the future of
biomedical instrumentation.

4.1. Pulse Oximetry and Blood Gas Measurements

Pulse oximetry is a simple and noninvasive method for
measuring the oxygenation of a patient’s blood. A typical
pulse oximeter consists of a probe attached to a patient’s
finger or ear lobe such that red (e.g., 650nm) and infrared
(e.g., 940nm) light, each supplied by a light-emitting diode
(LED), is passed through the patient’s tissue. The receiver
is one or more photodiodes located on the other side (Fig.
7). The ratio of absorption of the red and infrared spec-
trum caused by the difference in color between oxygen-
saturated (red) and unsaturated (blue) hemoglobin (Hb)

can give an approximation of oxygenation. Specifically,
oxygen-saturated Hb absorbs more infrared while allow-
ing more red light to pass through, whereas unsaturated
Hb absorbs more red while allowing more infrared light to
pass through. By calculating the absorption at the two
wavelengths, the processor can compute the proportion of
Hb that is oxygenated.

A pulse oximeter detects hypoxia before the patient
becomes clinically cyanosed and can be used in many
settings. It is especially useful in intensive care, assessing
of emergency patients, monitoring during anesthesia, and
monitoring of newborn infants. Solid-state optoelectronics
in the form of LED light generation and photodiode
detection has made pulse oximetry practical. Oxygenation
can be measured noninvasively together with pulse, cal-
culated heart rate, and blood flow (21).

Blood oxygenation can also be measured invasively by
placing a sensor on the end of a catheter tip (22). A stacked
arrangement of two photodiodes permits separation of the
infrared and red detection as the absorption depth de-
pends on wavelength, allowing the infrared light to pene-
trate deeper into the silicon. From these signals, the
absorption in both wavelengths can be calculated and
the oxygenation determined. An optical fiber can be used
to deliver infrared and red LED light to the tip of the
catheter.

Other blood gas measurements such as carbon dioxide
and sodium bicarbonate, as well as blood pH, cannot be
measured using noninvasive pulse oximetry. However,
point-of-care systems can be employed to measure blood
gas and pH levels (23,24). By using relatively small
photodiode detectors in combination with LED or laser
diodes, patient blood gases can be determined at the
patient’s bedside without resorting to transport to a
separate laboratory for analysis. A blood sample must be
provided, either via conventional methods for a handheld
instrument or by placing the sensor in-line with an
arterial line such that a small sample of blood can be
extracted and recycled into the patient after measurement
(25).

4.2. Blood Flow by Laser-Doppler Flowmetry

Laser Doppler flowmetry is a noninvasive method of
monitoring vascular motion and the flow of cutaneous or
peripheral blood flow. Blood flow measurements are es-
sential for assessing and monitoring a variety of disorders.
Applications include plastic and reconstructive surgery
for measuring flap quality (26); angiology for locating
arthrosclerosis and occlusions; dermatology for the assess-
ment of allergic skin inflammation, psoriasis, and other
skin irritancies; and pharmacology for detecting vasoac-
tive drugs and dose response (27).

In laser Doppler flowmetry, tissue is illuminated with a
low-powered Helium–Neon laser or near-infrared laser
diode that is often delivered via an optical fiber (28). The
resulting scattering of light is from static structures as
well as moving red blood cells, with the light hitting
moving blood cells undergoing a slight Doppler shift and
the light hitting stationary structures remaining un-
changed. A portion of the backscattered light from the

Figure 7. Illustration of pulse oximeter. Blood oxygenation is
calculated by determining the ratio of absorption of the red and
infrared spectrum caused by the difference in color between
oxygen-saturated and unsaturated hemoglobin. The photo-
diode(s) is used to collect the red and infrared light. 
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skin is detected by a photodiode, and the resulting spec-
trum can be analyzed. The spectrum is found to experi-
ence a broadening or shift due to the presence of the
moving red blood cells causing a Doppler frequency shift
(29). An absolute measure of blood flow is made compli-
cated by the variation in skin properties, and laser Dop-
pler flowmetry is used primarily to detect changes in blood
flow rather than to obtain absolute flow measurements.

As with oximetry, solid-state optoelectronics in the
form of laser LED and photodiode detection has made
laser Doppler flowmetry practical. Commercial instru-
ments for laser Doppler flowmetry are available from
several sources (30,31). Probe designs are dependent on
application, and they are typically contacted directly with
the tissue or inserted into an endoscope for localized
measurement inside the body.

4.3. Biomedical Imaging Systems

4.3.1. Flat-Panel X-ray. Flat-panel digital x-ray ma-
chines are small and robust and produce high-quality
computer images. These images can be recorded, trans-
mitted, and analyzed digitally, offering an improvement
over analog photographic x-ray images (32–34). For digital
x-ray imaging of tissue, e.g., mammography, a scintillat-
ing material is necessary to convert the x-rays not ab-
sorbed by the target tissue into visible light photons
(usually green or blue), which can then be detected by
an array of photodiodes (Fig. 8). These photodiodes in turn
activate pixels (TFTs) in another silicon layer that is then
coupled to a computer to produce high-quality images of
the target.

4.3.2. Diffuse Optical Imaging of Tissue. Photodiodes are
used extensively in tissue imaging systems, particularly
for diagnostic medical applications where portability may
be required such as breast cancer detection (35). Diffuse
optical imaging uses photodiode detectors for measure-
ments of visible or near-infrared light scattered through
tissue to result in spatially resolved images (36). Light at
these wavelengths interacts with biological tissue mainly
through absorption and scattering. Even though absorp-

tion in near-infrared is relatively small, the spectra of
tissue chromophores differ significantly. As a result, the
diffuse optical technique is sensitive to blood dynamics,
blood volume, blood oxygen, and water and lipid content of
the tissues being considered (37). Photodiode detectors are
key components of many of these systems (38,39).

4.3.3. Cell Imaging Systems. An array of photodiodes
can be used to image individual cells (40) for sorting or
diagnostics applications. In such applications, individual
cells are hydrodynamically focused to close proximity with
a photodiode or an array of photodiodes. As the cells flow
past the photodiode(s), a snapshot is taken and image
analysis software is used to detect and sort cells down-
stream. Such systems can be used for separating diseased
from healthy cells for further experimentation and analy-
sis, or sorting cell types.

4.4. Retinal Prosthesis

Diseases such as inherited retinitis pigmentosa (RP) and
age-related macular degeneration (ARMD) cause progres-
sive degeneration of photoreceptors or photoreceptor func-
tion that can eventually lead to blindness. In a healthy
eye, photoreceptors are excited by incoming light and
deliver gradual potential changes to the inner retinal
layers. In diseases such as RP and ARMD, photoreceptors
and/or photoreceptor function may degenerate while leav-
ing the processing path in the inner retina intact.

Arrays of implanted semiconductor photodiodes have
been developed that are intended to replace the function of
degenerated photoreceptor cells in the retina (41,42). Such
devices are used to artificially stimulate retinal neurons
with signals similar to those that would be provided by
intact photoreceptors. This is accomplished by delivering
current generated in the photodiodes to the neuronal
network via microelectrodes. Retinal prosthesis photo-
diodes are usually designed as PIN photodiodes that
require no power source and rely on incident light to
provide the microelectrode current.

Long-term stability and biocompatibility, as well as
optimization of photodiode arrays and electrodes for neu-

Figure 8. Flat panel x-ray imaging. A scintil-
lating material is necessary to convert the x-
rays not absorbed by the target tissue into
visible light photons (usually green or blue),
which can then be detected by an array of
photodiodes. These photodiodes in turn acti-
vate pixels (thin-film transistors or TFTs) in
another silicon layer that is then coupled to a
computer to produce high-quality images of the
target.
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ronal stimulation, remain on-going areas of research
(43,44). Flexible photodiode arrays and etched openings
for tissue nourishment remain significant fabrication
challenges (45).

4.5. Lab-on-a-Chip and Micro-Total-Analysis Systems (mTAS)

One of the more promising areas of research to evolve out
of microsystems technology is the miniaturization of
entire instruments for medical diagnostics and portable
chemical analysis. So promising is this area of research
that an entire conference (Micro-Total-Analysis Systems)
and journal (Lab on a Chip) exist to disseminate research
in the fast-moving and growing field of miniaturized
chemical and biochemical analysis, whose concepts may
be applied to realize miniaturized point-of-care (POC)
instrumentation (3). One benefit of miniaturized instru-
mentation is the need for smaller sample volumes. A
corresponding drawback, of course, is that smaller sample
volume also translates to smaller detectable amounts of
the molecules, cells, or ions of interest. The two most
important characteristics of a detection scheme are thus
sensitivity and scalability to smaller dimensions. Electro-
chemical detection based on changes in conductivity as a
function of analyte concentration is one such method used
in mTAS and lab-on-a-chip systems (4). Fluorescence de-
tection of light-emitting reporters, the workhorse of con-
ventional chemical and biochemical analysis, can also be
miniaturized via solid-state devices such as LEDs, laser
diodes, and photodiodes (4,5,46,47).

A light-emitting reporter functions by emitting fluor-
escent light, either via autofluorescence (no external sti-
mulus required) or in response to a primary, or excitation
light. In the latter case, a photon of a wavelength within
the absorption spectrum is absorbed by the reporter
exciting an electron to a higher energy level, which in
turn emits a photon when the electron finally returns to
its lower energy state. The emitted photons are of a lower
energy than the incident photons and are thus of a longer
wavelength (17).

Fluorescent reporter detection requires very high sen-
sitivity from a photodiode. Often a very small amount of
light reaches the photodiode surface due to losses in the
optical path or, in the case of lab-on-a-chip applications
where the sample volume can be on the order of nanoliters
and the entire instrument is located on a microchip, the
number of fluorescing probes is small and optical focusing
must use unconventional means.

In a typical system, the sample is excited with primary
light, the reporter absorbs these photons and emits longer
wavelength photons in all directions. As much of this light
as possible must be gathered and passed through another
filter that removes light from the excitation light and
other stray light, letting only the fluorescent light emitted
by the reporter reach the photodiode. Before reaching the
photodiode, the light may be collimated or focused using
lenses. Light may also be transferred to a different area
using fiber optics (48).

Pn-junction photodiodes, PIN photodiodes, and APDs
can all be used for light-emitting reporter detection. In
addition to sensitivity, spectral range is a very important

specification that must be designed around the wave-
length of the fluorescent signal. For lab-on-a-chip applica-
tions, filtering out the excitation signal can be especially
challenging.

One application employing photodiodes with integrated
filters is the monitoring of enzymatic reactions in nano-
liter volume wells (7). This application also uses another
characteristic of photodiodes that renders them particu-
larly useful for lab-on-a-chip applications: the ability to
make integrated arrays. As shown in Fig. 9, an array of
photodiodes can be integrated with an array of nanoliter
volume wells. The filter is composed of thin-film amor-
phous or polycrystalline silicon, with a spectral filtering
property below 400nm. This array can be used to monitor
reactions using the NADH reporter, which fluoresces at
450nm using an excitation light of 350nm. The filter
suppresses the excitation wavelength up to 35Db.

Other applications using photodiodes for light-emitting
reporter detection include integrated capillary electro-
phoresis with on-chip fluorescence detection (8,49), anti-
body-based biochips (50), DNA detection via
electrochemiluminescence (51,52), and fluorescence acti-
vated cell sorting (53,54). Such systems can be used, for
example, for portable diagnostics instrumentation. As
with nanoliter volume wells, filters can be placed over
the on-chip photodiodes to eliminate excitation light and
detect only fluorescent light signals. Capillary electro-
phoresis lends itself well to the microscale and can be
used for a wide variety of separations with integrated
photodiode detection schemes. Novel methods of miniatur-

photodiode

polymer well

microchip

Figure 9. Integrated high-speed screening microchip. Each na-
noliter volume well contains a photodiode at the bottom for
fluorescence monitoring of reactions inside the well. The photo-
diodes are covered by a thin film for filtering out excitation light.
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izing excitation and detection schemes are still under
investigation to realize true POC instrumentation based
on mTAS and lab-on-a-chip technologies.

BIBLIOGRAPHY

1. Hamamatsu Corporation (USA). Hammamatsu, Inc. [Online].
Available: http://www.hamamatsu.com/, Accessed July 1,
2005.
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PHOTOMULTIPLIERS
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Despite being invented more than 80 years ago, the pho-
tomultiplier is still unrivaled, even by the most recent
semiconductor photodetectors, in its ability to detect weak
optical signals down to the single-photon level. The pho-
tomultiplier tube (PMT) readily provides a wide dynamic
range and an excellent linearity, with a good speed of re-
sponse and a very low excess noise. PMTs are made avail-
able from manufacturers in a variety of formats (from
o1 cm outlines to large sensitive areas, up to 50 �
50 cm2). Also, an ample choice of spectral responses ex-
ists, ranging from deep ultraviolet (UVC, down to
lE100nm) to near infrared (NIR, up to lE1700nm
with the new NEA photocathodes).

A disadvantage of PMTs is the relatively bulky and
fragile structure; however, this is mitigated in the most
recent design incorporating an integrated multiplier chain
based on the MCP (multichannel plates) technology. In
addition, the high voltage required to supply the tube is a
hindrance, but units with a built-in voltage multiplier of-
fer an adequate solution.

Thus, in a large number of applications to instrumen-
tation, PMTs offer the most viable and satisfactory solu-
tion to measurements on light signals. Just to quote a few,
PMTs are recognized as the working horse for measure-
ments of fast-pulsed waveforms, energy spectrometry, de-
cay-times, time-of-flight, particle and radiation energy,
dating with radionuclides, and photon counting.

This article is structured as follow. After a short intro-
duction to PMT operation (Sect. 1), in Sect. 2 we analyze
the elements of the PMT— photocathode, electron optics,
and multiplying chain and related parameters. Section 3
is devoted to summarize the theoretical results of PMT
response. Then, we discuss specifications and character-
istics of PMTs (Sect. 4). Finally, in Section 5 we review the
most widespread applications of PMTs to measurements
and the performance we can obtain.

1. OVERVIEW OF PMT OPERATION

The basic elements and functions in a PMT can be de-
scribed with reference to Fig. 1 as the following (1):

* Photocathode (either in transmission or in reflection)
to convert the photon flux of the incoming optical sig-
nal to a photoelectron flux.

* Electron optics, to collect and focus the photoelec-
trons on the first dynode of the multiplier chain.

* Dynode chain, to provide a high gain of multiplication
in the number of photoelectrons.

* Anode, to collect the amplified charge and serve as
the output electrode.

Applied to photocathode and first dynode, as well as
across successive dynodes, one typically finds a voltage of
100–200V, which is adequate for electrons to hit the next
electrode with enough energy to be multiplied, and to en-
sure high collection efficiency.

When a primary photoelectron hits the first dynode, it
produces the emission of g electrons because of secondary
emission. Secondary electrons leaving the dynode are ac-
celerated to the next dynode, producing g2 electrons. The
process continues up to the last dynode, so that for n dy-
nodes, we find gn electrons at the anode, which is the gain
of the dynode chain, G¼ gn, a very high quantity even for
small g: For example, for g¼ 3.5, with n¼ 8–14 dynodes,
the gain goes up to G¼ 2.2.104y4.107, respectively.

At a voltage Vak¼ 100y200V between electrodes, the
time-of-flight between dynodes separated by d[cm] can be
calculated from expression:

td¼dð2m=eVakÞ
1=2
¼ 33:7½ns� � d½cm�ðVakÞ

�1=2;

and the typical result is tdE3ns. Then, after n¼ 10dy-
nodes, we get a total transit time Tdel¼ntd¼ 30ns, which
is the delay of the SER (single-electron response), the cur-
rent pulse obtained at the anode following a single photo-
electron released at the photocathode. Another even more
important quantity is the duration of the SER, that comes
about from the transit time spread, Dtd, because of non-
idealities of the geometry. A typical value is tpul-
seE2y3ns in an 8–12-stage PMT.

The peak current of the SER is found (approximately)
by dividing the total charge egn by the duration Dtd. Thus,
we get: ip¼ egn=Dtd¼1:6 � 10�19 � 4 � 107=2 � 10�9¼ 3:2mA;
a current large enough for an easy handling by electronic
circuits. Thus, the individual current pulses can be
watched at a PMT output by an oscilloscope (as shown in
Fig. 2) are just the single photons that have been detected
by our sensor.

2. BASIC ELEMENTS OF THE PMT

In this section, the principle of operation and performance
of elements constituting the PMT is described, then the
most commonly employed structures of the PMTas well as
some recent variants of them are reviewed.

2.1. Photocathode

The photocathode is the thin film on which incoming pho-
tons impinge, at the entrance window of the PMT. By the
photoelectric effect, the photons energy is traded for an
electron-hole pair, and electrons (or photoelectrons) are
emitted in the vacuum where they become available for
multiplication at the dynode chain.

According to the incidence surface, reflection (or opa-
que) photocathodes are distinguished when electrons
come out from the same side of photons incidence; and
transmission (or semitransparent) photocathodes are dis-
tinguished when electrons are emitted from the surface
side opposite to it (2).

1
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Photoemission is a crucial phenomenon in PMT. It can
be described as the sequence of (1) photon absorption, and
generation of an electron-hole pair; (2) diffusion of the
electron to the surface; and (3) emission of the electron in
the vacuum.

In a simple picture, the energy levels of a reflection
photocathode can be represented as in Fig. 3 (1). Conduc-
tion and valence bands are separated by the energy gap
Eg, the vacuum level is the minimum electron energy to
leave the material, whereas the pair production Ep is the
level at which ionization yields new electron-hole pairs.
The work function and the activation energy are indicated
by EW and EA.

Internal to the photocathode, optical power decays ex-
ponentially according to the Lambert–Beer law: P(z)¼P0

exp-az. Here, a¼ a(l) is an absorption coefficient specific of
the material, and Labs¼ 1/a is the attenuation length rep-
resenting the 1/e depth of penetration.

For the photoelectron to be emitted, two conditions
must be satisfied. First, the energy condition, by which
the generated electron must be raised to at least at the
vacuum energy level to be able overcome the potential
barrier and leave the material, must be satisfied. In terms
of photon energy hn, the energy condition is hnZEgþEA,
and letting n¼ c/l, and expressing l in mm and energy in

eV, we get the photoemission threshold wavelength lt as

lt¼hc=ðEgþEAÞ or; lt½mm� ¼ 1:24=E½eV�:

The second condition deals with the path traveled by the
electron to reach the surface. The path is a random zigzag
because of scattering within the atomic lattice.

Scattering can be quasi-elastic, which causes a small
energy loss (cases b and d in Fig. 3) and a long free path
Ldif, or it is anelastic (or ionizing), with a large loss (4Eg)
and a short free path Ldif as the electron is above Ep (case c
material Fig. 3). For a high escape probability, it is re-
quired that Ldif is larger than the absorption length in the,
or Ldif41/a.

Last, to obtain a wide spectral range of response, the
pair level Ep must always be higher than the vacuum
level, or EpcEA

The picture of band diagram (Fig. 3) can be refined to
include surface states, which are because of unintentional
doping or to defects in the first atomic, and are responsible
of band bending at the surface. Bending is upward if the
defects are p-type on a n-type substrate and is downward
if the defects are n-type on a p-type substrate (Fig. 4). In
the last case, we get a NEA (negative electron affinity)
photocathode, in which the barrier EA at the surface is
virtually lowered to zero or negative. Photogenerated elec-
trons can tunnel from conduction band to vacuum if the
barrier thickness is small (a few atomic layers). Thus, in
all photocathodes, the final cesiation plays the important
role of helping saturate defects and lower the surface bar-
rier. NEA photocathodes have been demonstrated in GaAs
(gallium arsenide) treated with cesium oxide, GaAs:Cs2O,
with response up to 900nm, and in In1� xGaxAs:Cs (in-
dium gallium arsenide), with photoresponse up to
1700nm (3).

In conclusion, desirable properties for photocathode
materials are: (1) work function EW¼EgþEA comparable
with photon energy hnin the spectral range of interest; (2)
absorption length 1/a less or comparable to the scattering
length Lsc (for high Z); (3) the largest possible pair-pro-
duction energy Ep (for wide spectral response).

Early photocathodes were metallic, with work func-
tions of several eV’s and thresholds in the UV. In the
1930s, with the discovery of alkaline antimonide, effi-
ciency of a few percent in the visible was obtained. Addi-
tional progress in the 1960s, with bi- and tri-alkaline
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Figure 1. A typical photomultiplier (PMT) for
instrumentation (from Ref.1, by courtesy of
Prentice-Hall).

Figure 2. Single-electron-response (SER) current pulse at the
anode of a 12-dynode PMT, as seen at the sampling oscilloscope
(time scale: 1ns/div, amplitude scale: 0.5mA/div).
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antimonide, extended thresholds to near IR (800–900nm).
In the 1970s, the NEA concept was introduced, and long-
wavelength response improved marginally. In recent
years, the practicable threshold for PMTs has reached
the 1700nm of the third window of optical fibers.

The absorption condition favors materials with large a
on a wide spectral range, such as semiconductors with a
direct-bandgap structure, whereas in indirect-bandgap
materials, like Si and Ge, a lattice vibration phonon is re-
quired to conserve momentum in the photon absorption.
Then, absorption has a much smaller probability per unit
length (or a) and efficiency is very low.

In applications, the photocathode response is charac-
terized by the spectral sensitivity s¼ s(l), defined as the
ratio of the photoemitted current I to the incident radiant

power P:s(l)¼ I/P. One can also use the quantum efficiency
Z¼ Z(l), given by the ratio F/F’ of the photoemitted elec-
trons rate, to received photons rate. Writing the detected
current as I¼ eF and the radiant power as P¼F’hn the
ratio a¼ I/P follows as:

sðlÞ¼ Ze=hn¼ Zl=ðhc=eÞ¼ Zðl=1:24Þ ½A=W�:

2.1.1. Properties of Common Photocathodes. The most
important group of materials is the alkaline metals anti-
monide. In single-metal antimonides such as Cs3Sb, K3Sb
and Na3Sb, both peak quantum efficiency Zmax and
threshold lt increase with the atomic weight (i.e., in the

vacuum level

conduction band

Ep pair-production
     level

EA

EW

hν

hν

Eg

electron

hole

a

b

c

d

c1

c2

elastic scatters

inelastic
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Figure 3. Energy levels in the photocathode.
Conduction and valence bands are separated by
the energy gap Eg, and EA is the activation en-
ergy to reach the vacuum level. Condition
hnZEgþEA holds for the photons energy to pro-
duce a photoelectron. Not all the generated elec-
trons can diffuse to the surface and escape.
Electron d is emitted because generated not
far from the surface and with enough energy
to withstand elastic scattering, other electrons
have too small an energy (like a and b) or are
generated too deep in the material. Electron c

from an energetic photon is raised above the
pair-production energy, where a fast inelastic
scatter that produces a new electron follows (c2),
but neither c1 nor c2 can be emitted. (Adapted
from Ref. 1, with permission of the Publisher).
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Figure 4. Band bending at the photocathode
surface: a p-type surface layer atop on an n-
type substrate curves the bands upward, hinder-
ing emission. An n-type layer on a p-type sub-
strate curves the bandwidths downward, easing
the emission of the electron from the conduction
band to the vacuum by tunneling. The effect,
called NEA (negative electron affinity), is taken
to advantage in cesiated photocathodes.
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order Li-Na-K-Rb-Cs) where as pair-production threshold
Ep decreases (and the UV response is reduced).

Cesium antimonide Cs3Sb has a spectral response (des-
ignated as S-11) close to the eye when deposited on a boro-
silicate-glass window. On fused silica, it goes deep in the
UV, to 160 nm (S-4, S-5). Also extended to UV are: cesium
telluride (Cs2Te) with cutoff at 180 nm and cesium iodide
(CsI) reaching 120 nm on LiF or MgF windows. These
photocathodes with a threshold lt smaller than visible are
called solar-blind and generally withstand (as opposed to
all other photocathodes) natural illumination without
damage.

Bi-alkaline photocathodes (CsK2Sb, Na2KSb, CsRb2Sb)
have a little bit wider photoresponses, and low dark cur-
rents (especially Na2KSb) that make them attractive for
single-photon counting.

Tri-alkaline photocathodes (or multi-alkali) Na2KSb:Cs
has a still larger Zmax, and a response extended up to
E800nm and to E850nm in the so-called S-25 or S-20
extended-red-multi-alkali (ERMA). Using a fused silica
window, it reaches 160 nm in the UV. For the wide spectral
range, the S-25 photocathode is very commonly used in
spectrometry and wide-band applications.

Although sensitivity is poor (Zo1%), the old silver-ce-
sium-oxide Ag-O-Cs (S-1 response) is still important in
low-cost applications of IR up to 1100nm. Last, NEA pho-
tocathodes in GaAs and ternary compounds offer an im-
provement with respect to tri-alkaline in the near IR up to
about 900nm.

A conductive underlayer is necessary in transmission
photocathodes, especially those with high resistivity like
Na2KSb. The ohmic-contact layer shall be transparent,
and even very thin metal layers cannot be used (with the
exception of W in the UV).

Tin oxide and indium oxide (or ITO, indium-tin oxide)
are the best suited for ohmic-contact and yield a satisfac-
tory resistance (typically 1 kO) with transmission of
E95%.

Figure 5 shows the spectral responses of popular pho-
tocathodes in different materials. In the visible and near-
infrared, alkaline photocathodes are best suited because of
the high spectral sensitivity (up to 100mA/W peak) and
quantum efficiency (up to 40%). Transmission and reflec-
tion photocathodes have nearly the same shape of spectral
response, but with E20–50% larger s(l) and a more ex-
tended long-l response in reflection types. In contrast,
transmission photocathodes have the access window coin-
cident with the photosensitive surface and can collect
more light (i.e., use an objective lens with larger numer-
ical aperture) (1,2,4).

2.1.2. Photocathode Technology. Photocathode technol-
ogy is a thin-film, high-vacuum process (1,4). Because of
alkali metals reactivity to oxygen, the photocathode is
fabricated under a high vacuum (typ.10� 6torr) condition.
The glass envelope is fabricated first, outgassing it at
4001C for several hours to eliminate adsorbed gas from the
walls. Glasses free from Pb, Ni, W are used, because these
metals react with Cs and produce compounds of low work
function that increase the dark current. Alkali-metal va-
pors are produced by reduction of a salt of the metal. A

typical mixture is made by one part of cesium chromate
(CsCrO4) and two parts of Si or Al as the reducing agent.
The mixture is brought to 7001C by radio-frequency heat-
ing. Deposition rate is controlled by the temperature and
duration of the process.

For multicomponent photocathodes, the metal is made
to react with other components, by heating the glass en-
velope to 140–1801. The process is controlled by visual in-
spection (aspect and color) and by measuring the
photocurrent in the final steps of fabrication.

2.1.2.1. Monoalkali Photocathodes. The prototype is
CsSb, the best known photocathode produced since the
1930s. As resistivity is high, a sublayer of SnO or ITO
(indium-tin oxide) is first formed as the entrance window.
First, a film of antimonium is the deposited, whose thick-
ness is tuned to an optimal value of E6nm (E20 atomic
layers) by looking at a decrease of optical transmission, to
E75% of the initial value. Then, Cs is evaporated as the
envelope is kept at 1301C to promote reaction with Sb.
Evidence of the reaction is the appearance changing from
metallic to reddish. The photoresponse gradually in-
creases up to a peak beyond which irreversible decrease
occurs. At the peak, the evaporation of cesium is blocked
and, on cooling, a small quantity of oxygen is admitted for
a final improvement of photoresponse near the threshold.

2.1.2.2. Other Monoalkali Photocathodes. Photocath-
odes prepared like Cs3Sb are the antimonide of Rb, K,
Na, and Li, whose work functions of, respectively, 2.09,
2.22, 2.29, and 2.50 eV, give a response progressively
shifted toward the blue and UV, with gradually decreas-
ing quantum efficiencies.

2.1.2.3. Bi- and Tri-Alkali Photocathodes. These photo-
cathodes are more critical to fabricate, and call for an ac-
curate control of composition to achieve the best
sensitivity. In the bi-alkali Na2KSb, sodium and potas-
sium are in 1:2 ratio, with a slight excess of Sb for the p-
type doping. The Na2KSb photocathode is prepared by re-
acting K with Sb to build up a layer of K3Sb. Then, Na
vapor is admitted and heated as the crystalline structure
changes from hexagonal to cubic.

Adding small quantities of oxygen or cesium to the bi-
alkali layer, the work function is further lowered and the
threshold is improved. Thus, the spectral responses of S-
20 and S-20 ERMA are process variants compared with
the Na2KSb rather than composition variants.

2.1.2.4. Cesiated Silver-Oxide Photocathode. This very
old and still used photocathode is obtained by first evap-
orating a thin layer of Ag, typically 10-20 nm (50% optical
transmission), and oxidizing it by sputtering with oxygen
ions in a low-pressure discharge until the transmissions
returns to 100% (Ag2O is transparent). Finally, the layer is
cesiated at 1301C until the response is maximized. The
photoemission mechanism appears to be promoted by
Cs2O for the peak in the blue, and to metallic Ag for the
IR peak, with tunneling from Ag to Cs2O, with possible
nanoparticle effects.
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2.1.2.5. NEA Photocathodes. The most recent (1980)
photocathodes, still progressing to extend single-photon
techniques in the IR. Different from common photocath-
odes, they are based on single-crystal materials grown
with the modern technologies of semiconductors.

Best known are gallium arsenide (GaAs) and the ter-
nary compounds GaxIn1� xAs, which allow tuning of the
bandgap energy through the control of composition x of
the constituents in the III-V crystal lattice cell. All photo-
cathodes are cesiated to take advantage of band bending
at the surface, thus the NEA name. Substrate for the pho-
tocathode is a relatively thick wafer of the material, thus
all NEA photocathodes are of the reflection type, although
no reason against transmission types exists.

With the recent progress in ternary compounds grown
on InP substrates and of bandgap engineering technolo-
gies, it appears feasible to develop long-l photocathodes
with responses up to the middle infrared. Indeed, a pho-
tocathodes with 1700-nm cutoff are already available, and
further work should be able to provide substantial exten-
sion of the IR coverage.

2.2. The Electron Optics

The electron optics is placed between photocathode and
first dynode (Fig. 1), in form of one or more electrodes
properly shaped and kept at increasing voltages (2,4). Its
scope is to collect all of the photoelectrons leaving the
photocathode and focus them on the much smaller first
dynode surface, with high efficiency and the smallest time
spread. The collection efficiency Zc is important because it
combines with the quantum efficiency Zph of the photo-
cathode to give the effective electron/photon ratio ZphZc.
The time spread Dtd of the photocathode to first dynode
flight is the most important factor affecting the speed of
response.

2.3. The Electron Multiplier

In secondary emission, a primary electron of some 100–
200 eV energy excites the crystal lattice, raising electrons
to high-energy states favorable for emission. As a result of
the relatively high energy, ionization is multiple and pro-
duces several electron-hole pairs.

For a secondary electron to be emitted, it shall have an
energy EsZEgþEA (1–2 eV) sufficient to overcome the po-
tential barrier at the surface, and a diffusion length larger
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than the depth of generation from the surface, much alike
in photoemission.

Should the primary energy E be fully used, we get a
number of Nmax¼E/(EgþEA), typically 50–100, which is
never approached because: (1) several electrons are pro-
duced with a too low energy (between Eg and EgþEA) or
little excess energy; (2) energy is wasted in quasi-elastic
scattering with the lattice. As the energy E of the primary
electron is increased, the point of generation in the mate-
rial is deeper, and when depth approaches diffusion
length, the probability of emission starts decreasing and
a maximum of the multiplication gain is found.

As a result of the random aspect of the multiplication
process, all the above pictures apply to the mean values of
quantities. For example, the gain g has the meaning of an
average number of secondary obtained at the output for
one primary electron on the dynode. The probability dis-
tribution p(n) of the number n of secondary generated by a
primary electron is found experimentally to follow the
Poisson distribution p(n)¼ gn e� g /n!, from which the
mean value /nS and variance s2¼ Dn2

� �

are /nS¼ g
and s2¼ g.

The secondary emission gain of commonly used dynode
materials is plotted in Fig. 6 as a function of primary en-
ergy (or interdynode voltage). As one can see, CsSb has a
fairly high gain at low voltages but withstands only
o801C and has a moderate current density (E200mA/
cm2). The cesiated oxides of copper-beryllium and Ag-Mg
alloys are more resistant to temperature and have a high
output current density (4100 mA/cm2). Last, cesiated gal-
lium phosphide has a NEA band structure (as in Fig. 4)
and a diffusion length of some mm (instead of E20nm of
the other materials), which combine to yield a high gain
per unit voltage and a much higher saturation level.

2.4. Common Photomultiplier Structures

In Fig. 7, (2) a few preferred structures for the PMT are
reported. With reflection photocathodes, the squirrel-cage
structure (a) is a popular choice and is still used for the

good collection efficiency and compactness. Its limitation is
the maximum number of dynodes, r10.

More difficult to assemble is the venetian-blind struc-
ture (c) that, with a large area and a good collection effi-
ciency even without an electron-optics, is fairly compact
but not the fastest. The linear-chains (d and e), also called
box-and-grid, are often preferred as a good compromise
between ease of fabrication, access to the photocathode,
good collection area, and overall size.

In all PMTs, the anode electrode is not critical and can
be simply made by a thin metal plate. In front of it, one
may place a fine grid acting as an electrostatic screen be-
tween last dynode and anode, so that the SER duration is
shortened. In addition, to avoid extra frequency cutoff
from parasitics, in fast PMTs, the anode is made part of
a coaxial-like structure ending in the output connector
matched to 50O.

2.4.1. Photocathode-Related Parameters.
2.4.1.1. Spectral Response. Spectral response is speci-

fied by the spectral sensitivity, s¼ s(l)¼ I/P, ratio of pho-
togenerated current I to incident optical power P, or by the
quantum efficiency Z¼ Z(l), ratio of emitted photoelectrons
to collected photons.

Usually, the individual s(l) of a device is not supplied
by manufacturers, and reference is made to average spec-
tral curve as Fig. 5. Sometimes, devices are supplied with
the individual luminous sensitivity sL¼ I/PL (in A/lm) for a
standard source (typically the W ribbon-lamp at 2850K).
Of course, the luminous sensitivity cannot be traced ex-
actly to s(l), but is useful as a relative scale-factor to com-
pare different devices.

2.4.1.2. Temperature Coefficient of the Spectral Sensitiv-
ity. This quantity is expressed by the relative variation
per unit temperature difference, or a¼ (1/a)ds/dT. Exper-
imentally, as is negative (typically � 0.3–0.5%/1C) except
near the photoelectric threshold, where it becomes posi-
tive and increases fast. A wavelength ls0 is then found at
which as¼ 0, and this ls0 is slightly above the wavelength
of peak response.

2.4.1.3. Dark Current. Of great importance in low-level
and counting applications of PMTs, the total dark current
is composed of several contributions: (1) dispersion cur-
rent through the insulating structure; (2) dark current of
electrodes other than the photocathode; and (3) photocath-
ode dark current. If the first two terms are properly con-
trolled and made negligible, the ultimate limit of dark
current is set by the dark photoelectrons. Their current
density is given by Richardson’s law: Jd¼ (4pem/h3) (kT)2

exp(�EW/kT), where EW is the work function.
As EWEhn near threshold lt, one can also write Jd¼

(4pem/h3)(kT)2 exp(�hc/ltkT), and this equation shows
that dark current increases with increasing threshold lt.
Therefore, in photon-counting applications, one will
choose the spectral response the least IR-extended to min-
imize Jd. Figure 8 is a plot of dark current in common
PMTs along with the theoretical values from the above
equations. As one can see from the diagram, cooling sub-
stantially reduces dark current.
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2.4.1.4. Uniformity of Response. In different portions of
the photocathode and in image tubes, the s(l) may spread
up to 75% at the peak of response, and up to 720% near
lt. Near the edge of the photocathode surface, the unifor-
mity is worse than at the center.

2.4.1.5. Linearity and Saturation. About compliance to
the ideal linear I¼sP relation, no experimental evidence
exists of appreciable linearity error (say, 40.1%) on a dy-
namic range from the dark current (pA or fA per cm2) up
to about 10mA/cm2. At large input power, photocurrent
will saturate, at E100mA/cm2, because of charge storage
effects.

2.4.1.6. Fatigue and Degradation. Photoemission is a
nondestructive process in itself, so photocathode and dy-
nodes have a potentially unlimited lifetime. However, sev-
eral factors lead to fatigue and degradations. Excessive
illumination is a source of catastrophic degradation, be-
cause power dissipation and heating of photocathode or
dynodes (even for few minutes) reactivate the diffusion
process with an irreversible alteration of the structure,

especially in cesiated types. When the tube is turned off,
excessive illumination may cause fatigue, with a sensitiv-
ity loss and a dark current increase, which, however, re-
covers in 10–100 min after returning to the dark condition.

Residual gas in the tube envelope is another important
factor of progressive degradation. Photoelectrons in tran-
sit to positive electrodes ionize the residual gas atoms,
produce positive ions that are accelerated toward the pho-
tocathode, and hit it with high kinetic energy, sufficient to
pull away clusters of atoms. This process is the same as
sputtering, or cathode evaporation. Thus, fabrication of a
PMT starts with a well-outgassed envelope ( E10�7torr).
When adequately fabricated and correctly used, photo-
cathodes may reach very respectable lifetimes, and MTTF
(mean time to failure) of 5 � 104 hours (working) and of
3 � 105 (nonworking) are currently obtained.

2.4.2. Special PMT Structures. The basic PMT structure
with photocathode, electron optics, and dynode chain de-
scribed in the previous section is by far the most common
in commercial devices. However, through the years, sev-
eral variant special types have been developed to improve
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parameters like speed of response, amplitude statistics, or
simply reduce overall size.

2.4.2.1. Miniaturized PMTs. Miniaturized PMTs are not
really different devices, but they include all ancillary cir-
cuits (bias, dc/dc converter, etc.) and have overall dimen-
sions comparable with those of a solid-state photodiode
circuit, yet with the single photon capability of a PMT.

Another class is that incorporating a MCP (microchan-
nel plate) multiplier as the substitute to the dynode chain
(Fig. 9). The microchannel is simply a hollow small (0.1-
mm diameter.) tube, with the internal walls deposited
with a secondary emitter. Electrons entering the micro-
channel make a zigzag path multiplying themselves at
each hit on the walls.

Making a plate of several microchannels put side by
side, we get a thin (E5mm) multiplier chain that, from
point to point, is equivalent to as many dynode chains.
With respect to a dynode multiplier, now the number of
hits (or equivalent stages) is not a constant, which wors-
ens the statistics considerably. However, as the outline
size is so strongly reduced, and considering that at the

increased number of primary photoelectrons the statistics
return to good values, the MCP-PMT is preferred in sev-
eral applications.

The typical structure of a MCP PMT is shown in Fig. 9.
Two or three multiplying stages are used, conjugated to
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one another by proximity focusing, and to the photocath-
ode by an eventual electron optics. Compared with a sin-
gle-high gain stage, the two-stage is preferred because it
screens better the region of high and low electron density,
preventing positive feedback from ionization of residual
gas. Ionization is a source of feedback because the positive
ions reach the multiplier input and generate new elec-
trons.

Instability then sets in for example, if the PMT gain is
108 and barely 10�8 ions/electron go back and ionize at
the input. This phenomenon is aggravated, in a glass mi-
crochannel PMT, by the tendency of MCP to release, in the
useful life, gas molecules adsorbed on its surface when
bombarded by ions. With a suitable stagger, opposite in
the adjacent stages (chevron-type, Fig. 9), ions produced in
the second stage cannot reach the input of the first. So, if
the gain per stage is kept low (for example, o104), the ion
feedback effect becomes negligible.

MCP PMTs have typical multiplication gains of 104 (1-
stage), 106 (2-stages), and 108 (3-stages). With interelec-
trode voltages of about 1000V, the SER duration is
E500ps with rise times in the range 100–200ps. A typi-
cal value of the multiplier variance is eAmc

2
¼ 5� 20, con-

siderably worse than in dynode PMTs, but which can be
tolerated when the number of detected photoelectrons is
large.

Another advantage of the MCP-PMT structure is the
electrostatic conjugation of input/output faceplate, be-
cause electrons emitted from a certain photocathode pixel
land to a corresponding pixel on the anode. Now, if the
anode is segmented into a number of elements separately
accessible from as many external electrodes, a multian-
ode-MCP-PMT, capable of high gain and mltiple readout of
the different areas of the photocathode, is obtained.

3. THE PMT RESPONSE, GAIN, AND NOISE

In this section, the main responses describing PMT are
reviewed. The treatment is statistical to assess accuracy of
the measurements performed by the PMT. The main re-
sults are reported without derivations, but the interested
reader may find exhaustive treatment in Refs. 1 and 5.
The responses to consider are:

– Integral (or charge) response. The number N of elec-
trons collected at the output, after a photoelectron
impinge on the first dynode or a photon is detected by
the photocathode, is a random variable characterized
by its mean value /NS and variance sN

2 .

The multiplication process is described by the Poisson
statistics. At the ith dynode, an individual primary elec-
tron is multiplied to m secondary electrons leaving the
dynode, and mean and variance of the random number m
are /mS¼ gi, and sm

2
¼ gi. When the packet of electrons

leaving the first dynode is tracked up to the last dynode
and the anode collects the N electrons, we get for the mean

and variance of the number N:

Nh i¼ g1g2 � � � gn;

s2N¼
X

i¼ 1;n

ðg1g2 � � �giÞðgiþ1 � � � gnÞ
2:

These expressions can be justified by simple arguments.
It is reasonable that the mean number is the product of
the mean gain at each dynode. About variance, it is the
sum of n contributions from the dynodes, of the form
(g1g2ygi)(giþ1ygn)

2. Indeed, at the ith dynode, one finds
an average of g1g2ygi� 1 electrons arriving from the pre-
ceding dynode, each being multiplied by gi and adding a
variance contribution gi. The quadratic fluctuation goes
multiplied by the squared gain incurred between (iþ 1)th
dynode and anode, or by (giþ1ygn)

2, and the above ex-
pression for sN

2 follows.
Taking all the dynode gains as equal except the first,

that is, g2¼ g3¼y¼ gn ¼ g, the equations can also be
written as:

Nh i¼ gn;

s2N ¼ Nh i2ð1=g1Þ½1þ 1=gþ 1=g2þ � � � þ 1=gn�1�

� Nh i2=½g1ð1� 1=gÞ�

¼ � Nh i2g=g1ðg� 1Þ:

The quantity:

e2A ¼ g=g1ðg� 1Þ¼ s2N= Nh i2

is relative variance of the dynode chain and is called the
variance of the multiplier. The 1/g1-dependence shows that
first dynode is the most important in determining eA

2 ,
where the others add less fluctuation, as their contribu-
tion is summarized by a factor g/(g� 1) not far from unity
[it is, for example, g/(g� 1)¼1.33 for g¼4].

As the second step, consider a light pulse on the pho-
tocathode containing F photons. Mean and variance of the
number of electrons NF collected at the anode is found (1)
as /NFS¼/ZFS /NS and the variance is
sNF2 ¼ ZF

� �

s2N þsR2 Nh i2¼ NFh i
2
ð1þ eA2 Þ= ZF

� �

Comparing with the relative variance of the F-photons
packet, (i:e:; s2F= Fh i2¼ 1= Fh i), one can see that the PMT
has a noise figure given by NF2

¼ [sNF
2 //NFS

2]/[sF
2//FS2]

¼ (1þ eA
2 )/Z

Of the two contributions to NF, one is the 1/Z factor be-
cause of the photocathode, we choose one with the maxi-
mum Z at the signal wavelength; the other 1þ eA

2

summarizes the dynode multiplication statistics adds
noise (term eA

2
¼ 0.33 for g¼ 4).

– Impulse (or current) response. For an electron im-
pinging on the first dynode at time t¼ 0, the anode
response is the time-dependent function known as
the SER (single-electron response, Fig. 2). More in
general, following an illumination F(t)of the photo-
cathode, one will get a current i(t) out the anode. As
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i(t) is a random waveform, it is characterized as the
second-order statistic by mean /i(t)S and variance
si
2(t). As i(t)¼ en(t), we may restrict ourselves to con-

sider the number of electrons n(t).

The process of interdynode flights is schematized by
means of the probability density function f(t), where dp¼
f(t)dt is the differential probability that the time of flight is
between t and tþdt. It is intuitive that the mean value
n(t)is /n(t)¼/nTS f(t), where nT is the random number of
secondary electrons, with mean and variance:/nTS¼ g,
snT
2
¼ g. Compounding the flight-and-multiplication statis-

tics on the n-dynode chain (1), one obtains for the mean
value: /i(t)S¼SER(t)¼g1g2ygnf1(t)*f2(t)*y*fn(t),
where * stands for convolution integral operation. This
expression is intuitive, as the n-stage cascade of transfer
function has an impulse response given by the convolution
of individual impulse responses, and a gain given by the
product of individual gains. The variance is (1):

sSER2 ðtÞ¼
X

i¼ 1;n

g1 . . . gi giþ 1 . . . gn
� �2

f1ðtÞ � f2ðtÞ � � � � � f iðtÞ � f iþ 1ðtÞ � � � � � fnðtÞ½ �
2:

This expression is similar to that of the integral re-
sponse, with weights decreasing with the stage number i,
each of them being scaled by the gain gi in respect to the
preceding one.

An important simplification of this equation is obtained
by the assumption of rigid SER, that is, take the generic
term in the summation as equal to the square of the mean
waveform, or f1(t)*y*fi(t)*[fiþ1(t)*y*fn(t)]

2E[f1(t)*f2(-
t)*y*f

n
(t)]2. Then, the variance becomes the nice result:

sSER2 ðtÞ � e2A SERðtÞ
� �2

:

The approximation is named rigid SER because it as-
cribes the fluctuations only to the amplitude of the SER,
neglecting shape fluctuations.

One may extend the results to the detection of a light
pulse F(t) incident on the photocatode. If F are the photons
contained in the pulse, and assume that the number of
photons is Poisson distributed, one finds:

IðtÞ
� �

¼ ZF
� �

FðtÞ�f0ðtÞ� SERðtÞ
� �

and

s2I ðtÞ �ð1þ e2AÞ ZF
� �

FðtÞ�f0ðtÞ� SERðtÞ
� �2

:

With these expressions, one can calculate the average
waveform of the output current I(t) from the PMT as the
convolution of the SER(t) response and the waveform of
illumination F(t). With a variety of methods, one can also
make the inverse calculation, the deconvolution of the
SER from the output I(t) to obtain the waveform of illu-
mination F(t) presented at the input. Interesting to note,
the accuracy of the inversion is very good for duration of
F(t) large or comparable with the SER duration Dt. One
can also go down to a fraction of Dt reaching E100ps as

the practical limit of the minimum time interval on which
a detail of the F(t) waveform can be resolved.

Fluctuations of the PMT response are characterized by
sI
2(t), which, in the rigid-SER approximation, reduces to

the convolution of F(t) and the square of the SER, multi-
plied by the scale factor (1þ eA

2 )/ZFS. This factor has to be
compared with the square of the mean /I(t)S scale factor,
(i.e.,/ZFS2) yielding for the signal-to-noise ratio (1þ eA

2 )//
ZFS, once again the same S/N ratio of the charge mea-
surement.

Last, a term fo(t) is found in mean and variance, the
time-of-flight between photocathode and first dynode. This
quantity can be neglected when F(t) is slower or compa-
rable with the SER, but not when resolution or the decon-
volution calculations is pushed to the lower limits.

– Frequency Domain Response. This response, pertain-
ing to the permanent sinusoidal regime, is described
by the mean transfer function F(o) and the noise
spectral density s. Recalling that the transfer func-
tion F(o) of a device is the Fourier transform of the
impulse response Ud(t), and that the noise power
spectrum S2(o)¼di2/do is the Fourier transform of
the autocorrelation KU(t), one can use the results of
the previous section and write the frequency re-
sponse of the multiplying chain as F(o)¼
F{SER(t)}, where F stands for Fourier transform.
In the case of a Gaussian waveform, for example, we
have F(o)¼/NSexp(�o2nst

2/2þ iont0), and the
high-frequency cutoff (3dB point) is at frequency
fT¼ 0:83=2pstHn¼ 0:13=stHn.

When one detects a mean current I¼ Iphþ Ib at the
first dynode input, in other words the sum of a signal Iph
and a dark current Ib, the noise power spectral density
S2(o) is computed as S2(o)¼ 2e (Iphþ Id) (1þ eA

2 ) |F(o)|2.
Analogously, the current from excitation of the photo-

cathode is F(o)¼F{f0*/SER(t)S}EF {/SPR(t)S}, and
for the detection of a mean light power P, the spectral
density of noise is S2(o)¼ 2e (ZeP/hnþ Id) (1þ eA

2 ) |F(o)|2.
As a remark, the PMT is close to the quantum detection

regime in its pass band for Iph0ZId, (i.e., for an input light
power larger than the breakpoint value Pi0Z (hn/Ze)Id). In
this case, the signal-to-noise ratio is (S/N)2¼ Iph / [2eB(1þ
eA
2 )]¼P/[2(hn/Z)B(1þ eA

2 )] and the noise figure is NF2
¼ (1

þ eA
2 )/Z.
The upper frequency fT of dynode-chain PMTs is usu-

ally located at a few hundreds MHz, and that of MCP-
PMTs up to a few GHz, consistent with the SER duration
Dt. This performance may look poor, in view of the tens to
hundreds GHz attained by some modern semiconductor
photodiodes [e.g., the SAM or UTC structures (1)]. How-
ever, it has to be noticed that the bandwidth limitation
comes just from the dispersion of the multiplying struc-
ture, not from the photocathode that has a response time
as short as E0.5 ps. Thus, by strongly accelerating the
emitted photoelectrons and reading the optical signal by a
nondispersion method, one is able to build an ultrafast
cousin of the PMT, the so-called streak-camera tube (1).
Invented in 1935, the streak-camera has been perfected to

10 PHOTOMULTIPLIERS



resolve details in optical waveforms down to 0.5–2ps, yet
preserving all the features specific of photocathodes, in-
cluding single-photon capability and the wide spectral re-
sponse (deep UV to near IR).

– Time Sorting and Measurements. As a result of the
fast response, PMTs are ideally suited for time-of-
flight measurements and temporal localization down
to the subnanosecond scale, with important applica-
tions in biological diagnostics, spectroscopy, and te-
lemetry. The PMT response is characterized by the
delay T between a short light pulse detected at t¼ 0
and the output anode pulse, where /TS is the mean
delay and the variance sT

2.

In principle, temporal localization is performed by a
decision circuit, which switches on at a time correlated
with the pulse waveform. In a time-of-flight measurement,
a start and a stop time-localization exit, the difference of
which is the desired time of flight.

The decision circuit is usually a Schmitt discriminator
with a switching threshold So (Fig. 10), and the sorting
signal is generated when the signal crosses So at time To.

If the amplitude fluctuation DS(t) of the signal around
its mean value /S(t)S is represented by an uncertainty
band /S(t)Sþ sS and /S(t)S� sS, the switching time will
likewise exhibit fluctuations DT with an uncertainty band
represented by Toþ sT and To� sT. With the reasonable
hypothesis of small amplitude fluctuations sS around the
mean /S(t)S, one can apply the statistical principle of the
linear regression and calculate sT as the ratio of amplitude
standard deviation sS to mean signal slope:
s2TðT0Þ¼ s2SðT0Þ=h dS=dt

�

�

�

�

t¼T0
i2.

Using the results of the previous section, one can write
the accuracy of a time measurement on an SER pulse
(dynode chain response) following single-photon detection

as:

s2T1¼ e2A SERðtÞ
� �2

=½d=dt SERðtÞ
� �

�;

and for light pulses much faster than the SER, using F(t)
¼ d(t), we get:

s2T¼ ½ð1þ e2AÞ=R� f0ðtÞ � SERðtÞ
� �� �2

= d=dt f0ðtÞ � SERðtÞ
� �� �� �2

As an example, for Gaussian-distributed time-of-flights
foy,fn, each with a variance st, using a threshold placed at
the maximum SER slope, sTd

2
¼ [(1þ eA

2 )/R](nþ 1)st
2 is ob-

tained. Thus, time resolution sTd obtained is given by the
SER time-width O(nþ 1)st and decreases as the square
root OR of the mean number of detected photons. Typical
values of the accuracy sTd are 0.3–1ns for R¼ 1, and 3–
10ps for R¼ 104.

– Correlation response. In correlation measurements,
are described the statistical properties of light fields
by the correlation function r(t) defined as:
rLðtÞ¼

R

t¼ 0�1 LðtÞLðtþ tÞdt, where L(t) is the input
light-signal power, assumed random and stationary.

Two functions are needed to compute the output corre-
lation from the input light correlation, the autocorrelation
function associated with the mean single-photon response,
/SPR(t)S¼ f0(t)*/SER(t)S:

r SPRh iðtÞ¼
Z

t¼ 0�1

SPRðtþ tÞ
� �

dt;

and the autocorrelation function associated with the fluc-
tuations:

rDSPRðtÞ¼ rDSPRðtÞþ e2A

Z

t¼ 0�1
f0ðtÞ � SERðtÞ

� �

SERðt0Þ
� �

:dt:

With these functions, one finds the compounding of cor-
relations and the PMT output as:

r1ðtÞ¼ ðZeÞ
2FrDSPRðtÞþ ðZeÞ

2F2
½1þ gðtÞ� � r SPRh iðtÞ:

Also in this case, by a simple deconvolution, one can go
down to resolve field correlation on a time scale compara-
ble with the SER duration Dtð� 2� 5nsÞ, and, using the
last expression, to a small fraction of Dt.

4. PMT PERFORMANCES

Now review the main parameters affecting PMT perfor-
mances.

About photocathodes, a wide choice of formats is avail-
able (e.g., tubes with 12, 18, 25, 38, or 50mm diameter are
standard). Special devices can reach 200 and 500mm di-
ameter with hemispherical surfaces or a hexagonal shape
suitable for side-by-side packing with little wasted area.
Special units with unusually large sizes have been fabri-
cated for nuclear physics and biology applications. Ex-

t

t

S0

discriminator output 

 

T0-σt T0+σt
T0

<S(t)>+σs(t)

<S(t)>-σs(t)

<S(t)>

Figure 10. Timing of a PMT signal by a threshold-crossing cir-
cuit with trigger at a level S0.
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cluding specific considerations, it is always better to select
the smallest photocathode area as permitted by the appli-
cation at hand, because not only size and cost are mini-
mized, but also the dark current and perhaps the time
response (2).

Number of dynodes and gain. Usually, the number of
dynodes of the multiplying chain is between 8 and 12.
Special units can have n¼ 6 (intense pulse detection) or n
¼ 14 (for VUV and in some obsolete specimens). No ad-
vantage exists in using a number of dynodes exceeding n
¼ 12, which already gives adequate gain for single-photon
detection.

Nor is it customary to go below n¼6, the minimum to
obtain a gain (gn4104) large enough to render further
amplification unnecessary and making the load-resistance
noise negligible. The typical dependence of gain G¼ gn

from supply voltage Val and number of stages n is shown in
Fig. 11 for common dynodes. The gain dependence on volt-
age is taken to advantage for an easy trimming of the PMT
gain, even on a range of a decade or more.

Best performance is obtained by the least possible num-
ber of dynodes, so that the PMTworks at the highest volt-
age Val, which makes the dynode gain gi be high and the
time dispersion sti low, improving the charge and current
responses (the factor eA

2 ) as well as the time response
(variance sT

2). A few PMTs use a GaP:Cs first dynode (Fig.
7) to get high g1 gain and thus smaller multiplier variance
eA
2
¼ g/g1(g� 1).
In addition, the SER duration and delay decrease and

benefit the speed of response; the slope dG/dVal is less, and
the need for a stabilized supply Val to obtain a stable G is
relaxed (6,7).

PMTs with microchannel plates have gains up to 107 (3-
stage) but with a large variance eA

2 ; they are useful in se-

lected applications where the limited dynamic range of
output current (100nA–1 mA) is acceptable.

SER waveform and related parameters. Parameters
used to describe the SER waveform (Fig. 2) of a fast
PMT (Fig. 12): the delay time td between excitation and
the response peak; the time duration Dt or pulse full-width
half maximum (or FWHM); the rise time tr, or the time
interval during which the pulse rises from 10% to 90% of
its peak value.
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Figure 11. The gain of the dynode chain as a function of supply
voltage for some commonly used dynode materials and number of
stages (from Ref. 1, reproduced by courtesy of Prentice-Hall).
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All these quantities have a dependence of the type t¼
k(Val/n)

� 1/2 indicating the value of choosing a low n and a
high Val. In a photon-counting application (6), the SER
peak current ip is kept in the mA range, so that the voltage
across the 50O load is hundreds of mV and the signal can
be treated directly by subsequent circuits.

Figure 12 (right) illustrates the rise and delay times of
some common PMTs with different numbers of stages, as a
function of the supply voltage. The trend Val

�1/2 is gener-
ally well matched; the range of Val spans about a decade,
with slow specimens (those with n¼ 10) that may have tr
¼ 10ns and td¼ 50ns, and the fast ones (n¼8 and 12)
with rise time tr down to 0.6–1ns (better at small n). Units
with MCPs can reach tr¼ 150–300ps.

Linearity, Dynamic Range and Saturation. Ideally, the
output current Iu is a linear function of the radiant de-
tected power P, that is, Iu¼GsP, where s is the spectral
sensitivity and G is the gain. The integral linearity error el
is defined as the relative deviation DIu of the current from
the nominal expected value Iu¼GsP, or el¼DIu/Iu.

In the PMT, el is usually very small (i.e.,o0.1%) over a
wide dynamic range (several decades), which is the error
found in the normal region of use of the device, from the
minimum level comparable with dark current Ib to the
large-signal regime.

For large signals, first an increase of el is found, then
the output signal Iu levels off, with a different behavior in
a direct current (dc) and pulsed-signal regime.

In dc, the maximum current density of dynodes is never
attained, because it leads to excessive dissipation. If
100mW/cm2 is the dissipation tolerated by a dynode be-
fore damage, for typical values of 200V and 0.5 cm2 ,one
obtain a current limit of 100 mA. It is the last dynode to
sustain the largest dissipation and would be destroyed
first, because it has the largest current in the chain.

The dynode bias voltages are commonly obtained with a
resistive divider, as in Fig. 13. Letting all the resistances
equal, the dynode current is limited to the current flowing
in the divider, Ip¼Val/(nþ 1)R. When In approaches Ip, a
linearity error el is generated. The error is positive for
small Iu because In is outgoing from the dynode, and the

voltage drop across the resistances of preceding stages in-
creases the voltage and, hence, gain. For larger signals,
the anode-to-last dynode voltage is appreciably reduced,
and the anode collection efficiency drops because of space
charge effects. Thus, el becomes negative and a saturation
of the output current is finally reached.

Typical maximum dc anode current in a PMT is in the
range of 100 to 500mA for dynode structures. When com-
pared with the dark and dispersion anode currents of 0.1–
10nA (typically), the above values indicate a dynamic
range of linearity (in direct current) of 4–5 decades.

In the pulsed regime, one can allow for much larger
peak currents without incurring excessive dissipation.

Of course, the dynode voltages cannot vary during the
pulse, which is ensured with a capacitance bypass of the
last (2–3) dynodes, those supplying the largest currents.
Small capacitors (CE1000pF typically) are placed in par-
allel to R to ensure an effective bypass up to tens of ms.

In MCP PMTs, the allowable specific dissipation in the
microchannel is smaller (E1mW/cm2) than for discrete
dynodes and the maximum dc currents are but E100nA/
cm2. As bypass capacitors cannot be used, peak current is
limited by the charge stored in the stray capacitance (typ-
ically E1nC/cm2), with a slow recovery time in the range
of ms.

Resolution in Charge and Time Measurements. This
accuracy is described by eA

2
¼ g/[g1(g� 1)], the relative

variance of the charge distribution at the anode for R¼ 1
photoelectron at the input. One can also refer to resolution
rA of amplitude measurement, defined as the full-width
half maximum (FWHM) of the charge distribution. Then,
it is rA¼ 2.36 eA/OR for a Gaussian statistics.

Dark current in a PMT, at the anode Id/a, is the sum of
three terms: Id/a¼GId/phþG0Id/dþVal /Ris, where GId/ph is
the dark current of the photocathode amplified by the gain
G, the dark currents of the dynodes is summarizes by G0Id/
d, and the last term is the leak through the insulation re-
sistance Ris.

In a well-designed structure, Ris is high enough to
make the last term negligible. Contribution Val/Ris is a
dc component and can be filtered out when one takes only
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Figure 13. Schematic of the dynode voltage divider
(top) and linearity error in dc current near satura-
tion (bottom) (from Ref. 1, reproduced with permis-
sion of Prentice-Hall).
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single SER pulses. As a result of the different charge dis-
tribution compared with the SER, the dynode contribution
is significantly reduced by validating the output pulses
through a proper window of discrimination. This han-
dling, used in single-photon counting, attains the intrin-
sic limits of photocathode dark current.

Bias circuits are for general-purpose applications,
where equal resistances are used in the dynode divider
(typically R¼ 0.1–1MO), with bypass capacitors
(CE1000pF) across the last two or three stages. This
way, the maximum gain is achieved at a given supply
voltage Val. However, if a specific performance is to be op-
timized, voltages shall be distributed differently.

To get the best amplitude and time resolution, R1 is set
2 to 5 times R, so that both eA

2 and st0
2 are minimized. Dy-

namic range, linearity, and saturation are improved, in
both dc and pulsed regimes, increasing the final two re-
sistors to 3–6 times R.

A negative voltage applied to the photocathode is pre-
ferred to a positive applied to the anode. In this way, the
output signal is referred to ground (and not to the high-
voltage Val), and dc decoupling is no longer needed.

In all PMTs, a magnetic screen is commonly used, made
of soft ferromagnetic material with high permeability mr
(e.g., mumetal, permalloy) in the form of a tube to be
slipped on the envelope. This item is usually supplied by
the manufacturer and has the exact size for each device.
For high static (dc) magnetic fields, a loss of gain is in-
curred because electron paths are deflected and the next
electrode experienced a collection loss. In ac, the same ef-
fect shows up as a modulation of the output current. The
typical susceptivity for a unshielded PMT is 2–10%/gauss
for axial fields and, 10–50%/gauss for transversal fields.
Special units designed for immunity to high fields are
available with a 102 reduction of the above figures.

5. APPLICATIONS OF PMTS

In this section, the common applications of PMTs to in-
strumentation and related measurement areas, are re-
viewed and some examples of design and the performance
obtained are illustrated.

5.1. Detection of Weak Signals with Moderate Bandwidth

In the detection of weak signals in dc or with low-fre-
quency content, the PMT offers good performance of sen-
sitivity and wide spectral range (extended to the extreme
UV) together with a small dark current and large sensi-
tive area.

Tubes with n¼ 6–9 stages are commonly used, and the
load resistance Rc is kept as high as possible compatible
with the stray capacitance Ca of anode and output wiring
to ground, and with the desired bandwidth B: Rc¼ 1/
[2pCaB]. For example, with Ca¼ 10pFand B¼ 100kHz, Rc

¼ 160kO. In this way, the delta-impulse response is a
negative exponential with time constant t¼RcCa (¼1.6 ms
in our case). The output signal is given by Va¼Rc Ia¼Rc

sG P, where P is the detected radiant power and s is the
spectral sensitivity. Establishing a limit of anode dc cur-

rent at Iamax¼ 1mA, the maximum output signal is Va¼

RcIamax¼ 160mV.

5.2. Measurement of Fast Waveforms

The PMT is the best-suited device for the detection of fast
(ns range) optical signals, as it offers both a high gain G
and a large bandwidth B, and a quantum-limited perfor-
mance at weak signals. The gain-bandwidth product GB of
the PMT surpasses by several decades that of other types
of photodetectors, and offers a low-noise figure. These fea-
tures make the PMT ideal in the spectral range of re-
sponse even with small quantum efficiencies, in several
applications of physics, biology, and engineering (7).

To ensure an adequate output signal amplitude Va¼

RcsGP in subsequent circuit handling (for example, be at
least E100mV), one needs a larger gain G¼ gn, obtained
either with more dynodes or with larger inter dynode volt-
ages.

The best speed of response is obtained with the gain G
given by the smallest number n of dynodes, fed at the
largest allowed voltage. With a G¼ 108 gain, an optical
mean power P¼ 1 pW provides a photoelectron rate sP/e
¼ 3.105 s� 1 (at l¼ 550nm), and each photoelectron is de-
tected as a pulse of peak amplitude Ge/td¼ 5mA (having
taken Dt¼ 3ns).

If the waveform is pulsed and contains R electrons in
the SER duration, with a saturation level at a peak of Is¼
100mA, a dynamic range R¼ IsDt/Ge¼ 20 is obtained. For
even stronger pulses, one may reduce G accordingly (at
fixed Is), for example, with R¼ 2000 photoelectrons, a gain
G¼ 106 will suffice (which requires n¼ 8 dynodes), etc.

5.3. Time Measurements

The time accuracy sT
2 primarily depends on the response

times associated with SER and f0 and scales as the square-
root number of detected photoelectrons. Requirements for
output structure, gain, and number of dynodes are those
for fast waveforms. In addition, it is useful to reduce the
dispersion st0 and keep a high-gain g1, with a higher volt-
age at the first dynode.

In a typical fast PMTwith Dt¼ 3ns and n¼ 12, one can
have st0¼ 0.4 ns for the dispersion of the first dynode and
sti¼ 0.9ns for those from other dynodes. Then, assuming
g1¼ 6 and g¼ 4, sT¼ {st0

2
þ [g/(g� 1)g1]sti

2 }1/2¼ {0.16þ
0.18}1/2¼ 0.58ns is the intrinsic limit in a time measure-
ment with a single photoelectron (1,5–7). This figure is
typical of what can be obtained with a CFT (constant frac-
tion timing) commercial circuit, while for a fixed-threshold
timing accuracy it would be sT¼ {st0

2
þn[g/(g�1) g1]sti

2 }1/2

¼ 1.52ns.
For pulses F(t) faster than the SER, this figure scales

down as OR with an increase in the number of photoelec-
trons per pulse R, going down easily to the limits of res-
olution allowed by fast electronic circuits (E10ps), even
for relatively weak optical pulses with, for example R¼
103. For slow pulses, the intrinsic limit to accuracy sT is
determined by the characteristic time tF associated with
the waveform F(t), still with the dependence tF/OR for the
number of photoelectrons per pulse R.
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5.4. Photocounting Techniques

In photocounting (3,6), SER pulses coming from the pho-
tocathode are descriminated from all other pulses (from
dynodes) and because of spurious actions (i.e., ion bom-
bardment and radiation contaminants in the envelope-like
40K of glass).

By eliminating all these pulses, the residual counting
rate achieves the very low level inherent in the dark emis-
sion. A simple method, currently used for discrimination,
is that of measuring the total charge Q at the anode, and
accept only those events that have the charge Q falling
between two thresholds Q1 and Q2 properly selected.

A circuit to implement the photocounting technique is
shown in Fig. 14. The anode output is passed on to the
counter through a linear gate, enabled by the result of
charge amplitude discrimination. Charge discrimination
is best performed on the last dynode current pulse, made
available by deriving a small resistance in series to the
dynode. The dynode pulse is well correlated to the anode-
pulse charge (by a factor � 1þ1/gn) and, additionally, it
leads the anode pulse by the time-of-flight tn (a few ns).
Thus, the integrate-and-dump amplifier has a time tn
available to supply the result of discrimination at the en-
able input E before the anode pulse arrives at the linear
gate input. If tn does not suffice, an additional delay tr will
be added by means of a delay line.

After the linear gate, a shaper is used to shorten the
pulse as much as possible to avoid pile-up of successive
pulses, before going to the counter. A last function per-

formed (not shown in Fig. 14) is that of dumping the in-
tegrator after a time Trec from each pulse, to recover the
zero level for the next pulse to be discriminated.

Requirements for PMTs in a photocounting regime are:
a SER amplitude in the mA range (to get E100mV in cir-
cuits), requiring GE107–108 and therefore nE12 dynodes;
a high first dynode gain to get a good discrimination effi-
ciency; and a voltage divider adequate to have a short Dt of
SER.

The recovery time Trec of the integrator determines the
maximum photon rate acquired for the photocounting as F
¼ 1/Trec, hence a dynamic range (in power) P¼e/Trecs
(with s¼ 20mA/W and Trec¼ 10ns, it is P¼ 0.8 nW). The
sensitivity performance for weak signals is then deter-
mined by the dark current Id of the photocathode, which
can go down to fA or aA at ambient temperature depend-
ing on the threshold of the material.

The sensitivity of the photocounting technique can be
now evaluated (1). The total counting N¼NsþNd, given
by the sum of signal and dark currents, has a mean value
/NS¼/NsSþ/NdS¼ Z.Zp FTþ (ZdId /e)T, where Z is
photocathode quantum efficiency, and Zp,Zd are the count-
ing discrimination efficiencies of photon and dark pulses.
Both contributions are distributed according to Poisson
statistics and, therefore, the variance is sN

2
¼/NsSþ/

NdS. For Id¼ 0 and ZZp¼ 1, the signal-to-noise ratio in-
trinsic to input signal electrons is (S/N)2i ¼/NS2/sN

2
¼/

NsS, whereas with a finite dark current, (S/N)2¼/NsS
2 /

[/NsSþ/NdS] is obtained.
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With dark counting rates Id/e of a few electrons/cm2 s,
the minimum measurable radiant power is P¼Fhn/
Z.ZpE10� 18W (at Z.Zp¼0.1, near the peak of photocath-
ode response). This performance is unsurpassed by other
photodetectors.

A refinement is to subtract dark counting Nd with a
second measurement performed with Ns¼ 0 (no light in)
and lasting as above, a time T. Subtracting the dark gives
as a result DN¼/N1S�/N2S¼/NsSþ/NdS�/NdS
¼/NsS. For the variance of DN, recall that for a differ-
ence it is the sum of variances, so that sDN

2
¼/NsSþ2/

NdS and (S/N)2¼/NsS
2/ [/NsSþ 2/NdS].

Figure 14 (bottom) illustrates the typical outcome of a
photocounting measurement, plotting the signal plus dark
and the dark alone. Both graphs increase with time T, but
the randomness makes their difference surely positive
only after a certain time; in the figure, condition /
NsS4sDN is reached at the right end of the diagram.

The minimum signal detectable in photocounting with
dark subtraction is obtained by setting the condition S/N
¼ 1, thus /NsS

2
¼/NsSþ 2/NdS.When the signal trying

to be recovered is weaker than the dark, that is
Nsh i{2 Ndh i, /NsSmin¼O[2/NdS]¼O(2ZdId T/e) is ob-
tained.

As /NsS¼ ZZp FT, it corresponds to a minimum de-
tectable photon rate Fmin given by:

Fmin¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ð2ZdI=eTÞ
p

=ZZp;

from which one can see that Fmin improves as the in-
verse square root of integration (or counting) time T. Let-
ting all Zs¼ 1, Fmin becomes the geometrical mean O(Id/
e).(2/T) of the dark pulse rate Id /e and of 2/T (i.e., two
counts in the integration time T).

Typically, the minimum detectable rate is evaluated as
Fmin¼O(2 �0.7 � 1/T)/0.35 � 0.7¼ 4.83/OT photon/s. For an
8h integration period, it would yield 4.83/O28800¼ 0.028
photon/s or also Pmin¼hnFmin¼ 1.3 � 10–20W, which is the
power collected from a m¼ 28th magnitude star with a
1m2 telescope aperture.

About photocounting, it is sometimes claimed that the
sPAD (single-photon avalanche photodiode) has the same
capability of PMTs in detecting and counting single pho-
tons. The SPAD is an avalanche photodiode (1) based on a
pin structure fabricated in a suitable (EgEhn) semicon-
ductor. It is biased a little bit beyond the infinite-gain
voltage of the linear-regime avalanche multiplication (1).
The SPAD can indeed detect single photons, but only in a
Geiger-counter mode, that is, with a long dead-time fol-
lowing each detected event and no capability of linear re-
sponse. In fact, the response to, say, R¼ 10 simultaneous
photons is the same as for R¼1 photon, whereas in PMTs,
it is ten times as large. The SPAD also has a limited spec-
tral range, difficult to be extended into the UV, and a very
minute sensitive area, a tiny fraction of mm2 compared
with cm2 of the smallest PMT.

5.5. Nuclear Radiation Spectrometry

In the context of nuclear physics, PMTs are widely used in
a number of measurements, such as energy spectrum of

radiation, particle identification, time of flight, and coin-
cidence detectors. When the PMT is optically coupled to a
scintillator, the combination is called a scintillation detec-
tor (5).

The scintillator is a sort of converter that, when excited
by energetic radiation (g-rays, fast electrons, neutrons,
etc.), generates a fast light pulse containing a number of
photons R proportional to the energy Egof the absorbed
quantum, i.e., R¼ kEg, with k being a conversion factor of
the material (typically kE1 photoelectron/keV).

Common scintillators are crystals like NaI:Tl (thal-
lium-activated sodium iodide), CsI:Tl, BiGeO (bismuth
germanate), or organic and polymeric compounds known
as anthracene, stilbene, etc. Scintillators’ emission spec-
trum is centered in the interval of 400–550nm to match
the common photocathode response (particularly, S-11 and
S-20), and their impulse response waveform has a nearly
exponential decay, with time constants ranging from a few
ns (organic) to 100ns (crystals) (1,5).

The scintillator base is placed in optical contact on the
input window of the PMT, while its walls are treated with
white paint (TiO2), to help rediffuse photons toward the
PMT. From the measurement of the total charge Q¼ ZeGR
of the anode pulse, one goes back to the energy of the de-
tected quantum as Eg¼Q/kZeG. Using the integral re-
sponse accuracy, the charge S/N ratio sQ/Q¼O[(1þ eA

2 )/R]
coincides with the S/N ratio of the energy sE/Eg, hence an
energy resolution sE¼EgO[(1þ eA

2 )/R]¼O[(1þ eA
2 )/k]. For

example, the 1.46MeV peak of 40K is resolved by NaI:Tl
with sEE40keV. In this measurement, it is the low value
of k that sets the resolution, whereas the factor eA

2 , the
noise added by the PMT, is small.

Energy spectrometry measurements (7) are carried out
with the setup reported in Fig. 15. By integration of the
anode current in a charge amplifier, one first gets a qua-
sistep waveform whose amplitude is proportional to the
charge. The integrated pulse is passed to a pulse-shaping
circuit, to limit pulse width and maximize the pulse ac-
ceptance rate without superposition of waveforms.

Finally, the signal is sent to a multichannel analyzer
(MCA), an instrument that classifies the pulses according
to their peak amplitude, stores the event in the memory,
and displays the resulting distribution.

5.6. Dating with Radionuclides

Energy spectrometry has an application in dating with
radionuclides, especially with carbon, which is based on
the decay of 14C, a radioisotope that is produced in the
atmosphere by reaction of nitrogen with slow neutrons
and secondary components of cosmic rays and is present in
atmospheric carbon dioxide with a concentration confi-
dently assumed constant through the last million years.

Dating consists of measuring the content of the isotope
14C in organic substances, where it has been initially ab-
sorbed from atmosphere during their lifetime, and since
then has decayed with a half-life of T1/2¼ 5700 years with
the emission of 160keV electrons.

The measurement is performed by looking at the rate of
detection of 160 keV electrons from the specimen, which is
proportional to the residual content of 14C in it.
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With an energy spectrometry as in Fig. 1–15, one can
distinguish such electrons from the background of radia-
tion (which has a different energy distribution), and re-
solve concentrations down to cE10� 3 of the initial value
c0. As concentration decays according to the simple ex-
pression c/c0¼ 2�T/To, for the age T: T¼T1/2 log2 (c0/c) is
obtained, with a practical limit in dating to about 40,000
years.

Also, other radionuclides, such as 87Rb, 232Th, 235U, and
40K, are currently used to cover much larger time spans
(up to 106–109 years) for use with inorganic samples where
14C is absent, again with the same method and measure-
ment setup.
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1. INTRODUCTION

Photovoltaic (PV) cells convert light directly to electricity.
The most common source of light on earth is the sun. The
photosphere, or the external region of the sun, emits ra-
diation closely approaching that of a thermodynamic
‘‘black-body’’ or perfect radiator at a temperature of
6000 K, with a spectral distribution governed by Planck’s
radiation law, as shown in Fig. 1 (1). The radiant power
per unit area perpendicular to the direction of the sun
outside the earth’s atmosphere is essentially constant and
is known as the solar constant or air-mass zero (AM0) ra-
diation, which has the value of 1.367 kW/m2. The AM0
spectrum, plotted in Fig. 1, is used for determining the
performance of photovoltaic cells in space. Sunlight is at-
tenuated by at least 30% while passing through the earth’s
atmosphere because of scattering of light by molecules,
aerosols, and dust particles, as well as absorption by gases
such as oxygen, ozone, water vapor, and carbon dioxide. In
addition, sunlight passes through more or less of the at-
mosphere depending on the time of day, with the most di-
rect path being when the sun is directly overhead, defined
as air-mass one (AM1). Hence, terrestrial sunlight varies
in both intensity and spectral composition. To allow a
meaningful comparison between the performance of solar
cells at different locations, a terrestrial standard has been
defined that corresponds to the sun being 481 off overhead,
known as AM1.5. This spectrum is also plotted in Fig. 1,

and the total power density is assumed to be 1 kW/m2,
which is close to the actual value received at the earth’s
surface.

At current consumption rates, all of the world’s readily-
exploitable fossil-fuel reserves are expected to be depleted
within the next 50 (gas) to 200 (coal) years. In order to put
into perspective the amount of energy that is constantly
being radiated by the sun, the amount of solar energy that
strikes earth in a period of a few days is greater than the
amount of fuel burnt over the entire course of the human
history (2). With regard to the required land area, it has
been estimated that PV cells with a sunlight-to-electricity
conversion efficiency of Z¼15% would need to cover just
0.25% of the global pastoral area to meet all of the world’s
primary energy requirements (3). Although these simplis-
tic statements may sound like a gross oversimplification of
the impending energy crisis facing humankind, it encour-
ages one to think about ways in which this energy could be
effectively harnessed in order to satisfy our ever-increas-
ing demand for energy. The major barrier that prevents
electricity generated from photovoltaics competing with
fossil-fuel-fired power stations is cost, and cost reductions
of about an order of magnitude are required before pho-
tovoltaics is expected to be able to compete head-to-head
with conventional forms of electricity generation. The cost
of solar cells are decreasing markedly with increased pro-
duction, as shown in Fig. 2 (4), which can be attributed to
both economies of scale and new, lower-cost photovoltaic
technologies (2), with today’s photovoltaic devices costing
about US$3.50 per peak-watt (Wp). The peak-watt rating
is for a cell or module that produces 1 W electrical output
at standard test conditions (1000 W/m2 of the global
AM1.5 spectrum at 251C). If the current trends continue,
an order of magnitude reduction in price over year 2000
levels in PV cells (all measured in 1998 US$) could be ex-
pected to occur by the time the accumulated shipments
reach 109 MWp, in about the year 2020 (see Fig. 2). As-
suming a continuation of the same trend, prices that are
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competitive with today’s fossil-fuel-fired power stations
could be reached by the year 2038.

For the last 7 years, the PV industry has experienced a
period of unprecedented growth, at an average annual
rate of about 35%, and this growth is expected to increase
at least until 2010. This result is plotted in Fig. 3, where
the data is broken down into the leading production re-
gions. The top ten manufacturers accounted for 81% of
global production in 2003, with Sharp (Japan) producing
26% of all PV cells and nearly three times the production
capacity of its next largest rival, Kyocera (Japan), followed
by BP Solar (worldwide).

The discovery of the PV effect is often attributed to Be-
cquerel in 1839; however, the photocurrent that Becquerel
observed by illuminating silver chloride- or silver bro-
mide-coated platinum electrodes in an aqueous solution is
more accurately described as a photoelectrochemical effect
(3). The observation of photoconductivity in solid sele-
nium, in 1873, lead to the discovery of the PV effect in that
material, in 1877, and the realization of the first practical
PV cell, consisting of a thin selenium layer on an iron
baseplate with a semitransparent top gold contact, was
achieved by Fritts in 1883 (1,3). Selenium photodetectors
were commercialized in Germany in the 1930s and are
still in use today as a photographic light meter.

The conversion efficiency of these metal-semiconductor
devices was well below 1% because of the large dark cur-
rents. A semiconductor-semiconductor device offered bet-
ter properties in this regard, and, in 1941, Russell Ohl of
Bell Telephone Laboratories formed the first p-n junction
in a silicon crystal. Further work over the years by Bell
researchers led to the first diffused p-n junction PV cell in
1954, which had an efficiency of about 4.5% (3). Within 18
months, conversion efficiencies of 10% had been demon-
strated, and by 1958 solar cells had established their first
market—aboard the Vanguard I spacecraft. Since this
time, silicon has formed the backbone of the PV industry,
and the efficiency increase of silicon solar cells over time is
shown in Fig. 4, up to the present record of nearly 25% (5).

In general, PV cells can be classified into three ‘‘gener-
ations.’’ The first-generation technology of cells are based
on silicon wafers, which are thick enough to be self-sup-
porting, typically about 300 mm thick. Production of these
single-crystal and multicrystalline wafer technologies
comprise nearly 94% of the current PV market. These
PV cells typically have an efficiency of 13–16%. The pri-
mary limitation of first-generation technologies is their
cost, which is dominated by the cost of the high-purity
silicon wafer.

The second generation represents thin-film technolo-
gies, which aims for lower cost at the expense of efficiency
by using thin layers of semiconducting material (6). As the
active layer is only a few microns thick, a rigid substrate
or transparent superstrate is required for mechanical sup-
port. The thin films are deposited rapidly over large areas
of the sub/superstrate and are subsequently patterned to
form multiple cells. Hence, no soldering is required to con-
nect the individual cells and the basic production unit is
rather the module. The four most important thin-film
technologies are amorphous silicon, polycrystalline sili-
con, cadmium telluride, and copper indium diselenide,
with current production efficiencies ranging from 4% to
10%. Although thin-film cells have been expected to over-
take the first-generation cells’ dominance for decades, it
has not yet occurred for a variety of reasons.

Third-generation approaches eventually intend to
achieve both high efficiency and low cost (7). One exam-
ple of a third-generation PV cell that is already commer-
cially produced is the tandem cell. Two types of tandem
cells exist; however, the first, a thin-film technology based
on layers of amorphous silicon and microcrystalline silicon
or amorphous silicon and germanium is a low-cost and
low-efficiency device, whereas the second, made from ele-
ments of groups III and V of the periodic table (known
simply as III–V cells), achieves ultra-high efficiency, but at
a premium.
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2. PHOTOVOLTAIC CELL OPERATION

PV cells can be regarded as a large-area, illuminated
semiconductor diode. They use semiconducting materials
to, first, absorb light and to generate free-charge carriers
within the material. Second, a junction in the semicon-
ductor separates the negative- and positive-charge carri-
ers, producing a unidirectional electrical current through
the two contacts that have a voltage difference between
them. As shown in Fig. 5 (4), the separation of charge is
usually performed by a p-n junction, where regions of ma-
terial that have been ‘‘doped’’ with different impurities to
create an excess of free electrons in n-type regions and
shortage of free electrons in p-type regions, which estab-
lishes a region at the interface that has a built-in electro-
static field, sweeping electrons one way and holes the
other. The junction is typically located at about 0.5mm
from the front surface.

The main processes of solar cell operation are shown in
Fig. 5. The sun’s photons (quanta of light) strike the front
surface of the solar cell. As a polished silicon wafer reflects
at least 30% of photons, the front surface reflection must
first be reduced to allow efficient absorption, which is per-
formed by, first, using an antireflection coating made of
transparent dielectric materials and, second, roughening
or texturing the front surface. High-energy (ultraviolet or
blue) photons are absorbed strongly near the front surface
of the PV cell, but as the photon energy decreases toward
the infrared, these photons are more weakly absorbed and
penetrate deeper into the device. The absorption of a pho-
ton results in an electron in the valence band of the semi-
conductor being excited up to the conduction band, leaving
behind a positively charged vacancy or ‘‘hole.’’ In some
materials, known as direct bandgap semiconductors, the
absorption involves just the photon and the created car-
rier pair; however, in indirect bandgap semiconductors,
the process also requires one or more phonons (quanta of
crystal atomic vibration) to take part. Indirect bandgap
semiconductors, such as silicon (Si), exhibit weaker ab-
sorption because of the required presence of this third
‘‘particle’’ for carrier generation, whereas gallium ars-
enide (GaAs) is a common example of a direct bandgap
semiconductor.

Once created, the free electrons and holes are mobile
and they will move because of two mechanisms: electric
field (‘‘drift’’) or diffusion to regions of lower carrier con-
centration. The flow of minority carriers (electrons in p-
type material and holes in n-type) principally determines
the performance of the majority of PV cells. The minority
carriers from electron-hole pairs generated near the junc-
tion are swept across it by the strong electric field there.
As each crosses the junction to become a majority carrier,
a contribution to the cell’s output current is made. Minor-
ity carriers that are generated far away from the junction
can be transported to the junction by diffusion, as a lower
minority carrier concentration exists near the junction
because of the field action there. However, until a minority
carrier is collected across the junction, the possibility of it
recombining with a surrounding majority carrier always
exists. Recombination can be either radiative, which is the
inverse of the optical generation process that produced the
electron-hole pair and energy is lost in the production of a
new photon, or nonradiative, where energy is dissipated
as heat in the cell. Nonradiative recombination mecha-
nisms dominate in silicon solar cells, with crystal defects,
unwanted impurities, and the abrupt termination of the
crystal structure at the surfaces, all serving as strong
nonradiative recombination sites.

Metal contacts at the front and rear of the device allow
physical connection of the PV cell to an electrical load and
the photogenerated current to flow. The front contact is
normally in the form of a fine metallic grid to minimize the
fraction of the front surface area that is shaded, prevent-
ing light from passing through into the semiconductor.
The rear side of the device is typically covered with the
second metal contact. The light-generated current flows in
what is normally regarded as the reverse direction in di-
ode theory, where electrons flow out of the cell into the
circuit from the n-type contact and back into the cell
through the p-type contact, although the voltage across
the cell is in the forward bias direction (i.e., positive at the
p-type contact). The light-generated current is roughly in-
dependent of the voltage across the device. The normal
diode current, often referred to as a dark current, may be
thought of as simultaneously flowing in the opposite di-
rection to the light-generated current. The dark current
(solid line in Fig. 6) (4) increases strongly with the voltage,
and at the open-circuit voltage (Voc) it completely cancels
the light-generated current. Thus, a typical current-volt-
age characteristic for a PV cell appears as a dashed line in
Fig. 6. The (forward) dark current is added to the (reverse)
light-generated current (IL) to make the resultant current
negative for a range of positive voltages. In this quadrant,
the cell can generate power. The power curve (not shown)
is zero at both zero volts and Voc, with maximum power
being produced near the ‘‘knee’’ of the current-voltage
curve. Ideally, electrical loads connected to the solar cell
should be chosen to keep the operating point close to the
optimum knee point during normal operation.

Figure 5. Operation of a p-n junction solar cell (4).
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3. FIRST-GENERATION PV

The first-generation PV technology is based on thick sil-
icon wafers. silicon enjoys several advantages as a PV
material. First, it is nontoxic and the second most abun-
dant element in the earth’s crust. Second, its native oxide,
silicon dioxide, can electronically passivate the surfaces of
a wafer to reduce the level of recombination at the termi-
nated crystal planes. Third, silicon solar cell research has
benefited greatly from the vast amount of research carried
out by the microelectronics industry and, until recently,
off-specification silicon rejected by the electronics industry
supplied most of the feedstock for the PV industry. Finally,
useful wet chemical etches are available that enable
monocrystalline silicon to be textured, exposing pyramids
on the surface. This roughened surface gives photons two
chances to strike the semiconductor surface and be ab-
sorbed, which is important, because without texturing, the
high refractive index of silicon would result in more than
30% of the light being reflected away from the front sur-
face. Texturing also redirects photons into oblique paths
within the cell, giving longer paths for the infrared pho-
tons that are weakly absorbed in silicon and provides more
opportunity for absorption via light trapping. silicon wa-
fer-based technologies have dominated the PV industry
since 1954 and continues to do so today. Four common
types of silicon are monocrystalline and multicrystalline
wafers, as well as amorphous and polycrystalline thin
films. Wafer-based technologies comprised nearly 94% of
all solar cells manufactured in 2003, whereas amorphous
silicon had the greatest production capacity for thin-film
devices.

3.1. Monocrystalline Silicon

Large (up to 300-mm diameter) cylindrical ingots of ex-
tremely pure single-crystal silicon are grown from molten
silicon by the Czochralski technique (1). The entire ingot
is doped, usually p-type with boron, during the melt phase
and is sawn into circular wafers of 300 mm thickness, from
which solar cells are made. By far, the most common PV
technology produced on both monocrystalline and multi-

crystalline silicon is the screen-printed solar cell (as
shown in Fig. 7) (4), which is produced by many different
manufacturers. The basic cell fabrication process is as fol-
lows (8): (1) texturing the surfaces to reduce reflection
losses and increase the light trapping within the wafer; (2)
a heavily doped (nþ þ -type) emitter is diffused into the
surface of the p-type wafer using a phosphorus source to
form the p-n junction; (3) an antireflection coating is de-
posited on the front surface; (4) metal contacts on the front
and rear are formed by the screen printing of a metallic
paste; and (5) finally, the contacts are fired briefly to en-
sure good electrical contact to the silicon. The paste and
firing regimes are designed such that they can be ‘‘fired-
through’’ the thin antireflection coating layer.

Screen-printed PV cells are typically 125 � 125 mm to
150 � 150 mm in size and exhibit conversion efficiencies of
13–16% under standard testing conditions (AM1.5, 251C),
producing just over 2 Wp at a voltage of about 0.6 V. In or-
der to produce useful voltages and currents, 36 or 72 of
these cells are soldered together in series and encapsu-
lated under a sheet of glass to form weatherproof solar
modules that produce about 75 W or 150 W, respectively. In
addition, the module protects the fragile silicon wafers
from environmental and physical damage. The series in-
terconnection of the solar cells dictates that the current
through each device in the circuit must be the same, which
becomes a problem when a fraction of the module becomes
shaded and the electrical output decreases significantly,
and, as a result, ‘‘bypass diodes’’ are included in the circuit
to allow circuit to flow around the shaded PV cells and to
prevent them from any damage caused by overheating. In
normal outdoor operating conditions, a PV module typi-
cally operates at about 601C, and, at these temperatures,
the conversion efficiency is reduced by a temperature co-
efficient in the range � 0.4%/1C to �0.5%/1C.

3.1.1. Buried Contact and Point Contact cells. The bur-
ied-contact solar cell, shown in Fig. 8 (4), was developed in
the mid-1980s at the University of New South Wales and
offered several advantages over the screen-printed tech-
nology (9). The primary difference is that the contacts on
the front surface are plated into heavily doped (nþ þ -type)
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maximum
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Figure 6. Typical current-voltage (I-V) characteristic for a pho-
tovoltaic cell (4).

Figure 7. Schematic diagram of a screen-printed solar cell fab-
ricated on a textured monocrystalline silicon wafer (4).
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grooves that are formed by laser or mechanical scribing,
which permits lower metallic shading of the surface, and
the lower number of impurities required in the emitter
results in a better response to short wavelength light. This
technology is manufactured by BP Solar in Spain and is
more popular for applications that require a higher power
density.

SunPower Corporation (USA) produce point-contact sil-
icon cells, which have the n- and p-type contacts located on
the rear, leaving the front surface totally unshaded. This
technology was originally developed for operating under
highly concentrated sunlight with a conversion efficiency
of 26.8%; however, a one-sun version of this solar cell, the
A-300, which has an efficiency of 21.5%, is being ramped
up to production scale (10). SunPower anticipates that
once the A-300 cell is incorporated into modules, the effi-
ciency will remain above 20%.

3.1.2. Heterojunction with Intrinsic Thin-Layer (HIT). -
Sanyo’s novel HIT (heterojunction with intrinsic thin-
layer) cell (11), shown schematically in Fig. 9 (4), com-
bines wafer-based and amorphous silicon technologies
(amorphous silicon is discussed in more detail below).
Thin films of intrinsic (i-type) and doped amorphous sili-
con are deposited onto both sides of n-type monocrystal-
line silicon wafers, and an electric field is established
across the p-i-n region, forming a heterojunction. The
role of the i-type amorphous layers is to reduce recombi-
nation at the surfaces. Electrical contact to the highly
doped n- and p-type films is achieved via metal electrodes
and a transparent conducting oxide (TCO) layer. Although
the TCO and doped amorphous layers exhibit some para-
sitic absorption that does not result in a photogenerated
current, it is largely compensated by the excellent passi-
vation of the crystalline silicon by the amorphous. A fur-
ther advantage of the HIT cell is that its negative
temperature coefficient (� 0.33%/1C) is smaller than
most other silicon solar cells. Although large-area labora-
tory cells have exhibited an efficiency of 21%, Sanyo has

recently begun shipping HIT modules that have conver-
sion efficiencies of greater than 16%.

3.2. Cast Multicrystalline Silicon

Multicrystalline silicon has been developed specifically for
solar cell production—a departure from the reliance of the
PV industry on the microelectronics industry. Cast wafers
produced by cooling molten silicon in a crucible and are
cheaper, less energy-intensive, with the added advantage
that they are square and can be packed together more
closely in modules, leaving less unproductive space be-
tween. However, as the name implies, the material con-
sists of many randomly oriented silicon crystals (called
grains), which results in lower quality material because of
the poor electronic properties of boundaries between the
grains, and a greatly reduced effectiveness of the standard
wet chemical etch used to texture silicon. For this reason,
an antireflection coating such as silicon nitride that is also
able to afford passivation to surface and bulk recombina-
tion sites is important. The screen-printed technology has
adapted well to multicrystalline silicon wafers achieving
cell conversion efficiencies up to 15%, and, in 2003, this
product comprised 56.3% of global PV cell production.

3.2.1. Ribbon and Sheet Silicon. Several different tech-
niques are used to avoid the wasteful sawing process and
to directly produce silicon sheets of thickness suitable for
PV cell production. Edge-defined film growth (EFG) cells
and modules are produced by RWE Schott Solar (Ger-
many). A large, hollow nonagon of silicon is drawn
through a graphite dye, and wafers are cut from each
side. The material is multicrystalline with large, elon-
gated grains and the resulting cells have efficiencies of 13–
15%. Evergreen Solar (USA) grow cell material by a so-
called string ribbon process, whereby molten silicon forms
a film between two carbon strings as they are withdrawn
from the crucible, achieving similar efficiencies. Ribbon or
sheet crystalline silicon cells accounted for 4.3% of world
production in 2003, continuing a decreasing trend over the
previous two years.

3.2.2. Other Notable Silicon Technologies. Several ap-
proaches have been developed to grow crystalline silicon

Figure 8. Schematic diagram of a buried-contact solar cell, in-
dicating the reduced metal shading area and lightly doped emit-
ter that led to reduced losses and enhanced conversion efficiencies
(4).

Figure 9. Structure of the Sanyo HIT cell (4).
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films on substrates from which they are detached and the
substrates reused. As the silicon wafer comprises more
than half the cost of a completed module, these methods
are aimed at dramatically reducing silicon usage. Al-
though none of these technologies are in production, the
Sliver cell concept developed at the Australian National
University, in conjunction with Origin Energy, is entering
the pilot production stage (12). In this technology, about
1000 ‘‘slivers’’ of silicon are formed by micromachining
narrow grooves through each 1-mm thick silicon wafer,
resulting in long thin (less than 70 mm) strips that can be
fabricated in efficient solar cells (up to 17.5%) and modules
(currently at about 12% with selected material). The small
size of these cells may make them suitable for some bio-
medical applications.

Spheral cells are currently being developed by Spheral
Solar Power (Canada), in partnership with Photowatt
(France), and by Kyosemi Corp. (Japan). Small silicon
spheres, each a tiny cell of 0.5–2 mm in diameter, are in-
terconnected in sheets, which results in a flexible and
lightweight cell structure that uses significantly less sil-
icon than conventional wafer cells.

4. SECOND-GENERATION PV

The focus of thin-film (second-generation) technologies is
to achieve a much lower cost per unit area than silicon
wafer technologies, however, at a lower efficiency. The four
dominant technologies are based on the following thin-
film materials: amorphous silicon, microcrystalline and
polycrystalline silicon, cadmium telluride, and copper in-
dium diselenide. Most of these films exhibit a direct band-
gap and, therefore, a higher absorption coefficient than
silicon, requiring a much thinner layer of active material.

4.1. Amorphous and Microcrystalline Silicon Cells

No periodic arrangement of the silicon atoms exists in
amorphous silicon (a-Si) and many atoms have bonds that
are unsatisfied by neighboring silicon atoms. For this rea-
son, hydrogen is incorporated into the material to passiv-
ate these ‘‘dangling’’ bonds and reduce recombination,
forming hydrogenated amorphous silicon (a-Si:H). How-
ever, a light-induced degradation effect has severely re-
stricted the early promise of this technology. Degradation
has been minimized by making the cells as thin as possi-
ble—a typical film thickness is B0.4mm—and textured
TCO surfaces have regained some of the absorptivity lost
by thinning. As the bandgap of a-Si:H is higher than op-
timal (1.7 eV), another group IV element, germanium, is
often alloyed with the silicon.

To achieve a high hydrogen concentration, a-Si:H films
are usually deposited by plasma-enhanced chemical vapor
deposition (PECVD) at temperatures of about 2001C.
Amorphous cells have a p-i-n structure, using a thicker
intrinsic layer between the p- and n-doped layers because
of its better electronic properties. The electric field extends
across the intrinsic region, creating a thicker absorbing
region for the generation and collection of carriers. Up to
three junctions can be stacked in series for higher output,
and triple-junction tandem modules are available com-

mercially. The tandem approach provides the opportunity
to have a different bandgap in each junction, thus giving a
better match to the solar spectrum, which is discussed in
greater detail in the section on Third-Generation Photo-
voltaics.

Amorphous modules have only a small negative tem-
perature coefficient of efficiency (� 0.1%/1C), making them
less subject to output reduction caused by heat, and they
are more tolerant of reduced intensity and diffuse light. In
addition, the low deposition temperatures used enable
plastics and other substrates to be used to make flexible
modules. They also lend themselves to use in semitrans-
parent building products and car sunroofs. The share of
the PV market for a-Si:H has been declining over the
years, from 12.3% in 1999 to 4.5% in 2003. As a result of
the light-induced degradation in these devices, the stabi-
lized efficiency that is quoted takes into account these
losses. The best reported stabilized efficiency for a triple-
junction alloy device is 12.4%, whereas commercial triple-
junction modules are around 6% efficient.

PECVD is also used to deposit films of microcrystalline
silicon (mc-Si), which results in the growth of columns of
crystallites separated by amorphous regions. Again, hy-
drogen is necessary to passivate defects, this time at the
grain boundaries. Hydrogenated microcrystalline silicon
(mc-Si:H) exhibits similar optical and electronic properties
to bulk silicon.

Kaneka (Japan) are using mc-Si:H films as an alterna-
tive to silicon/germanium alloys in hybrid structures with
a-Si:H and achieved a stabilized efficiency of 10% for a
39 W module (13). The hybrid modules are also reported to
be more stable than traditional a-Si:H modules. Particular
measures are necessary to allow the amorphous layers to
be kept thin enough to avoid light-induced degradation
while producing similar current to the microcrystalline
cell in series. The University of Neuchâtel (Switzerland)
has developed a mc-Si:H/a-Si:H tandem (double-junction)
design with around 11% efficiency on a laboratory scale.

4.2. Polycrystalline Thin-Film Silicon Cells

Various methods are being investigated to develop thin-
film silicon cells deposited on foreign (nonsilicon) sub-
strates. Most involve deposition and subsequent process-
ing at high temperatures (14); however, Pacific Solar
(Australia) is approaching commercial production with a
process in which a thin-film silicon cell is formed on a tex-
tured glass superstrate at relatively low temperatures.
Craters are formed through the active material by laser or
inkjet printing to contact the n-type layer closest to the
glass. The active material is low as deposited but then
improved by subsequent thermal steps. The best efficiency
achieved at the time of writing is 8.9% on a 100 cm2 sub-
module, and work is in progress to improve the efficiency
and to scale the process up for large-scale production (15).

4.3. Cadmium-Telluride Cells

A cadmium telluride (CdTe) thin-film module is formed by
taking a glass superstrate, depositing a TCO layer as front
contact, an n-type cadmium sulphide (CdS) window layer,
p-type CdTe, followed by a metallic rear contact. The con-
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tact films are scribed to divide the module into cells, which
are series-connected to produce the required voltage. Re-
cord CdTe thin-film cell and module efficiencies of 16.5%
and 10.6% have been achieved, respectively; however,
commercial modules are generally less than 7% efficient.
CdTe comprised 1% of global cell production in 2003,
mostly for indoor use in consumer products. Potential re-
strictions on market growth are the toxicity of cadmium,
limited global supply of tellurium, and the cell’s sensitivity
to moisture. The toxicity issue is controversial and affects
public acceptance of the technology. Relatively small-scale
production is underway in the United States and Ger-
many, but production by major players in Japan and the
United States ceased around 2002.

4.4. Copper Indium Diselenide Cells

Copper indium gallium diselenide [Cu(In,Ga)Se2, abbre-
viated to CIGS, or to CIS if the gallium is absent] is an-
other promising thin-film PV material. A molybdenum
rear contact is deposited on a soda-lime glass substrate
and patterned by laser to divide into cells. The elements of
the CIGS absorber layer are evaporated simultaneously
before a heterojunction is formed with a cadmium sul-
phide (CdS) layer. A TCO front electrode, mechanical
scribing, contact formation, and encapsulation complete
the module. Large grains of this material can be produced
on foreign substrates, grain boundaries can be passivated,
and the material is tolerant of deviations in concentration
of the constituent elements. Excellent efficiencies on lab-
oratory-scale devices have proven difficult to transfer to
reliable mass production. Several problems remain to be
overcome, including the need for custom-built deposition
equipment, the complexity of codepositing many elements,
demanding process control, difficulty in achieving homo-
geneous films over large areas, and moisture sensitivity of
unencapsulated cells. Two other potential problems in-
clude the limited global supplies of indium, which may be
a restriction on widespread use in the long-term, and the
toxicity of the cadmium, although this may possibly be
avoided by use of alternative compounds. Confirmed best
cell and module efficiencies are currently 19.2% and
13.4%, respectively, whereas commercial production in
2003 amounted to 0.7% of the world solar cell total. Flex-
ible modules for portable, personal power provision is one
high-value market being targeted by CIGS manufactur-
ers.

5. THIRD-GENERATION PV

In the first- and second-generation technologies described
above, the choice of bandgap energy of the semiconductor
from which a PV cell is made establishes a fundamental
upper limit for its conversion efficiency. Lattice thermal-
ization and transparency are the two greatest loss mech-
anisms in conventional cells. Thermalization is where the
photoexcited electron-hole pair quickly loses any energy in
excess of the semiconductor bandgap. This extra energy is
lost as heat within the device. The other major loss mech-
anism is the transparency of photons with energy less
than the bandgap of the semiconductor. Therefore, al-

though a narrow bandgap semiconductor will enable the
majority of solar photons to be absorbed, significant ther-
malization losses will be incurred, and vice versa for wide
bandgap materials. The best solar cell materials have
bandgaps giving a compromise between these two effects.

The performance of PV cells is also governed by the
laws of thermodynamics. Shockley and Queisser demon-
strated in 1961, by using the principle of detailed balance
between incident and escaping photons and extracted
electrons, that the efficiency limit for a single-material
cell is around 31% for an optimal bandgap of around
1.3 eV, which assumes that the only unavoidable losses
from the device are the emission of photons produced by
radiative recombination.

The sun is assumed to behave as a black-body at
6000 K, whereas the cell is usually assumed to be another
perfect radiator at 300 K (271C). The Carnot limit for solar
conversion under these temperatures is 95%, assuming an
infinitesimal electrical output, because the cell would need
to emit light at the same spectrum and intensity as the
sun in order to avoid entropy production in the energy
transfer. The Landsberg efficiency for direct sunlight con-
version (93.3%) is the ultimate solar conversion efficiency
and results from the assumption that the cell generates no
entropy during absorption and emission of light but is
lower than the Carnot limit because the light emitted by a
cell is considered lost, not returned to the sun for later use.
Within this framework, a range of different solar cell con-
cepts are theoretically able to achieve efficiency limits
ranging from 31% to 68.2% for one and an infinite num-
ber of bandgaps, respectively, operating under unconcen-
trated sunlight. Under maximum solar concentration of
around 46,000 times, these values increase to 40.8% and
86.8%, respectively.

5.1. Tandem and Multijunction III–V Cells

Tandem cells are one approach to exceeding the efficiency
limits of single-material cells. They reduce the two main
losses mentioned earlier, the thermalization of the excess
energy of high-energy photons and transparency to low-
energy photons. Tandem cells are stacks of p-n junctions,
each of which is formed from a semiconductor of different
bandgap energy. Each responds to a different section of the
solar spectrum, yielding higher overall efficiency. The cells
are stacked in order of decreasing bandgap, such that the
light is automatically filtered as each cell extracts photons
that exceed its bandgap. As mentioned earlier, this tech-
nique is used commercially to fabricate triple-junction
amorphous cells.

Tandem cells are also fabricated from compounds of el-
ements from Groups III and V of the Periodic Table, such
as gallium arsenide (GaAs). GaAs is used extensively in
the optoelectronics and electronics industries and may be
used to make excellent but expensive solar cells. High-ef-
ficiency PV cells based on GaAs are produced almost ex-
clusively for space applications. Certain elements used in
these devices, such as gallium and indium, are not abun-
dant, implying high cost and a limited ability to supply a
large fraction of the global energy needs in terrestrial ap-
plications. Plans have long existed for extensive terres-
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trial use in solar concentrators, where the concentration of
the light from a large collection area onto a cell may be
able to justify such expense, but this has not yet occurred
to a significant extent. The best terrestrial cell efficiency is
currently 27.6% for a single-junction GaAs cell under 255
times concentration.

The use of crystalline III–V compounds to fabricate
high-efficiency tandem devices presents several chal-
lenges. The materials used in the various junctions must
be compatible with each other over a wide temperature
range. In particular, the thermal expansion coefficients
should be similar and the bandgaps should be a good
match to the spectrum. The overall record cell efficiency of
36.9% is for a triple-stacked GaInP/GaAs/Ge tandem cell
operating under 309-times concentration (16), whereas
researchers at the Fraunhofer Institute for Solar Energy
(Germany) developed the first five-junction tandem cell.

5.2. Dye-Sensitized Cells

Dye-sensitized nanocrystalline cells are fundamentally
different from the others discussed here in that they do
not rely on semiconductor p-n junctions. Instead, they are
electrochemical devices in which the optical absorption
and carrier-collection processes are separate. As shown in
Fig. 10 (4), a porous film of a wide-bandgap semiconductor,
usually titanium dioxide (TiO2), is coated with a redox
charge-transfer dye, which is necessary to achieve elec-
tronic and not ionic charge transport. The dye is excited by
the absorption of a photon, an electron is injected into an
excited energy level of the oxide, and the dye is regener-
ated by a liquid electrolyte. The excited electron in the

oxide reaches an electrode and is then able to migrate
through an external circuit, do useful work in the load,
then pass to the other electrode where it regenerates the
electrolyte. The thick TiO2 film is deposited onto TCO-
coated glass, which forms the front contact.

The best-demonstrated efficiency for a laboratory de-
vice is 11% (17), and reasonable stability under illumina-
tion has been demonstrated. Dye-sensitized cells have
come into small-scale commercial production in Australia
and the United States, and the installation of the first wall
panel has been performed in Australia. Dye-sensitized
cells exhibit promise as potentially low-cost cells, in terms
of finance and energy, with the added advantage that their
temperature coefficient can be positive, increasing the out-
put power at elevated operating temperatures. The main
challenges are to improve high-temperature stability,
scale up production, and, preferably, replace the liquid
electrolyte with a solid. Tandem dye-sensitized cells are
aimed particularly at the direct splitting of water for hy-
drogen production rather than at electricity production. In
one experimental system, yielding 4.5% conversion effi-
ciency from sunlight to chemical energy, two semiconduc-
tors, TiO2 and WO3 or Fe2O3, are used with the water
being the electrolyte.

5.3. Organic Solar Cells

Organic materials are being investigated for photovoltaics
because of their potential high throughput manufacture
and low cost, estimated at about $1/Wp (18). The simplest
device is a single layer of organic material sandwiched
between a TCO front contact and a low work function me-

Figure 10. Structure of the nanocrystalline dye-sensitized solar cell (4).
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tallic rear contact. The difference in work function pro-
vides an electric field that separates photogenerated car-
riers to the respective contacts. The efficiency of a single-
layer device is typically very low at about 0.1%. Therefore,
newer device structures that include a blend of donor and
acceptor materials are being investigated with current
conversion efficiencies approaching 5%. Performance is
currently limited by poor absorption of longer wavelength
light, poor charge transport, and low stability. However,
the possibilities for such ultra-thin, flexible organic de-
vices is immense and, for example, their integration into
‘‘smart’’ items of clothing and windows has been proposed.
The potential instability of these devices may limit their
application for large-scale power outdoors, but they might
be well-suited to biomedical applications, for example.

6. PHOTOVOLTAIC SYSTEM APPLICATIONS

PV modules are used in many cost-effective applications
today, supplying both direct current (DC) and alternating
current (AC) electrical loads. For supplying DC electricity,
a PV system usually consists of the solar panel itself, an
appropriately sized battery to supply a continuous load,
and the necessary control electronics to keep the PV cell
operating at its maximum power point and maintaining
the battery state of charge. Despite the expense of batter-
ies and the fact that they may only last 5–8 years in a well-
designed PV system, batteries remain the electrical stor-
age medium of choice for the majority of systems that are
not connected to the electricity grid. In AC systems, an
inverter is required to transform the DC output of the so-
lar panel to 120 V or 240 V AC. The final possible system
component is a solar tracker, which mechanically moves
the solar panels through one axis or two axes to keep them
normal to the incident sunlight, thus maximizing the out-
put power. The increase in system complexity and the de-
crease in reliability means that these trackers are not
often used. The primary applications of PV cells are de-
scribed below.

Many of the highest efficiency PV cells produced over
the years have been destined for space applications, espe-
cially for powering satellites. In this market, high specific
power (kW/kg) and hardness to cosmic radiation are more
important than price. High efficiency is important because
if fewer devices are required to power a satellite, then
more mass can be used for scientific instruments. A major
advantage of space operation is the constant presence of
the sun; however, the cells are not protected by the earth’s
atmosphere from high-energy particles and radiation and
have a life expectancy of only about seven years. Two re-
cent applications of PV cells in such applications are, first,
on the Mars rover and, second, on an unmanned high-al-
titude solar plane that is intended to replace satellites.

The first terrestrial markets to use solar cells were
typically located in remote areas and capitalized on the
weatherproof nature of PV modules. Applications included
powering navigation buoys, lighthouses, repeater stations
for telecommunications, and weather monitoring stations.
Powering such applications from photovoltaics was eco-
nomic because of the high cost of replacing batteries in

these systems, the low power consumption (10–100 W) of
the load, and the high system availability, or low loss-of-
load probability (LOLP), required. Where a low LOLP was
critical, up to 15 days of battery storage was included in
the system. Another traditional market for solar cells in-
cludes powering cathodic protection systems to provide an
electrical current that counteracts the natural electro-
chemical currents that cause corrosion of oil and gas pipes,
for example.

Screen-printed monocrystalline silicon cells were used
in the majority of the applications mentioned above. For
many years, amorphous silicon solar cells have been used
in consumer products such as calculators and watches.
Using the PV technology obviates the need for batteries,
as these devices can operate under extremely low (indoor)
light levels.

PV cells have played a role in bringing power to some of
the estimated 2 billion people in the world that do not have
access to electricity. Solar home systems (SHS) are specif-
ically designed for application in developing countries,
and typically include one 50 W solar panel, a battery, a
charge controller, and some light-emitting diode (LED)-
based lamps. In addition, owners might typically add a
radio or black-and-white television to the system. By pro-
viding light in the evenings, children are able to be better
educated, adult community members can work to earn
additional income for their family, and air pollution from
kerosene lamps becomes a thing of the past. Street lights
that include an integrated solar panel are becoming more
common in developing and developed countries. In the
latter case, a PV power light becomes more economical
than a grid-connect light as soon as the necessary trenches
for cables are more than a few meters in length.

PV systems are used to power water pumping systems
in a remote community, to bring water up from the local
river or well. This water is either used for human con-
sumption or irrigation. Where the water quality is too poor
to drink, photovoltaics has been used to power the pumps
in desalination systems, which force the water through
membranes to filter out the unwanted particulates, bac-
teria, viruses, and salts (19). The source water for such
systems is typically brackish, but the desalination of sea-
water is commonplace in the Middle East.

The biggest growth market for photovoltaics over the
past few years are for on-grid residential rooftop systems.
On-grid systems do not require batteries as the electricity
grid is used as ‘‘storage,’’ with excess power being exported
to the grid during the day, and bought back at night as
required. The installation of such systems is being driven
by astute policy-making decisions in places such as Japan,
Germany, and California, with rebates for off-setting in-
stallation costs or attractive buy-back rates for generated
electricity being offered. Although yet to become a common
sight in our everyday lives, photovoltaics has been used to
power many vehicles, including solar boats and racing
cars.

PHOTOVOLTAIC CELLS 9



7. APPLICATION OF PHOTOVOLTAICS TO BIOMEDICAL
ENGINEERING

The most traditional application of PV cells in the area of
medicine is in the powering of refrigerators for vaccines
and medical supplies in remote areas (20). The climate in
which such systems exist is often quite severe, and designs
must allow for an ambient operating temperature of 431C,
and achieve a freezer temperature of � 201C (21). This
application requires a LOLP approaching 0%, and a bat-
tery backup is required. Refrigerators that run off DC
electricity are typically five times more efficient than
equivalent AC units, thus requiring fewer PV panels.
When the PV system is being designed to power an entire
health clinic, two separate sets of batteries are required—
one dedicated to the vaccine refrigerator, while the other
can power auxiliary loads such as lighting and communi-
cations equipment. A dual-priority controller can be used
to charge the separate batteries from a single PV array,
with the refrigerator battery always having priority.
Other loads that can be powered by photovoltaics include
colorimeters for measuring solutions, of which simple and
low-cost versions can be built in countries with no local
medical instrumentation capability (22).

Photodetectors and charge-coupled detectors (CCD) are
commonly used in medical imaging applications. Photode-
tectors share many similarities with PV cells, the primary
difference being the arrangement of many photodiodes
into arrays for imaging, compared with the larger area of
the PV cell for light collection. Although amorphous sele-
nium has been used in medical imaging since the 1950s,
and is currently under study for x-ray detection in digital
radiography, some of the PV materials described previ-
ously in this chapter are also used. Flat panel x-ray im-
agers using amorphous silicon have been recently
introduced to the medical imaging market with sizes up
to 40 � 40 cm and up to 10 million pixels (23). A three-
dimensional device structure is needed to accommodate
the pixel electronics, and so the sensor is deposited on top
of the electronics, separated by a thick passivation layer.
Several of the advantages of organic solar cells are their
large area, low manufacturing cost, and easy hybridiza-
tion and integration with other electronic or optical com-
ponents. These advantages make polymer photodetectors
appear attractive for future biomedical applications, such
as chemical/biomedical analysis, full-color digital image
sensing, and high-energy radiation detection.

Improved designs for silicon photodiodes with a re-
duced dark current can improve the sensitivity of low-
noise silicon photodetector arrays for medical imaging ap-
plications (24). The reduction in dark current eliminates
the need for cooling, which facilitates the mechanical de-
sign and allows for the optimum performance of the scin-
tillators that are coupled to the photodiodes. The peak
response of the device is at 560 nm, making it an excellent
match for the CsI(Tl) scintillators used in medical imaging
to downshift high-energy radiation such as x-rays to a
wavelength where a silicon photodiode can operate.

silicon photodiodes have been used for imaging the
high-intensity photon flux from medical linear accelera-
tors, and improved results have been achieved with CdTe

detectors (25). A promising technology for improving the
quality of radiation therapy is the use of real-time systems
to produce portal images. A linear array of 256 CdTe PV
detectors attached to a very compact linear scanner has
been constructed, which mounts under the patient table
(26). Photodetectors have also been used to provide rapid,
simple, and noninvasive measurement of x-ray dental
equipment parameters, including entrance dose and ex-
posure time (27).

For infrared (IR) medical imaging applications, mate-
rials such as mercury cadmium telluride (HgCdTe) can be
used to fabricate portable staring infrared focal plane ar-
rays (IRFPA) (28). These IRFPAs have achieved thermal
sensitivity unmatched by systems typically used for med-
ical studies in the past. Portable cooled staring systems
operating in the near (1 to 2.5 mm), mid (3 to 5 mm), and far
(8 to 12 mm) wavelength IR spectral bands provide excel-
lent image quality at nominal video frame rates. One ex-
ample of such a system is a head-mounted thermal
imaging system being developed to assist in combat casu-
alty care and confined environment search and rescue.
The measurement of surface temperature profile using
HgCdTe detectors has also been used to highlight abnor-
malities in neural and vascular functions, facial lesions,
changes of blood stream in peripheral tissues, and psy-
chosomatic problems.

PV cells have also been used to replace batteries and
power of bioelectric potential measurement systems (29).
In addition, other optoelectronic devices have been used
for PV power generation in the design of circuitry for a
biopotential amplifier (30). PV cells have also been used as
novel power supplied for medical implants (31). A PV cell
array that is embedded under the skin receives near-in-
frared light through the skin and charges a lithium ion
battery directly powering an implanted device. For a 2-
cm2 area device, only 17 min of near-infrared irradiation
(at a 810-mn wavelength with a power density of 220 W/
m2) can provide enough energy to power commercial car-
diac pacemakers for a period of 24 hours. A temperature
rise of the skin of 1.41C was measured during the light
irradiation. In addition, a transcutaneous optical coupling
system was implemented for an implantable temperature
sensor using a GaAs solar cell as the power converter and
a laser diode as the power source (32). Other researchers
have also reported on the design of optical power supplies
using high-power laser diodes and PV cells to power bio-
potential measurement systems (33) and catheters (34).

PV devices have been implemented as sensors in te-
lemetry measurements (35), with the most common appli-
cation being for force measurements of the foot. Two
research groups have developed optoelectronic transduc-
ers for force distribution measurements on the insensate
feet of diabetic people (36,37). Embedded in a rubber in-
nersole, the amount of light passing from the LEDs to so-
lar cell is varied by a U-shaped spring that becomes
compressed while walking, which is claimed to be a very
cheap system for measuring force, and the operating
range (typically 0 to 50 N) can be changed by using differ-
ent spring materials and dimensions.

Finally, PV cells have been used in silicon chip-based
prosthetic devices as part of a system designed to provide
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artificial vision for blind persons suffering from retinal
defects, including retinitis pigmentosa. In one proposed
new approach, a light-activated complementary metal ox-
ide semiconductor (CMOS) retinal pulse generation circuit
is fabricated using bipolar junction transistors (BJT) to
form the new BJT-based silicon retina structure (38). In
this scenario, the BJT serves as a PV device and the circuit
does not require an external power supply. Moreover, the
proposed new circuit can function as photoreceptors, hor-
izontal cells, and bipolar cells of the real vertebrate retina
to generate retinal pulses under moving object or flash
light image. An experimental prosthesis with a 32 by 32
silicon array will be implanted into animal eyes for test-
ing. In another approach, an array of PV cells are mono-
lithically integrated with a photodiode (39). The receiver
circuit powered by the PV array transforms the output of
the photodiode into TTL (transistor-transistor logic)-com-
patible data suitable for subsequent digital signal process-
ing.

8. CONCLUSIONS

Since the mid-1950s, wafer-based silicon solar cells have
dominated the PV market. Although the production of this
first-generation technology are increasing each year, the
silicon feedstock and PV devices have also matured, with a
move away from monocrystalline wafers used by the semi-
conductor to more economic and less energy-intensive
multicrystalline silicon wafers, which has presented the
second generation of thin-film technologies with a moving
target. Although the latter technologies, based on thin
films of amorphous, microcrystalline, or polycrystalline
semiconductors deposited onto cheap substrates or su-
perstrates, offer a lower cost per area, the efficiency of
these devices is also lower and, hence, the cost per peak
watt generated is similar. Several scientific, materials,
production, and environmental issues have hampered the
market penetration of the thin-film cells. These challenges
must be overcome before second-generation technologies
pose a serious threat to the huge scale of production that is
being constantly ramped up with first-generation technol-
ogies. The most prominent second-generation technology
is amorphous silicon, with an established, but decreasing,
market share. Polycrystalline silicon, which has very sim-
ilar properties to bulk silicon wafers, may eventually come
to dominate the second generation of solar cell production
too. Finally, the third generation of PV cells is currently
typified by the tandem solar cell structure, which makes
more efficient use of the solar spectrum, reducing the
thermalization and sub-bandgap losses inherent in first-
and second-generation devices.

For many years, a large traditional market for solar
cells was for powering systems in remote areas where no
electricity grid was present. Such systems include health
clinics, refrigeration units, weather and other monitoring
stations, navigation aids, and telecommunication repeater
stations. PV cells are also an economic substitution for
powering many small items of equipment that tradition-
ally require batteries. Photovoltaics has also been used in
biomedical applications, with cells have being embedded

under the skin—the transmitted infrared light being suf-
ficient to power a cardiac pacemaker—and implanted into
eyes to power a prosthetic device for providing artificial
vision to the blind. The PV industry has experienced an
average growth of 35% over the past seven years and,
buoyed by current strong policy in Germany and Japan
and many new emerging markets, it appears that solar
cells are likely to face a bright and sunny future.
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1. INTRODUCTION

Piezoelectric ceramics are forming a new field between
electronic and structural ceramics (1–4). Application fields
are classified into three categories: positioners, motors,
and vibration suppressors. The manufacturing precision
of optical instruments such as lasers and cameras, and the
positioning accuracy for fabricating semiconductor chips,
which must be adjusted with solid-state actuators, is of the
order of 0.1 mm. The market research conducted in 1992
for 80 Japanese component industries suggested that tiny
motors in the range of 5–8mm are highly required in these
a couple of decades for office and factory automation
equipment, and that the conventional electromagnetic
motors are difficult to produce in this small range with
sufficient energy efficiency. Ultrasonic motors whose effi-
ciency is insensitive to size are superior in the minimotor
area. Vibration suppression in space structures and mili-
tary vehicles using piezoelectric actuators is also a pro-
mising technology.

The advantages of piezoelectric devices over electro-
magnetic (EM) types are summarized (see Fig. 1):

1. More suitable to miniaturization—Because the
stored energy density is larger than that of an EM
type, one tenth smaller in volume and weight can be
achieved, which is suitable to medical microsurgery
apparatuses, in particular.

2. No electromagnetic noise generation, nor interac-
tion with electromagnetic field—Because magnetic
shielding is not necessary, we can keep a compact
design. Also, ultrasonic surgery knives are possible
under a strong magnetic field such as magnetic
resonance imaging equipment.

3. Higher efficiency—Because the efficiency is insensi-
tive to the size, the piezo-device is effective in the
power range lower than 30W.

4. Nonflammable—The piezo-device is safer for the
overload or the short-circuit at the output terminal.

This article reviews recent (as of 2004) developments of
piezoelectric and related actuators in terms of new actua-
tor materials, device designs, drive/control techniques,
modeling, and applications, with a particular interest in
medical applications. The reader who wishes to learn the
historical and basic contents and full references, should
refer to the textbook, ‘‘Micromechatronics’’ by Uchino and
Giniewicz (5).

2. ACTUATOR MATERIALS

The primary research focus is still put on the enhance-
ment of induced strain magnitude (real part). However,
the research trend is gradually shifting to the improve-
ment of strain hysteresis or loss (imaginary part) of the
piezoelectric materials, which is more important for the
actual commercialization of the piezoelectric actuators.
Because of the social demand, Pb-free piezoelectric mate-
rial studies also started. Opto-mechanical coupling de-
vices are a new trend, which target the coming optical
information age. Seven topics are reviewed here: high
strain materials, high-temperature materials, phase-
change materials, polymers, high-power piezoelectrics,
Pb-free materials, and photostrictive materials.

2.1. High Strain/High k Materials

Lead zirconate titanate (Pb(Zr,Ti)O3, PZT) is still the base
ceramic composition with typical electromechanical para-
meters; k33¼ 70%, d33¼ 500pC/N, and the maximum gen-
erative strain 0.1%. However, because the enhancement of
the induced strain level is a primary target, single crystals
with a better capability for generating larger strains are
being used today. In 1981, Kuwata et al. first reported an
enormously large electromechanical coupling factor k33¼
92–95% and piezoelectric constant d33¼ 1500 pC/N in solid
solution single crystals between relaxor and normal ferro-
electrics, Pb(Zn1/3Nb2/3)O3-PbTiO3 (6,7). This discovery
has not been marked practically for more than 10 years
until high k materials have been paid attention in medical
acoustics. These data have been reconfirmed, and im-
proved data were obtained recently, aiming at medical
acoustic applications (8,9). The strains as large as 1.7%
can be induced practically for the PZN-PT solid solution
single crystals. It is notable that the highest values are
observed for a rhombohedral composition only when the
single crystal is poled along the perovskite [001] axis, not
along the [111] spontaneous polarization axis. Figure 2
shows the comparison of the Doppler mode images among
the PZNT probe and the conventional 3.75-MHz and 2.5-
MHz PZT probes (8). Because the PZNT single crystal
exhibits significantly large k (95%), the bandwidth of the
probe is close to 100% and the penetration is twice deeper
than the PZT probe. It is notable in Fig. 2 that the PZNT
probe can exhibit the penetration of the lower frequency
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Figure 1. Efficiency versus power relation for electromagnetic
and piezoelectric devices.
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2.5-MHz PZT probe and the resolution of the higher
frequency 3.75-MHz PZT probe. Thus, a medical doctor
need not change the probes (2.5MHz and 3.75MHz), but
the doctor can use a single PZNT probe for obtaining
deeper and higher resolution images.

A series of theoretical calculations made on perovskite-
type ferroelectric crystals suggests that large d and k
values in similar magnitudes to PZN-PT can also be
expected in PZT, although large PZT single crystals are
not actually available. Crystal orientation dependence of
piezoelectric properties was phenomenologically calcu-
lated for compositions around the morphotropic phase
boundary of PZT (10). The maximum longitudinal piezo-
electric constant d33 (four to five times enhancement) and
electromechanical coupling factor k33 (more than 90%) in
the rhombohedral composition were found to be at around
571 angle, canted from the spontaneous polarization direc-
tion [111], which corresponds roughly to the perovskite
[100] axis. Figure 3 shows the experimental results for the
piezoelectric e31 constants in epitaxially grown PZT thin
films (11). Note that the maximum e31 constant can be
obtained in the rhombohedral phase near the morphotro-
pic phase boundary and in the [100] specimen (rather than

in the [111] specimen). Damjanovic et al. reported similar
supporting results (12).

2.2. High-Temperature Materials

Applications such as diesel injection valve control require
actuators used at an elevated temperature around 150 1C.
This requirement encourages the development of high
Curie temperature piezoelectric materials. Eitel et al.
reported the solid solutions of BiScO3, BiInO3, and
BiYbO3 with PbTiO3, with the morphotropic phase bound-
ary Curie temperature more than 450 1C (13).

To the contrary, cryogenic actuator materials are re-
quired for space applications such as ‘‘Hubble’’ telescope
adjustment. Mulvihill et al. reported PZT-based multi-
layer actuators for this purpose (14).

2.3. Phase-Change Materials

Concerning the phase-change-related strains, polarization
induction by switching from an antiferroelectric to a
ferroelectric state has been proposed (15). In the field-
induced strain curves for the lead zirconate stannate-
based Pb0.99Nb0.02((ZrxSn1� x)1� yTiy)0.98O3 system, the
longitudinally induced strain reaches up to 0.4%, which
is larger than that expected in normal piezostrictors or
electrostrictors. A rectangular-shape hysteresis, which is
referred to as a ‘‘digital displacement transducer’’ because
of the two ON/OFF strain states, and a shape memory effect
are observed in these samples. Once the ferroelectric
phase has been induced, the material will ‘‘memorize’’ its
ferroelectric state even under zero-field conditions,
although it can be erased with the application of a small
reverse bias field (16).

2.4. Polymer Actuators

Polyvinylidene difluoride-trifluoroethylene (PVDF-TrFE)
copolymer is a well-known piezoelectric, which has been
popularly used in sensor applications such as computer
keyboards and human infant heartbeat monitoring.
Zhang et al. reported that the field-induced strain level
can be significantly enhanced up to 5% by using a high-
energy electron irradiation onto the PVDF films (17).

2.5. High-Power Piezoelectrics

To obtain a large output mechanical power, the piezo-
electric materials are driven under a high vibration level,
namely under a relatively large electric field, which causes
heat generation as well as a significant degradation in
piezoelectric properties. Therefore, the high-power device
such as an ultrasonic motor requires a very ‘‘hard’’ piezo-
electric with a high mechanical quality factor Qm to
suppress heat generation. The Qm is defined as an inverse
value of the loss factor, tandm. It is also notable that the
actual mechanical vibration amplitude at the resonance
frequency is directly proportional to this Qm value.

The vibration velocity dependence of the piezoelectric
constant, permittivity, elastic compliance, and electro-
mechanical coupling factor was studied for PZT-based
samples (18). A significant decrease in Qm is usually
observed above a certain critical vibration level, which is

Figure 2. Comparison of the Doppler mode images. Note that
PZNT probe’s performance includes both penetration of 2.5-MHz
PZT probe and resolution of 3.75-MHz PZT probe (8).
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the limit of the output vibration energy for that particular
PZT. Even if the input electrical energy is increased, the
additional energy will be converted only into heat.

At present, the highest value 1m/s of the maximum
vibration velocity (defined at 20 1C rise from room tem-
perature) can be obtained in Pb(Zr,Ti)O3-Pb(Mn1/3X2/3)O3

(X¼Sb, Nb) doped with rare-earth ions (Yb, Eu) (19,20).
This velocity is more than three times larger than that in
commercially available hard PZTs, which leads to a power
density capability of more than 10 times.

The loss mechanisms in piezoelectrics have been gra-
dually clarified (21). The heat generation under off-reso-
nance is basically originated from intensive dielectric loss,
whereas under resonance, it is caused by intensive me-
chanical loss, where both intensive (experimentally ob-
tained apparent) dielectric and mechanical losses are
inter-related with extensive (material’s proper) dielectric
and mechanical losses. Also, the resonance loss Qm

� 1 at a
small vibration velocity is mainly determined by the
extensive mechanical loss, and with increasing vibration
velocity, the extensive dielectric loss contribution signifi-
cantly increases. Microscopically, under a small electric
field, the origin of loss will be primarily non-1801 domain
wall motion (extensive mechanical loss) and the contribu-
tion of 1801 domain wall motion (extensive dielectric loss)
will significantly increase above a certain vibration level.

Relating to the hysteresis in piezoelectrics, Smith
proposed a computer simulation to evaluate the polariza-
tion and strain hysteresis under an electric field cycle, one
example of which is shown in Fig. 4 (22). He introduced a
simple energy double-minima model coupled with a Bolz-
mann distribution at an elevated temperature, which
explains slant hysteretic curves in polarization and strain
under an electric field cycle.

2.6. Lead-Free Piezoelectrics

The Japanese and European communities may experience
governmental regulation on lead usage in the next 20

years from an ecological viewpoint, which is requested for
automobile equipment and medical transducer/actuators
used in a body in particular, which are mostly disposable.
Pb (lead)-free piezoceramics have started to be developed
after 1999. Lead-free piezoelectric materials are classified
into (1) piezoelectric single crystals, e.g., langasite (La3-
Ga5SiO14) and lithium tetraborate (Li2B4O7); (2) tungsten
broneze-typed ferroelectric ceramics; (3) bismuth layer
structured ferroelectric ceramics; (4) potassium-sodium
niobate, KNbO3-NaNbO3 systems; and (5) other perovs-
kite-typed ferroelectric ceramics. Figure 5 shows statistics
of various lead-free piezoelectric ceramics. The share of
the papers and patents for bismuth compounds (bismuth
layered type and (Bi,Na)TiO3 type) exceeds 61%, because
bismuth compounds are easily fabricated in comparison
with other compounds. It is also notable that more than
90% of the patents were submitted by Japanese and
Japanese-subsidiary companies at present. The most re-
cent report on giant strain in a single crystal BaTiO3 is
also noteworthy (23).

2.7. Photostrictive Actuators

A photostrictive actuator is a fine example of an intelligent
material, which incorporates ‘‘illumination sensing’’ and
self-production of ‘‘drive/control voltage’’ together with
final ‘‘actuation.’’ In certain ferroelectrics, a constant
electromotive force is generated with exposure of light,
and a photostrictive strain results from the coupling of
this bulk photovoltaic effect to inverse piezoelectricity. A
bimorph unit has been made from PLZT 3/52/48 ceramic
doped with a slight addition of tungsten (24). The remnant
polarization of one PLZT layer is parallel to the plate and
in the direction opposite to that of the other plate. When a
violet light is irradiated to one side of the PLZT bimorph, a
photovoltage of 1 kV/mm is generated, which causes a
bending motion. The tip displacement of a 20-mm bimorph
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0.4mm in thickness was 150 mm, with a response time of
1 s.

A photo-driven micro-walking device, which was de-
signed to begin moving by light illumination, has been
developed (25). It is simple in structure, having neither
lead wires nor electric circuitry, with two bimorph legs
fixed to a plastic board. When the legs are irradiated
alternately with light, the device moves like an inchworm
with a speed of 100 mm/min.

In pursuit of thick film-type photostrictive actuators for
space structure applications, in collaboration with the Jet
Propulsion Laboratory, Penn State University investi-
gated the optimal range of sample thickness and surface
roughness dependence of photostriction. Overall 30 mm
thick PLZT films exhibit the maximum photovoltaic phe-
nomenon (26).

3. ACTUATOR DESIGNS

Amplification of displacements is one essential develop-
ment issue in ceramic actuators. There are two categories:
amplification mechanisms in terms of space (hinge lever,
flextensional) and in terms of time (inchworm and ultra-
sonic motor).

3.1. Actuator Components

Two of the most popular actuator designs are multilayers
and bimorphs (see Fig. 6). The multilayer, in which
roughly 100 thin piezoelectric/electrostrictive ceramic
sheets are stacked together, has advantages in low driving
voltage (100V), quick response (10ms), high generative
force (100kgf), and high electromechanical coupling. But
the displacement in the range of 10 mm is not sufficient for
some applications, which contrasts with the bimorph,
consisting of multiple piezoelectric and elastic plates

bonded together to generate a large bending displacement
of several hundred microns, but the response (1ms) and
the generative force (100 gf) are low.

A multilayer actuator with interdigital internal elec-
trodes has been developed by NEC-Tokin (27). In contrast
to the conventional electrode configuration, line electrodes
are printed on piezoelectric green sheets and are stacked
so that alternating electrode lines are displaced by one-
half pitch. This actuator generates motions at right angles
to the stacking direction with the longitudinal piezoelec-
tric effect. Long ceramic actuators up to 74mm in length
were manufactured, which could generate the displace-
ment up to 55 mm. A three-dimensional positioning actua-
tor with a stacked structure has been proposed by PI
Ceramic, in which shear strain generates x and y displa-
cements (28).

A monomorph device has been developed to replace the
conventional bimorphs, with a simpler structure and
manufacturing process. The principle is a superposed
effect of piezoelectricity and semiconductivity (29). A
monomorph plate with 30mm in length and 0.5mm in
thickness can generate 200-mm tip displacement, in equal
magnitude of that of the conventional bimorphs. The
‘‘rainbow’’ actuator by Aura Ceramics (30) is a modifica-
tion of the above-mentioned semiconductive piezoelectric
monomorphs, where half of the piezoelectric plate is
reduced to make a thick semiconductive electrode to cause
a bend.

A market research study held in 1992 revealed that the
customers demands for actuators cannot be satisfied with
multilayers or bimorphs. A composite actuator structure
called the ‘‘cymbal’’ has been developed at Penn State to
provide characteristics intermediate between the multi-
layer and the bimorph actuators; this transducer exhibits
an order of magnitude larger displacement than the
multilayer, and much larger generative force with quicker
response than the bimorph (31,32). A cymbal with a
thickness of 2mm and a diameter of 12mm can generate
a displacement up to 100 mm. The cymbal has been applied
to make a miniaturized laser beam scanner. Ring-morphs
are another alternative to a displacement amplification
mechanism (33). By eliminating an unnecessary ceramic
center portion of the bimorphs/unimorphs, 30–40% en-
hancement of the field-induced displacement can be rea-
lized.

3.2. Ultrasonic Motors

Modified from the original Sashida’s surface wave type,
Canon and Seiko Instruments have successfully commer-
cialized camera automatic focusing mechanisms and date
change mechanisms in a wrist watch, respectively.

However, a significant problem in miniaturizing this
sort of traveling wave motor is found in the miniaturiza-
tion process; without providing a sufficient buffer gap
between the adjacent electrodes, the electrical poling
process easily initiates cracks on the electrode gap be-
cause of the residual stress concentration. Uchino et al.
proposed the following concepts for designing compact
ultrasonic motors: (1) simplification of the structure and
reduction of the number of components, (2) the use of a

Single plate

Multilayer

Moonie

Bimorph

Figure 6. Three piezoelectric actuator designs; multilayer, bi-
morph, and moonie/cymbal.
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simple (i.e., uniform) poling configuration (i.e., ‘‘gentle to
PZT’’), and (3) the use of standing-wave type for reducing
the number of drive circuit components.

AWindmill motor design with basically a flat and wide
configuration using a metal-ceramic composite structure
is the first good example (34), followed by a thin and long
configuration, a metal hollow tube motor. It is composed of
a metal tube and two rectangular PZT plates bonded on it
(see Fig. 7) (35,36). When one PZT plate is driven by a
sinusoidal voltage, the metal tube exhibits a ‘‘wobbling’’
motion, like a hula-hoop or Chinese dish spinning.

A no-load speed of 1800 rpm and the output torque of
more than 1mNm were obtained at 80V for both direc-
tions for a motor with 2.4mm f in diameter and 12mm in
length. This significantly high torque was obtained from
the dual stator configuration and the high pressing force
between the stator and rotors made of metal.

Finite element analysis (FEA) is a useful tool for
obtaining realistic vibration modes in a stator. Penn State
used an ATILA software code (Micromechatronics Inc.) for
the motor stator calculation in linear and rotary motors
and found the resonance frequency discrepancy less than
5% (37). The design optimization trial for the ultrasonic
motors using ATILA in conjunction with the so-called
genetic algorism seems to suggest a future direction of
the design algorism (38).

3.3. Micro-electromechanical Devices

PZT thin films are deposited on a silicon wafer, which is
then micromachined to leave a membrane for fabricating
microactuators and sensors, i.e., micro-electromechanical
systems. In comparison with pure micro-electromechani-
cal silicon base electrostatic devices, PZT thin film devices
can exhibit three to four orders of magnitute higher
thrust/torque because of the energy density difference.
Figure 8 illustrates a blood tester developed by Penn State
in collaboration with OMRON Corporation in Japan (39).
Applying a voltage to two surface interdigital electrodes,
the surface PZT film generates surface membrane waves,
which soak up blood and the test chemical from the two
inlets, then mixes them in the center part, and sends the
mixture to the monitor part through the outlet. An FEA
calculation was conducted to evaluate the flow rate of the
liquid by changing the thickness of the PZT or the Si
membrane, inlet and outlet nozzle size, and cavity thick-

ness. A practical mixer function was verified with two
color inks.

4. DRIVE TECHNIQUES

4.1. Pulse Drive Methods

The pulse drive of the piezoelectric/electrostrictive actua-
tor generates very large tensile stress in the device,
sometimes large enough to initiate cracks. In such cases,
compressive bias stress should be employed on the device
through clamping mechanisms such as a helical spring
and a plate spring. Another solution to suppress this
problem is to choose a suitable pseudo-step voltage ap-
plied; that is, the overshoot and ringing of the tip dis-
placement is completely suppressed when the rise time is
precisely adjusted to the resonance period of the piezo-
device (5).

The rise time adjustment is also very important from
the heat generation viewpoint. The temperature rise was
examined in consideration of the pulse drive using a
trapezoidal wave, like in applications to diesel engine
injection systems. The trapezoidal wave with a maximum
voltage of 100V, 60Hz, and a duty ratio of 50% was
applied to a commercialized multilayer actuator (product
by Ceramtech). The temperature rise is surprisingly
dependent on the step rise time, and this, in turn, is
basically because of the actuator’s vibration overshoot
and ringing [unpublished].

4.2. Piezoelectric Transformers

One problem in wide commercialization of piezoelectric
actuators and ultrasonic motors includes the bulky and
expensive drive circuitry inevitably required. Noticing
that the largest components in the drive circuit are
electromagnetic transformers, researchers at Penn State
have been working on replacing these conventional e
transformers with piezoelectric transformers. The piezo-
transformer has input and output terminals fabricated on
a piezo-device, and the input/output voltage is changed
through the vibration energy transfer.

Recent laptop computers with a liquid crystal display
require a very thin, no electromagnetic-noise transformer
with a high efficiency as an inverter of a fluorescent
backlight. This application has accelerated the develop-

(a) (b)

Y

X

x,
y,

Elastic hollow
cylinder

Plate X

Plate Y

Figure 7. ‘‘Metal tube’’ motor with a metal tube and two rectan-
gular PZT plates. (a) Schematic structure, and (b) photo of the
world’s smallest motor (1.5mmf) (36).
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Electrode PZT IDTs
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Figure 8. Structure of a PZT/silicon micro-electromechanical
device, blood tester (39).
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ment of the piezo-transformer. The NEC recently commer-
cialized a multilayer rectangular-type transformer to in-
crease the voltage step-up ratio, using a third-order
longitudinal mode, which is one method to release the
stress concentration and to increase its lifetime of the
original Rosen type (40). Disk-type transformers with an
asymmetrical electrode pattern that have a much higher
voltage step-up ratio than the rectangular type and disk
multilayer types with a floating layer were recently
proposed successively (41,42).

In parallel to the component developments, new appli-
cations of these piezo-transformers, that is, power supplies
for piezoelectric actuators and ultrasonic motors, have
been proposed as schematically illustrated in Fig. 9. The
piezo-transformers can reduce the total system volume
and weight significantly.

Figure 10 compares the drive circuit sizes for this type
of electromagnetic transformer, the (a) Shinsei motor and
a (b) new ultrasonic motor that integrates its drive circuit
and a piezoelectric transformer [developed by Manuspiya
et al. (43)].

Vazquez Carazo and Uchino introduced a compact drive
system with piezoelectric transformers for a multilayer
piezoelectric actuator that aims at active vibration control
on a helicopter (44). In this sort of military application, we
need to realize a compact, lightweight, and electromag-
netic noise-free system while keeping a quick response

(minimum 200Hz). Figure 11 summarizes the drive sys-
tem for piezoelectric actuator control, using piezoelectric
transformers. High ac voltage from the transformer was
rectified, and this dc voltage was applied to the actuator
through a power amplifier to control the applied voltage.
Among various power amplifier families, a Class-D switch-
ing amplifier was chosen, because it has advantages over
the other switching and linear amplifiers, such as permit-
ting amplitude and frequency control and realizing fast
actuation response of the actuator by chopping a dc
voltage. The displacement 71.5mm was controlled by
720V applied voltage. This drive system could be used
at least up to 500Hz, which is sufficient for an active
vibration control on a helicopter. Note that the new drive
system is compact, lightweight by one-tenth in compar-
ison with conventional electromagnetic transformer cir-
cuits, and magnetic-noiseless.

4.3. Piezoelectric Energy Harvesting

One of the most recent research interests is piezoelectric
energy harvesting. When a piezoelectric is adopted in a
noise vibration system, a cyclic electric field is excited. If
this electric energy is consumed via a suitable resistor as
Joule heat, mechanical noise vibration is significantly
suppressed, that is, passive damper (45). On the other
hand, if the electric energy is accumulated into a recharge-
able battery, a new energy-harvesting system can be
realized [see Refs. 46 and 47 for pioneering work]. Figure

Piezoelectric
actuator

Low
voltage
input

High
voltage
output

Piezo-
transformer

Chopper
Rectifier

Battery

Ultrasonic
motor

Figure 9. Piezo-actuator drive system using a piezo-transformer.

(a) (b)

Figure 10. (a) Commercialized Shinsei motor and its drive
circuit, and (b) piezo-transformer integrated ultrasonic motor
(Penn State) (43).
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Figure 11. Compact drive system for piezo-
electric actuator control (44).
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12 shows an light-emitting diode traffic light array system
driven by an piezoelectric windmill developed by the NEC-
Tokin Corporation.

The Penn State group developed energy harvesting
piezoelectric devices based on a ‘‘cymbal’’ structure
(29mmf, 1–2mm thick), which can generate electric en-
ergy up to 100mW under an automobile engine vibration
(48).

5. APPLICATIONS

Commercialized products seem to come 5–7 years after the
basic key technology is developed in the case of piezo-
electric devices, which can be found in Table 1.

5.1. Inkjet Printer

Epson commercialized a piezoelectric inkjet printer by
using a cofiring technique of PZT with ZrO2 substrates
(see Fig. 13). This cofiring technique significantly im-
proved stability in vibration for various inks during the
patented pull–push–pull dynamic action of the piezoelec-
tric chamber (49).

5.2. Diesel Injection Valve

Recent success in the multilayer piezoelectric actuators
for diesel injection valve applications has verified the
highest reliability of these devices. So-called common
rail-type injection valves have been widely commercia-
lized by Siemens and Bosch (Fig. 14).

5.3. Impact Actuator

Higuchi et al. developed an impact mechanism walking
machine using a piezoelectric multilayer actuator (50) and
proposed a manipulator of the cell/needle in artificial
fertilization. The needle can be inserted into the biocell
without a significant distortion mainly because of high-
frequency vibration excited on the needle, which is totally
different from the hydraulic control.

5.4. Piezoelectric Pump

The NEC recently released their piezoelectric pump
water-cooling module for a fuel cell power supply in a
laptop computer (Fig. 15).

5.5. Ultrasonic Cleaner

Ultrasonic lens cleaner is commonly used in a home.
Honda Electronics added another ultrasonic cleaner in
conjunction with a washing machine. Figure 16 shows an

Table 1. Development History in Piezoelectric Actuators

Year Key Technology Commercialization

1978 PMN electrostrictor (Penn State)
1978 Cofired MLA (Penn State)
1981 High d/k single crystal (TI Tech)
1982 Ultrasonic Motors (Shinsei)
1987 Dot matrix printer (NEC)
1987 Camera auto focus (Canon)
1988 Linear p-type USM (Shophia U)
1989 Camera shutter (Minolta)
1989 Monie/Cymbal (Penn State) Piezo suspension (Toyota)
1990 Headrest control (Toyota)
1995 Inkjet printer (Epson)
1999 Wrist watch (Seiko)
2000 Diesel injection (Siemens)
2000 Compact USM (Penn State)

(b)(a)

Figure 12. (a) Piezoelectric windmill for driving a (b) light-
emitting diode traffic light array system [courtesy of NEC-Tokin].

MLChips

Upper electrode
PZT
Lower electrode
Vibration plate
Chamber plate

Adhesive layer
Stainless plate

Communication
plate

0.5 mm

Nozzle
Ink chamber

Ink supply hole
Ink pass

Figure 13. EPSON MACH printer head structure (47).

PIEZOELECTRIC ACTUATORS 7



L–L coupler horn to generate water cavitation for remov-
ing dirt on a shirt collar.

5.6. Ultrasonic Motor

Shinsei ultrasonic motors have been adopted for the U.S.
Air Force Smart Wing Program. Coupled with eccentuator

mechanics, the ultrasonic motor functions to control the
wing shape (morphing) (Fig. 17).

Seiko micro-motors have already been used in wrist
watches for silent alarm and perpetual function. The most
recent application can be found in a micro-aerial vehicle.
Figure 18 shows a micro-flying robot-helicopter with the
size 13 cmf, 7 cm height and 8.9 g weight, in which the
floating force is obtained by two ultrasonic motors and an
additional two motors provide the position/cant control.

Penn State metal tube motors have been used in the
world’s smallest four-wheel drive vehicle (Fig. 19) and the
camera auto-zooming and auto-focusing mechanism in a
Samsung cellular phone (Fig. 20). Also, Fig. 21 shows
some medical application programs with the metal-tube
motor. By using a tiny motor, direct rotation of a mirror at
the tip of an endoscope (in collaboration with University of
Washington) and direct rotation of a piezoelectric image
transducer (in collaboration with Kosai Hospital and
Tokyo Micro Device) are possible (50), and furthermore,
even the kidney stone crash is not a dream anymore.

6. FUTURE RESEARCH TREND

Future research trends will be divided in two ways:
upsizing in space structures and downsizing in office
equipment. Additional downsizing will also be required
in medical diagnostic applications such as blood test kits

Hydraulischer verstärker

Hochdruck-
anschluss

Rücklauf-
anschluss

Piezo-aktor

Schaltventil

Düse

Figure 14. Common rail-type diesel injection valve with a piezo-
electric multilayer actuator [news release by Bosch].

Figure 15. A piezoelectric pump water-cooling
module (left) for a fuel cell in a laptop computer
[courtesy of NEC].

Radiating face

Driving face

Horn type L-L converter

PZTW

Bolt coupled
Langevin transduser

Support

Figure 16. L-L coupler horn for a washing
machine application [courtesy of Honda Electro-
nics].
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and surgical catheters. The development keywords will be
integration and hybridization.

Piezoelectric thin films compatible with silicon technol-
ogy will be focused on in micro-electromechanical systems.
An ultrasonic rotary motor as tiny as 2mm in diameter
fabricated on a silicon membrane is a good example (51).
One ceramic multilayer component actuator proposed by
Mitsui Chemical is suggestive for predicting the future
trend (52). Only by the external connection can combined
vibration of the longitudinal L1 and bending B2 modes be
excited. Compact ultrasonic motors such as Penn State’s
‘‘windmill’’ and ‘‘metal tube’’ motors will expand the
applications in medical diagnostic/surgical areas.

Miniaturization of the drive circuit will also be an
important research area for the actual wide commerciali-

zation. Piezoelectric transformers may cause a break-
through for this application.

While expanding the application field of ceramic actua-

tors, the durability/reliability issue becomes more impor-
tant. The final goal is, of course, to develop much tougher
actuator ceramics mechanically and electrically. However,
the reliability can be improved significantly if the destruc-
tion symptom of the actuator is monitored. Safety systems
or health-monitoring systems have been proposed with
two feedback mechanisms: position feedback that can
compensate the position drift and the hysteresis, and
breakdown detection feedback that can stop the actuator
system safely without causing any serious damages onto
the work, e.g., in a lathe machine (53). Acoustic emission
and internal potential measurements, and resistance
monitoring of a strain-gauge type internal electrode em-
bedded in a piezo-actuator under a cyclic electric field
drive, are good predictors for the lifetime (54,55).

Material-wise, Pb (lead)-free piezoceramics have
started to be developed partly because of the governmen-

Figure 20. Camera auto-zooming/focusing mechanism with two
metal tube ultrasonic motors in a Samsung cellular phone.

Input Rotation

Normal
(dz)

Lateral  

Bearing Surface
ro

ro dz

Output End

Eccentuator

Ultrasonic Motor

Figure 17. Wing shape control with an ultrasonic motor and an
eccentuator mechanism [courtesy of AFRL].

Figure 18. Compact helicopter with micro-ultrasonic motors
[Courtesy by Seiko-Epson].

Figure 19. World’s smallest vehicle with two metal tube ultra-
sonic motors.
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tal regulation expected in the near future. Barium tita-
nate-based crystal seems to come back for medical appli-
cations after more than 60 years of their discovery and the
sonar application.
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PIEZOELECTRIC DEVICES IN BIOMEDICAL
APPLICATIONS

PETER A. LEWIN

JOHN M. REID

Drexel University
Philadelphia, Pennsylvania

1. INTRODUCTION

Piezoelectric devices contain material that converts me-
chanical into electrical energy when a stress is applied,
and conversely, electrical energy into mechanical when a
voltage is applied to electrodes that are appropriately
deposited on the piezoelectric material.

The materials are called ‘‘ferroelectrics’’ because they
consist of electric dipoles that are or can be aligned to each
other. This term is similar to ‘‘ferromagnetics,’’ which
describes materials that contain aligned magnetic mo-
ments. More particularly, we have some of these materials
described as electrostrictive, (square law responders)
piezoelectric, and ferroelectrets.

Since the discovery of the piezoelectric effect by the
Curies brothers in 1880, piezoelectric materials became
widely used in a variety of applications. Whereas the
Curies explored the piezoelectric properties of natural
materials, such as quartz, Rochelle salt, and tourmaline,
currently, with the exception of lithium niobate (LiNbO3)
crystals, manmade materials are almost entirely used. In
about 1940, barium titanate (BaTiO3) ceramic became
available. As it is an electrostrictive material with a
quadratic response, an electrical field bias must be pro-
vided (by the process called polarization) to achieve a
linear response. Thus, this and other manmade ceramic
materials are usually referred to as piezoelectric. At
present, a family of lead-based ceramics such as lead
zirconate titanate (PZT) is primarily used together with
piezopolymers, such as polyvinylidene (di)fluoride P(VDF)
or vinylidene fluoride-trifluoroethylene P(VDF-TrFE) co-
polymer, and lead zinc niobate-lead titanate (PZN-PT) or
lead magnesium niobate-lead titanate (PMN-PT) single
crystals (1–6); see also Table 1A.

Each of those materials is characterized by a set of
parameters that are crucial in the design of piezoelectric
devices, and these parameters must be optimized depend-
ing on the specific application. The parameters of immedi-
ate importance include dielectric constant, dielectric loss,
charge and coupling coefficients, mechanical quality factor
Q, and the product of the material density and sound
velocity usually referred to as acoustic impedance. The
properties of piezoceramics can be, to a large extend,
tailored by changing the composition or volume proportion
of the individual ceramic ingredients or by removing some
volume of the solid ceramic material and replacing it with
piezoelectrically inert material such as epoxy. Appropriate
mechanical construction can also amplify the overall en-
ergy conversion (7,8). It is important to note that with the
exception of the natural piezoelectric materials, the cera-
mics and (co)polymers must be poled with a field strength
of approximately 2 kV/mm to become useful as piezoelec-

tric elements. The reader is referred to Refs. 1–6 for a
more detailed description of the methods used to optimize
the piezoelectric material performance.

The term ‘‘piezoelectric transducer’’ is most frequently
used when referring to devices that produce mechanical
waves when stimulated or excited electrically. Piezoelec-
tric transducers are usually reversible and will produce
electrical signal from an applied mechanical deformation.
These transducers are most commonly used as pulse-echo,
transmit-receive, or pitch-catch devices in visualization of
human organs with ultrasound energy. Transducers can
operate in resonant or nonresonant mode. In resonant
mode, the transducer operates at its fundamental mode of
vibration, whereas in nonresonant mode, the transducer is
forced to operate at frequencies different than the funda-
mental frequency. Quartz crystals that are primarily used
for narrow-band applications show a relatively low (on the
order of 10%) electromechanical coupling coefficient, a
measure that is used as an indicator of energy conversion.
As quartz is inherently low-loss, it can generate a high-
power field without unwanted heat in the device. The
ceramics have more losses but a much wider bandwidth
(more details below).

Sensors are usually described as devices that convert a
mechanical input signal into an electrical signal for
further use, whereas piezoelectric sensor-actuators would
sense and then respond to an electrical excitation signal
that, in turn, can be used to initiate a corrective action, for
example. In the past few years, microminiaturization and
wireless sensor operation became important. In biomedi-
cal applications, such development will soon prove its
usefulness in the home sensors market. More specifically,
in-home health-care sensors would enable people to age
while staying in their homes and enjoying relative inde-
pendence. This new generation of intelligent sensor net-
works will include human-to-human, human-to-machine,
and machine-to-human interactions. It will also help to
monitor patients around the clock and therefore help in
curtailing health-care costs without compromising the
quality of care.

Sensors are also needed to detect the presence of
infectious or poisonous agents, such as anthrax, nerve
gas, smallpox, etc. Piezoelectric sensors that make use of
surface acoustic waves (SAWs) may be particularly useful
in these applications (9).

2. BIOMEDICAL IMAGING TRANSDUCERS

Ultrasonic imaging is widely used in medicine because the
waves generated by piezoelectric transducers do not have
the hazards of ionizing radiation, so that examinations
can be repeated and performed on children and pregnant
women. The most common ultrasound imaging transdu-
cers use a piezoelectric element that is designed to pro-
duce maximum (to within the allowed limits) electric and
mechanic energy output at the fundamental resonance
frequency. This frequency corresponds to that at which the
piezoelectric material thickness is equal to approximately
one-half wavelength. The piezoelement can also vibrate at

1
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odd harmonics of the fundamental frequency, at the ex-
pense of lower energy conversion.

In Fig. 1, the basic construction of an imaging trans-
ducer is shown (10). The thickness of the piezoelectric
material (ceramic) with deposited electrodes and attached
terminals is equal to half of the operating frequency
wavelength and usually has two quarter-wavelength
matching layers (they can be replaced by a single expo-
nential matching layer) attached to the sound emitting
surface to optimize the energy transfer between the probe
and the body or tissue. Focusing properties are governed
by the lens, whereas the backing material helps to control
the bandwidth of the transducer, which must be wide
enough to allow the short pulses that are needed for good
spatial resolution to be generated.

There are several software models, such as KLM,
PiezoFlex, and Field II (11–13), that are used to predict
the behavior of the imaging transducer, and they are
extensively used in transducer design and optimization.
Although single-element transducers were widely used in

the early days of ultrasound imaging, at present, their use
is less common. In the past 20 years or so, these transdu-

Table 1. Key Piezoelectric Transducer Design Parameters

A. For Several PZT Ceramics and Single Crystal Material PMN-PTa

Ceramic Single Crystal

Units PZT5-H PZT4 PZT8 PMN-32%PT

e33r
T 3526 1448 1135 6299
e33r
S 1227 652 578 615

tan(d) 0.017 0.0054 0.0034 0.006
k033 0.70 0.66 0.62 0.91
v (mm/ms) 3.83 4.10 4.12 3.61
Qm 60 308 527 108
Z (MRayl) 29.8 31.8 30.5 29.2
r (g/cc) 7.8 7.50 7.42 8.1

B. For Different PZT Ceramicsb

Material Longitudinal
Velocity m/sec

Density kg/m3 Acoustic Impe-
dance MRayls

Clamped Di-
electric Con-
stant e33

S /eo

Coupling Coef-
ficient kt

Electrical
Loss Tan-

gent de

Mechanical
Loss Tangent

dm

PZT-2 4410 7600 33.5 260 0.510 0.005 0.001
PZT-4 4600 7500 34.5 635 0.510 0.004 0.002
PZT-5A 4350 7750 33.7 830 0.490 0.020 0.013
PZT-5H 3560 7500 26.7 1470 0.505 0.020 0.015
PZT-6A 4570 7440 34.0 730 0.389 0.020 0.002
PZT-6B 4820 7550 36.4 385 0.301 0.009 0.001
PZT-7A 4800 7600 36.5 235 0.500 0.017 0.002
PZT-8 4580 7600 34.8 590 0.462 0.004 0.001

aCourtesy of M. Zipparo, Tetrad Corporation, Colorado (3).
bCourtesy of G. Keilman, Sonic Concepts, Inc. Washington (11).

PMN-PT¼solid solution single crystal of lead magnesium niobate-lead titanate.

Full description for PMN-32%PT composition is: 0.68Pb(Mn1/3Nb2/3)O3-0.32PbTiO3.

All of the data in the table were measured for array element resonators with width-to-thickness ratio¼ 0.5 and length-to-thickness ratio 410.

eT
33r ¼Relative free dielectric constant.

eS
33r ¼Relative free dielectric constant.

tan(d)¼Dielectric loss tangent.

k033 ¼Electromechanical coupling coefficient.

v¼Mechanical velocity.

Qm¼Mechanical quality factor.

Z¼Acoustic impedance.

r¼Density.

Matching layers

Lens

CeramicWire to electrode

Backing

Figure 1. The basic construction of a piezoelectric imaging
transducer, shown in cross section through one ceramic element
(courtesy of J. Wiley Publishers). This figure was previously used
by Reid and Lewin (10).
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cers were almost totally replaced by linear or phased
arrays for real-time imaging. The piezoelectric material
employed in the arrays uses active piezoelectric meshed
with a piezoelectrically inactive material such as epoxy
resin. Such ceramic-epoxy combinations form a composite
material that exhibits improved performance in compar-
ison with the early design transducers, which are made of
solid ceramic materials (2). Piezoelectric composites offer
enhanced bandwidth and an increased electromechanical
coupling factor, which, to a large extent, determines
efficiency in energy conversion.

Recently, another family of composites gained atten-
tion; these composites use single-PMN-PT crystals and
were reported to exhibit superior properties as medical
imaging transducers (2–6). In contrast to PZT-based com-
posites that achieve bandwidth on the order of 75–80%,
the single-crystal materials exhibit fractional bandwidth
well above 100% that can cover two octaves. Two octaves
bandwidth is very desirable as it would allow one imaging
probe to be used for both sub- and harmonic imaging
(14,15).

Optimization of the operating bandwidth while max-
imizing the effective pulse-echo sensitivity is one of the
major challenges in the design of ultrasound imaging
transducers. Such a bandwidth-sensitivity optimized
transducer could potentially operate in a clinically rele-
vant frequency range between 1 and 15 or 20 MHz and
replace the need for several imaging probes that must be
used currently, depending on the location of the organ
being imaged. Such one-fits-all imaging probes would also
improve the diagnostic power of clinicians and contribute
to curtailing of health-care cost.

Design of imaging transducers is complex and requires
a careful examination of all relevant material parameters.
Table 1 (3,10) lists such parameters for different piezo-
electric materials.

It is worthwhile noting that the ceramics from different
manufacturers may exhibit somewhat different values of
characteristic parameters, which can be seen by compar-
ing Table 1A with Table 1B. Nevertheless, an analysis of
all Table 1 data indicates that the selection of PZT 5H type
of ferroelectric ceramic might provide a good pulse-echo
sensitivity of an imaging transducer. However, it would
also significantly increase electric losses because of all
ceramic types PZT 5H exhibits the highest value of
tangent delta, widely accepted as a measure of electric
losses. Consequently, in Doppler imaging, where the
transducer is excited by 10 or more cycles and the pulse
repetition frequency (PRF) can be as high as 20 kHz
(typically in B-mode imaging that uses the shortest pos-
sible pulse generation in order to maximize axial resolu-
tion, it is less then 1 kHz), the power dissipated in the
transducer may lead to surface heating. Such develop-
ment is undesirable as it could lead to inadvertent tissue
necrosis when the transducer is used in direct contact
with a sensitive tissue. Such a situation can take place
when imaging is done with endoscopic, intravascular,
intravaginal, or rectal arrays. Conversely, a selection of
PZT 8 ceramic would minimize the possibility of tempera-
ture elevation at the transducer surface at the expense of
lower pulse-echo (p-e) sensitivity.

3. FLOW MEASURING DEVICES

When an imaging system is operated by emitting ultra-
sonic energy and receiving the waves scattered from
moving structures, it has been found that the frequency
of the received wave is shifted by the Doppler effect. The
shift is proportional to the speed of the moving structure
relative to the transmitter/receiver, and the direction of
the shift depends on the direction of motion.

The effect is used most often in determining the speed
and direction of blood flow. At local constrictions in blood
vessels, the flow speed increases to maintain the same
volume flow as in the remainder of the vessel. Other
applications are the monitoring of fetal heart rate in
assessing multiple births and distress during delivery,
and detecting small clots, called microemboli, that con-
tribute to strokes. Devices for monitoring are usually
operated in the continuous-wave mode, so are relatively
simple, using single-element piezo transducers, and can
be carried in the clinicians’ pocket.

With more involved equipment, imaging can be com-
bined with flow detection to produce maps that show flow
by color-coding regions of the image. In a modification of
this method, the total Doppler-shifted energy is displayed
as a ‘‘power-Doppler’’ display. These systems are used for
diagnosing flow disturbances in many areas of the body.
For example: The circulation to the brain is of major
importance, and carotid artery flow was an early site for
investigation, and has now advanced to the use of ultra-
sound to monitor flow and to detect emboli within the skull
itself; notably the circle of Willis at the base of the brain by
Transcranial Doppler (TCD). These devices use single-
element transducers and are applied to regions of the
skull where the bone is thin, at the orbits and temples
(16,17).

3.1. Biosensors

One of the most widely used technologies employed in the
design and fabrication of piezoelectric sensors is based on
Surface Acoustic Wave (SAW) devices (9). Although well
established in communication applications, the SAW tech-
nology gained attention in acoustic biosensors design only
relatively recently.

One of the primary advantages of the SAW-based
sensors is that they can operate in optically opaque media.
Another advantage is associated with their measurement
sensitivity; frequency can be easily detected with the
overall uncertainty of a few parts per million. Biomedical
sensors should exhibit high sensitivity, selectivity, short
time response, biocompatibility, longevity, and robustness,
which can be achieved by taking advantage of SAW
technology. Also, the SAW technology lends itself to min-
iaturization and minimizes overall cost of the device.

A comprehensive review of SAW Biosensors can be
found in a recent publication (9) that discusses in detail
their principle of operation. Briefly, those sensors react to
measurand in such a way that the sensor responds with
appropriate changes in current, voltage, electrical impe-
dance, phase, or frequency signals that are produced in
response to a given stimulus. In many cases, SAW sensors
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can be considered as frequency generators, in which the
existence of external stimulus changes free-(absence of
stimulus) run frequency proportionally to the input of the
measured signal. More specifically, acoustic SAW sensors
are usually designed to operate at the resonant frequency
and, as noted above, are often implemented as precision
oscillators where the output signal is the frequency shift
proportional to the measured parameter, which is bene-
ficial because the frequency can be measured very pre-
cisely, to within 0.001% without any temperature control.
Also, the frequency signal can be obtained readily in the
digital form that is suitable for further signal processing.
Thus, providing the sensor is equipped with an antenna,
remote measurements can be enabled and performed.
SAW sensors’ technology also allows them to double as
actuators. One such actuator used as a piezoelectric
surgical device was described in Ref. 18.

A family of most sophisticated SAW sensors is designed
to be biochemically sensitive. These biochemically sensi-
tive devices are coated with chemically and biologically
active interfaces, such as semipermeable or selective
membrane. The biosensing part produces physical
changes in its microstructure and these changes are
subsequently converted by the piezoelectric material into
an output electrical signal. As indicated above, in the
simplest implementation, such devices would react to
the changes in mechanical loading of the precision piezo-
electric oscillator of the sensor. It is well known that
adding or removing the mechanical mass loading the
sensor would, respectively, increase or decrease the funda-
mental or effective frequency of oscillations of the device.
The oscillator employs SAW technology and generates
readily measurable change in the frequency of oscillations.
In a typical biosensor implementation, the piezoelectri-
cally sensitive device is integrated with biologically sensi-
tive film so the required specificity can be obtained. The
principle of operation of a SAW technology biosensor that
generates acoustic transverse shear wave is shown in Fig.
2. In Fig. 2, quartz material is used as a Transverse Shear
Mode (TSM) sensor. Quartz is used as a piezoelectric
material because it is chemically resistant and can be
made virtually independent on temperature variations.
Typically, one side of the sensor would be exposed to the
measured medium and the sensor will be covered by a
specific biological coating or film. Proteins, such as en-
zymes and antibodies, and tissue (animal and plant cells)
are often employed as molecular detectors. As attachment
of the biological film to the sensor surface is critical for the
measurement results, they require special biodeposition
techniques to be used. These techniques include molecu-
larly imprinted polymers, techniques for immobilization of
antibodies, and soft lithography patterning for proteins
and cells.

In addition to mechanical phenomena, SAW sensors
can also determine electrical properties of the examined
medium. An electric field within the medium is generated
by mechanical displacement (direct piezoelectric effect) or
results from the electroding architecture of the sensor (9).
As a result, acoustic sensors are capable of measuring
changes in viscoelastic (mass and density, elastic modulus,

viscosity) and electrical (conductivity and dielectric con-
stant) properties of the medium.

The sensor can operate at the fundamental and har-
monic frequencies so the generated shear waves in the
measured medium would have a different penetration
depth ‘‘delta.’’ The measurement of the penetration depth
can provide information on the medium’s parameters,
such as viscosity, as a function of distance by measuring
the appropriate parameters of acoustic surface waves.

3.2. Accelerometers

Piezoelectric accelerometers are widely used in measure-
ments of acceleration, velocity, and displacement in bio-
mechanics. Here, a piezoelectrically active element (often
quartz for enhanced temperature stability) is connected
with a mass that exerts varying force on the element when
exposed to accelerations. The accelerometer output is
almost always fed to a conditioning electronic stage that
includes a preamplifier and two integrators. As accelera-
tion is the second derivative of the displacement ampli-
tude signal, once the acceleration is known, the velocity
and displacement amplitude can be electronically deter-
mined. A modification of the piezoelectric accelerometer
sensor can yield the acoustic impedance measurement.
This impedance is often needed in studies of gait as it is
one of the indicators of bone strength. Accelerometers are
most often used in biomechanical measurements and gait
research.

3.3. Microphones

The principal medical use of piezoelectric elements as
microphones is in the electronic stethoscope. Although
the early models suffered from poor acoustic design, they
now offer excellent performance, which includes local
noise rejection and high gain in selected frequency bands
to emphasize clinically relevant sounds. Many commercial
models are available.

3.4. Piezoelectric Mechanical Actuators

Piezoelectric actuators (19,20) are frequently used to
provide controlled motion of imaging devices, particularly
those such as acoustic microscopes that require motions in
the micron range. Acoustic microscopes operate with
ultrasonic waves in the GigaHertz region to provide
high-resolution images of cells and other biological objects.
Similar scanning devices are used in other microimagers,
such as atomic-force and scanning-force microscopes (21),
that are used to image macromolecules such as proteins.
These scanning actuators are based on structures, such as
the bimorph, that amplify the very small displacements of
the basic piezoelectric elements. In a bimorph, two bars
are cemented together, with one poled to expand when the
other contracts. The resulting bending motion is similar to
that shown by the well-known thermal bimetal strip, and
provides a larger motion than the basic dimensional
change in one bar. In addition, electronic switching of an
array can be effected using microminiature piezoelectric
actuators.
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3.5. Acoustic Wave Generators

Depending on their application, acoustic wave generators
are designed as single- or multiple-element devices (22).
Multielement construction is used in lithotripters that use
numerous (on the order of 3000) single piezoelements that
are mounted on a focused bowl. Each of the elements has
an independent electric driver allowing the excitation
signal to be appropriately phased so the resulting acoustic
beam can be additionally focused and deflected. The
lithotripter device is capable of producing highly focused
(1� 2 mm focal plane cross section) ultrasonic shock
waves having a rise time on the order of tens of nanose-
conds and peak compressional pressure amplitudes on the
order of 100 MPa. Such high amplitudes can comminute a
kidney stone without the need for an open surgery or

laparoscopic, subcutaneous treatment, as the applicator is
positioned outside the patient’s body.

Piezoelectric wave generators are also used to construct
ultrasonic applicators that are used for therapeutic treat-
ment. Such applicators usually operate at 0.75, 1, or
3 MHz and are excited by relatively long tone bursts
operating at the duty cycle of 20%. Consequently, they
are usually designed as narrow-band devices. For compar-
ison, a preferred design of diagnostic imaging transducers
would strive to ensure the widest possible bandwidth.
Such wide bandwidth is most desirable to maximize axial
and lateral resolution while detecting structures that
reflect signals at subharmonic (contrast agents) (9) and
harmonic (contrast agents and 2nd harmonic signal gen-
erated because of the nonlinearity of tissue) frequencies
(15). As already mentioned, to minimize heating effects,
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Figure 2. Principle of operation of Transverse
Shear Wave or Acoustic Shear Wave SAW trans-
ducer (sensor) exposed at one side (top) to a liquid
(water). The ASW sensor generates shear mechan-
ical forces in the form of an acoustic wave. The
sensor can operate either at the fundamental
frequency of 10 MHz (shown) or harmonics as
high as 1 GHz. The depth of penetration, d, is the
function of the density, r; viscosity, Z; elasticity, m
of the adjacent liquid medium; and the angular
frequency of the acoustic wave, o. A shear defor-
mation of displacement x accompanying the wave
penetrates the liquid at a short distance (on the
order of 20 nanometers at 1 GHz) from the surface
of the sensor. It decays exponentially (u) and
exhibits characteristics of an evanescent wave,
which makes the TSM transducer sensitive to
interfacial phenomena, a feature that is useful in
the design of chemical and biological sensors. See
text for additional details. From (9).
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the piezoelectric element in therapeutic applicators is
usually made of quartz or ‘‘hard’’ low-loss ceramic—often
referred to as Navy type PZT 8.

Another family of therapeutic ultrasound applicators is
being developed for thermal treatment of malignant tis-
sue. Successful treatment of prostate cancer with focused
transrectal applicators was already reported (23–26).

Although ultrasound’s ability to accelerate healing of
bone fractures has been clinically available in the past
decade, only very recently did the details of the mechan-
ism of the possible interaction of ultrasound and tissue
became known (27). It appears that when the pressure
wave causes strain at the cell membrane-matrix interface
stimulating phosphorylation of integrins and initiating
intracellular signaling (27). Phosphorylated integrins, the
last step in the signaling pathway, enters the cell nucleous
and increases expression of gene coding for cartilage
matrix proteins. This increased gene expression leads to
enhanced matrix protein synthesis, earlier replacement of
cartilage by bone, and earlier bridging of the fracture site
(27).

One of the emerging applications of powerful piezo-
electric sources has been proposed in transcranial, non-
invasive brain intervention (28). A highly focused
piezoelectric source operating at a frequency of about
700 kHz is used to heat the brain tumor through skull
bone. Recent studies also indicate that the focused ultra-
sound field can locally open the blood-brain barrier with
the negligible effects on brain parenchyma (29). If success-
ful, such treatment might have a significant impact on the
treatment of brain tumors and targeted drug delivery to
treat brain disorders.

In the lower end of the ultrasound spectrum, single-
element acoustic wave generators operating in the 50–
100 kHz range are used in nebulizers to produce ‘‘cold fog’’
by focusing an intense field at the surface of a liquid. The
liquid is cavitated into tiny, airborne droplets. These
nebulizers can also deliver drugs by inhalation.

In another low-frequency application, piezoelectric
wave generators have been developed for noninvasive
insulin delivery (7,8). They operate at 20 kHz frequency
and make use of specially designed housing to maximize
acoustic output. The ‘‘cymbal’’ devices generate intensities
on the order of 100 mW and are capable of pushing the
relatively large insulin particle through the skin.
Although not fully developed as yet, they are expected to
find applications in noninvasive drug delivery and insulin
patches.

Recent advances in the emerging new imaging techni-
que, referred to as elastography or sonoelasticity (30),
have also created a need for piezoelectric devices acting
as acoustic sources to deliver energy to the body. These
sources operate at a different frequency than the ultra-
sonic imaging system and act to displace tissue structures.

Elasticity imaging is of interest as it can provide
information on elastic properties of tissue that is comple-
mentary to the conventional B-mode ultrasound imaging,
where the picture is built based on the differences in
acoustic impedances and the strength of the received
echoes from the insonified structures. The elastography
or sonoelasticity imaging requires local tissue displace-

ment as it must collect the signal prior to and during
tissue compression. Acoustic Radiation Force was pro-
posed for tissue displacement (31–36). However, genera-
tion of an adequate force level requires excitation with
long pulses, which leads to an excessive heat generation.
The use of conventional PZT ceramics or their composites
is not appropriate here, and it is expected that a successful
implementation of Acoustic Radiation Force Imaging
(AFRI) will require new piezoelectric materials with mini-
mized losses to be employed. ARFI imaging was also
proposed for monitoring of thermal lesions during ther-
apeutic treatment with piezoelectric devices (33).

4. CONCLUSIONS

A brief review of the selected piezoelectric devices in
biomedical applications was given. The importance of
new piezoelectric materials used to design those devices
was also pointed out. Quartz material application in SAW
biosensor devices was pointed out as the emerging tech-
nology that would provide the desirable microminiatur-
ization of a variety of biosensors. The possibility of
microminiaturization of those biosensors together with
their ability to provide multiparameter analysis could
facilitate implementation of an individual wearable or
portable in situ chemical laboratory tailored to the pa-
tient’s needs. Additionally, those sensors combined with
wireless technology could forward, via remote control, the
requested data directly to the clinician’s or general practi-
tioner’s office, which could also aid in curtailing the cost of
health care and promote prevention and early detection
rather than delayed treatment of diseases.

It was also pointed out that, in addition to being
employed in a variety of diagnostic devices, piezoelectric
materials are used in many therapeutic applications, such
as nebulizers, lithotripters, and thermal applicators. In-
creasingly, the diagnostic and therapeutic ultrasound
devices are combined into one assembly, creating hybrid,
clinically relevant machines, capable of real-time monitor-
ing of the progress of the tissue treatment. It should be
stressed that the performance of the piezo-devices dis-
cussed above not only depends on the mechanical and
acoustic design but also on the design and performance of
the associated electronics.

In the future, the ongoing search for new piezoelectric
materials will not only improve the existing devices but
also will undoubtedly lead to the development of new
biomedical applications.
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1. INTRODUCTION

The development of plasmapheresis (plasma separation
from whole blood) and more generally that of apheresis
(fractionation of blood components) was spurred by the
need to transfuse blood components such as plasma,
platelets, factor VIII, and so on, besides red blood cells
(RBCs). Although the first successful plasma separations
in animals were performed in 1902 by Hedon using
centrifugation and in 1914 by Abel using membrane
filtration (1), it was only in 1944 that plasma collection
from donors by centrifugation of blood bags began. This
technique was extended to therapeutic plasma purifica-
tion in 1950. Plasma separation from whole blood can
easily be achieved by centrifugation at 350 g for 20min as
red cells are slightly heavier than plasma (1.10 kg/L
against 1.03kg/L). Platelets, in turn, can be separated
from a platelet-rich plasma by centrifugation at 1200 g for
30min. A closed system of three bags permitted comple-
tely aseptic separation of plasma, platelets, and RBC by
using a specially designed press to squeeze the blood bag
after centrifugation. Each blood bag collected must have
been centrifuged and the supernatant squeezed into the
plasma bag before the remaining red cells could be re-
infused to the donor. This procedure was repeated three
times to collect 600ml of plasma, which is the standard
volume in plasma donation requiring no replacement
fluid. Although this procedure could not be automated
and was time-consuming (1h, 30min), it was used in the
1980s because of its low cost for disposables. However,
RBCs were rendered fragile by the centrifugation and the
plasma was not completely platelet-free.

The replacement of centrifugation by membrane micro-
filtration for plasma separation was proposed in 1977 by
Salomon et al. (2), and its clinical potential was confirmed
in 1980 by Samtleben et al. (3). Plasma separation with a
microporous membrane, its nominal pore size varying
from 0.2 to 0.5mm, can yield higher-quality platelet-free
plasma and red cells can be either continuously returned
to the donor or saved in another bag for blood transfusion.
But the cost of disposable hollow-fiber filters was high and
a risk of hemolysis (free hemoglobin release) existed
because of RBC damage by contact at the membrane if
the pressure difference across the membrane was too high.

Plasma separation by membrane is also a required first
step for the treatment of pathologic plasma in the case of
autoimmune diseases, as the patient retains his own
RBCs while his plasma is replaced by an albumin solution
or fresh frozen plasma obtained from donors (plasma
exchange therapy). Other more selective plasma purifica-
tion techniques consist of eliminating pathologic immu-

noglobulins or low-density lipoprotein (LDL) cholesterol
familial hypercholesterolemia, either by secondary filtra-
tion, chemical adsorption, or immunoadsorption. A de-
scription of various applications of plasmapheresis can be
found in the book edited by Smit Sibinga and Kater (1).

Presently, continuous centrifugation is mostly re-
stricted to a donor’s plasmapheresis, whereas plasma
separation by membrane is preferred in therapeutic ap-
plications.

In France alone, about 220,000 plasmapheresis and
65,000 cytapheresis (collection of platelets, factor VIII,
etc.) are performed every year, against 2,400,000 blood
donations. However, 600ml of plasma can be collected
from the same donor every 2 weeks if needed, whereas
only 400ml of blood at a time can be collected from the
same donor in 8-week intervals.

2. PRESENT METHODS FOR PLASMA COLLECTION FROM
DONORS

2.1. Plasmapheresis by Continuous Centrifugation

Continuous centrifugation with simultaneous fractiona-
tion of various cellular elements, RBCs, white blood cells
(WBCs), and platelets has generally replaced discontinu-
ous centrifugation with the double bag technique. Blood
flow can vary from 80 to 150ml/min, whereas plasma flow
rate is of the order of 25 to 35ml/min. Thus, 600ml of
plasma can be collected in 30 to 40min. For plasma
donation, blood access is achieved with a single needle,
which operates alternatively in withdrawal and restitu-
tion mode, to spare the donor’s vein (Fig. 1). In therapeutic
plasma exchange, in which 2.5 to 3L is exchanged, blood
access necessitates two needles, one for withdrawal and
one for restitution of red cells, in order to have a larger
mean blood flow permitting a higher rate of plasma
production and also to avoid any risk of recirculation. In
this case, the monitor must also regulate the replacement
by an albumin solution necessary to maintain protein
concentration and oncotic pressure in the patient. As
seen in Fig. 1, the spinning centrifuge bowl can be con-
structed to collect separately RBC, WBC, and platelets
that have different densities. These different cells are
directed into separate collection bags, whereas only the
RBC are restored to the patient. Main manufacturers of
plasmapheresis monitors by centrifugation are Baxter and
Haemonetics in the United States and Dideco, Fresenius,
and Gambro in Europe.

2.2. The BAXTER Autopheresis C System

This system was first introduced by an American company
(Hemascience, Santa Ana, CA) for plasma collection from
donors. It uses a cylindrical membrane of only 58 cm2 area
rotating at 3600 rpm inside a concentric cylinder of 2.9 cm
inner diameter (Fig. 2). Blood inlet and outlet are mounted
tangentially, respectively at the top and bottom of the
cylinder and plasma is collected through grooves molded
on the inner cylinder supporting the membrane and
leaves the filter through a duct in the rotation axis at
the bottom.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



The presence of Taylor vortices generated in the gap
between the membrane and housing enhances the shear
rate at the membrane. As the plasma permeate flux is
proportional to the shear rate (2, 4), it is thus very high
(about 0.5 cm/min or 300L/hm2), which permits the use of
a very small membrane area (58 cm2). Beaudoin and
Jaffrin (5) have shown that in the presence of Taylor
vortices the increase of the shear rate at the membrane
g in s� 1 is given by the equation

g¼ 0:23O3=2R5=4=ðe1=4n1=2Þ; ð1Þ

where O is the angular velocity in rad/s, R is the mem-
brane radius in m, e is the radial gap in m, and n is the
blood kinematic viscosity in m2/s. This system was later
commercialized by Baxter under the name Autopheresis
C.

Initially, the membrane was in polycarbonate with
0.8 mm pores, but because its peak flux occurred in a
narrow transmembrane pressure range (see Fig. 3) it
was replaced later by a nylon one with 0.5 mm pores, which
yielded a constant permeate flux above 50mmHg (Fig. 3)
(4), and pressure adjustment was less critical. This device
was successfully applied to therapeutic plasma exchange
by Kaplan et al. (6), who, after increasing the pressure

setting, were able to collect 3L of plasma from a patient in
90min.An interesting modification to this device has
consisted in first separating the blood by centrifugation
into a platelet-rich plasma using a similar rotating system
without a membrane. Then, the platelets were separated
from the plasma using the Autopheresis C, with minimal
contamination by leukocytes and red cells.

3. THERAPEUTIC APPLICATIONS OF MEMBRANE–BASED
PLASMA SEPARATION

3.1. Theory and Practice of Plasmapheresis by Membrane

Membranes used for plasma separation must transmit all
plasma proteins from albumin (69 kDa) to LDL cholesterol
(2000 kDa) and completely retain platelets (2mm dia-
meter), RBC (8mm diameter), and WBC, which are larger
and less flexible than RBC. Their nominal pore size varies
from 0.2 to 0.5mm, which corresponds to microfiltration.
They are generally made of synthetic hollow fibers with
inner diameter of 250 to 350 mm. Their areas vary from
0.1m2 to about 0.65m2 for therapeutic plasmapheresis
with a unit cost of 30 to 250 h depending on their size.

As hemofiltration, plasmapheresis by membrane is
achieved by water and plasma solutes transfer through a
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RBC's

WBC's

Whole blood from donor

Inner core
Plasma

Platelets

White blood cells

Red blood cells

Spinning contrifuge bowl

Platelets

White
cells
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Platelets

Figure 1. Haemonetics continuous centrifugation device for blood fractionation.
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semi-permeable membrane under a convection process.
The transmembrane pressure applied between blood and

filtrate compartments ensure flow and mass transfers.
Filtration flow rates are limited by the build-up of a
concentration polarization layer on the membrane, mainly
composed of cellular components. Besides limiting filtra-
tion, this phenomenon might lead to hemolysis when cells
are submitted to uncontrolled strains. Therefore, operat-
ing conditions during membrane plasmapheresis need to
be strictly controlled to avoid these drawbacks.

3.1.1. Concentration Polarization Layer. The mass bal-
ance in the layer leads to the definition of a maximum
filtration flux Jf :

Jfmax
¼ 0:81

gwD
2

L

 !1
3

log
Hg

Hb

� �

; ð2Þ

where gw is the wall shear rate (s� 1) defined as

gw¼
32QB

Npd3
ð3Þ

where D is the RBC diffusivity (m2s� 1); N, L, and d are the
number, length, and diameter of fibers (m), respectively;
Hg is the hematocrit in the concentration polarization
region; and Hb is the hematocrit of circulating blood.
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channel

Membrane

Inlet blood flow

Fixed cylinder

Membrane
support

& plasma
channel

Figure 2. Schematic of rotating cylindrical filter
for plasma collection from donors.
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RBC diffusivity is very low under static conditions
(order of magnitude, 10� 13m2s� 1). Under shear condi-
tions, an additional rolling motion increases their diffu-
sivity, which can be calculated as follows:

Deff ¼ 0:025r2 gw¼kgw: ð4Þ

Replacing Equation 4 in Equation 2 and based on empiri-
cal data, the maximal filtration flux can be estimated as
(CGS units):

Jfmax
¼ 1:41 10�6

gw
L1=3

; ð5Þ

corresponding to a maximum filtration flow rate:

Qfmax
¼ 4:5 10�5

QBL
2=3

d2
: ð6Þ

3.1.2. Hemolysis. The hemolysis risk depends on both
forces applied to RBC when they are ‘‘trapped’’ in the
concentration polarization layer, because of compression
forces exerted by transmembrane pressure (TMP), and
shear forces because of tangential flow. Experiments
showed that admissible TMP increased with increasing
wall shear stresses.

The local transmembrane pressure mainly depends on
the pressure drop along the membrane length, described
by the Hagen–Poiseuille law.

DP¼
64mL

pNd4
QB: ð7Þ

Although compromises need to be found, in clinical prac-
tice, it is considered that Qf should never exceed one-third
of the inlet blood flow rate QB.

3.2. Plasma Exchange

Plasma exchange can be performed by membrane filtra-
tion to avoid RBC damage, which centrifugation cannot
guarantee. Figure 4 represents a schematic of a hollow
fiber plasma filter and its extracorporeal circuit. The
removed plasma (2.5–3.5L) is discarded and replaced by
fresh frozen plasma collected from donors or albumin
concentrate prepared as described later in this article.
Table 1 lists available plasmapheresis filters and their
characteristics. This technique is applied in various spe-
cialties such as nephrology, haematology, and neurology,
and in cases such as thrombotic thrombocytopenic pur-
pura, myasthenia gravis, chronic inflammatory demyeli-
nating polyneuropathy, Waldenstrom macroglobulinemia,
the Guillain–Barré syndrome, rheumatoid arthritis, sys-
temic lupus erythematosus, and multiple sclerosis.

3.3. Selective Plasma Purification

The treatment of several autoimmune diseases and of
familial hypercholesterolemia generally requires the re-

moval of a single pathogeneous molecule such as LDL,
IgA, or IgG for Guillain–Barré syndrome; IgM for Wal-
derstom macroglobulinemia; and so on. Such techniques
can also be used for liver supply purposes, including
charcoal and ion-exchange columns to remove albumin-
bound toxins (7). Thus, it is logical to try to only remove
specific molecules, which avoids the need of substitution
by albumin or fresh frozen plasma to compensate protein
loss such as in case of total plasma exchange.

Various techniques have been developed for selective
plasma purification (8). Although their efficiency has been
well validated, they have been slow in getting widespread
acceptance because of their high cost and complexity.

3.3.1. Cascade Filtration with a Secondary Membrane. -
Cascade filtration, which was initially proposed by Agishi
et al. (9), consists of filtering the collected plasma after
separation on an ultrafiltration filter selected so as to
retain the pathogeneous molecule, as shown in Fig. 5. This
technique is now mostly used for removal of LDL (bad
cholesterol), as its molecular weight (2000kDa) is much
larger than that of HDL (good cholesterol, 400kDa),
albumin (69 kDa), and IgG, which are easily transmitted
by the secondary membrane. This second filtration is
generally carried out in quasi dead-end mode with a
retentate flow rate that is less than 15% of inlet flow
rate in order to minimize albumin losses in the discarded
retentate. This method is more economical than adsorp-
tion columns. However, like all filtration methods, it is
subject to membrane fouling, which decreases permeate
flux selectivity during the filtration, and operating condi-
tions need to be optimized in order to maximize selectivity.
Thermofiltration consists of warming the plasma to 421C
to prevent cryogel formation in the secondary filter (10).
Table 1 lists available filters for plasma purification or
fractionation. Their membrane area is larger than that of
plasma filters in order to reduce fouling, and they are
generally more expensive.

A review of plasma purification using secondary filtra-
tion has been presented by Siami et al. (11) and Table 2
(11) lists the diseases treated with this technique. Dis-
eases treated include immune-mediated disorders and
familial type IIA hypercholesterolemia. The pore size of
membranes used ranged from 0.02 to 0.04mm, and in some
instances a cryoglobulin filter with an average pore size of
4.3 mmwas used to remove cryoprecipitable proteins. They
concluded that secondary filtration presented several
advantages with respect to plasma exchange (PE). No
side effects occurred, such as infection or allergic reactions
to replacement fluid, and ABO compatibility testing was
not needed. It was also more cost effective than plasma
exchange because of scarcity of available plasma. As
plasma is reduced in secondary filtration as compared
with PE, the procedure can be carried out through per-
ipheral veins instead of central vessels and less antic-
oagulant is needed. The disadvantage of secondary
filtration is a lack of selectivity for low-molecular-weight
molecules such as b2-microglobulin. Also, it may not be
efficient for treating thrombotic thrombocytopenic pur-
pura (TTP). The authors concluded that cryoglobulins
filters were safe and effective for removing cryoproteins,
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did not induce complement activation, and constituted one
of the most promising techniques of secondary membrane
application.

3.3.2. Adsorption Techniques. Adsorption on a chroma-
tography column can be a more selective technique than
secondary filtration because the target molecule gets
bound to a ligand itself attached to chromatography beads,
as the column is perfused with the patient’s plasma. The
best known examples of ligands are dextran sulphate for
removing LDL-cholesterol (see Fig. 6) (12) and hydropho-
bic compounds to adsorb b2-microglobulin for treatment of

amyloidosis. These techniques are expensive and may
induce biocompatibility problems with the introduction
of new foreign materials in extracorporeal circuits. A list
of target molecules and ligands and corresponding ther-
apeutic applications is given in Table 3. Two commercially
available systems have been described by Legallais et al.
(12).

3.3.2.1. Liposorber LA15 (Kaneka). This system has
been widely used for LDL removal in Japan and in
Europe. The extracorporeal circuit is based on the princi-
ple described in Fig. 6. Dextran sulfate, with a molecular

P
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P
anticoagulation

QB

QFPlasma filter

RBC

Plasma

waste

substitution
fluid

Figure 4. Hollow fiber plasma filter with its ex-
tracorporeal circuit.

Table 1. Commercially Available Membrane Filters for Plasma Separation and Fractionation1 Channel Height (Plate-Type
Filter)2—Membrane Cut-Off at 90% Rejection3—Cut-Off not Available

Manufacturer Filter Membrane Membr area m2 Pore diam mm In fiber diam mm

Plasma separators

Baxter, USA CPS-10 polypropylene 0.17 0.55 320
Gambro, Sueden PP polypropylene 0.38 0.5 330
Fresenius, Germ Plasmaflux polypropylene 0.50 0.5 330
Dideco, Italy Hemaplex polypropylene 0.20 0.5 320
Asahi, Japan Plasmaflo 06 polyethylene 0.65 0.2 370
Asahi, Japan Plasmaflo 03 polyethylene 0.30 0.2 330
Asahi, Japan Plasmaflo 08 polyethylene 0.80 0.2 330
Kuraray, Japan Plasmacure polysulfone 0.30 0.2 300
Toray, Japan Plasmax PS 05 PMMA 0.50 0.5 370

Plasmax PS 02 PMMA 0.15 0.5 370
Terumo, Japan PS-4000 Cellulose acetate 0.50 0.45 80(height)1

Nippro, Japan PEX-50 Cellulose triacetate 0.50 0.4 270
Gambro Prisma TPE polypropylene 0.35 0.5 330

Plasma fractionators (secondary membranes)

Dideco, Italy Albusave BT902 Cellulose diacetate 1.00 0.02 350
Asahi, Japan Cascadeflo AC1730 Cellulose diacetate 1.7 2 106 210

Cascadeflo AC1760 Cellulose diacetate 1.7 2 5 106 210
Cascadeflo AC1770 Cellulose diacetate 1.7 2 107 210

Kuraray, Japan Eval filter 2A Ethylene vinyl alcohol 1.00 0.01 200
Eval filter 3A Ethylene vinyl alcohol 1.00 0.02 200
Eval filter 4A-5A Ethylene vinyl alcohol 1.00 0.03 200

Toray, Japan Plasmax AS08 PMMA 0.80 3 370
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weight of 1000Da, was selected because of its high affinity
for ApoB and its low toxicity.

The clinical studies reported by Olbricht (13) indicate
that two small columns running in parallel achieve the set
goals. The columns are switched between 6 to 10 times per
treatment depending on the severity of the hypercholes-
terolemia and thus on the plasma volume to be processed.

One session per week is necessary in order to maintain the
patient LDL-cholesterol level below the acceptable thresh-
old.

3.3.2.2. DALI (Fresenius). LDL removal is achieved
here with another anionic compound, polyacrylate. Its
affinity for LDL is lower than that of dextran sulfate
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Figure 5. Schematic of a cascade filtration
circuit for plasma purification with a secondary
membrane.

Table 2. Diseases Treated with Secondary Membrane Filtration (11)

Disease Pathogen removed Membrane Type

Myasthenia Gravis Anti-AChRab 2A Evaflux
Guillain Barre Syndrome IgG antibody 2A Evaflux
IgG (IgA) Gammopathy IgG (IgA) antibody 2A Evaflux
Idiopathic throbocytopepenic Purpura IgG platelet antibody 2A Evaflux
Factor XI deficiency FXI IgG inhibitor 2A Evaflux
Type I Cryoglobulinemia Monoclonal IgG 2A Evaflux
Waldenstrom Macroglobulinemia IgM antibody 4A Evaflux
Castleman Syndrome IgM antibody 4A Evaflux
Familial Hypercholesterolemia LDL-Cholesterol 4A Evaflux
Type II Cryoglobulinemia Mono IgM and poly IgG Cryoglobulin filter
Type III Cryoglobulinemia Polyclonal IgM or IgG Cryoglobulin filter

Waste
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Figure 6. Principle of LDL adsorption (Kaneka)
(from Ref. 12, with permission).
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because of the absence of sulfonate or sulfate group, but its
ionic characteristics are mainly the same. The main
difference in the set up is the direct perfusion of the
adsorption column by the blood, which makes it easier to
operate. The adopted principle is the size exclusion chro-
matography: The ligands are located at the inner surface
of the porous beads (diameter 100nm) representing an
available area of about 1200 m2. The blood cells are hence
excluded from the pores, where LDL are adsorbed, allow-
ing only a minor ligand-cell interaction.

3.3.3. Immunoadsorption. The term immunoadsorption
describes the use of biological ligands binding very speci-
fically the target molecules by their respective antibodies.
The nature of the binding is complex (i.e., based on the
complementarity of charge, hydrophobicity, and shape). A
well known example is immobilized protein A because it
can be considered as a super antigen for all types of
immunoglobulins. The other devices are based on anti-
gen-antibody recognition. Table 4 lists various applica-
tions of protein A columns (11).

Fresenius Hemotechnology markets two different im-
mobilized protein A columns (Prosorba and Immuno-
sorba). They differ by the support and sizes. The
Immunosorba system (ex Excorim) relies on the alternate
adsorption using two columns in parallel. Elution is
achieved either under very acidic or under very basic pH
conditions. The efficiency of protein A for total IgG and
CIC removal is very high.

3.3.3.1. Immobilized Antibodies (Therasorb). This de-
vice (Fig. 7) exploits the immobilized antibodies to speci-
fically and reversibly bind their respective antigens. Thus,
it represents the highest specificity in blood purification
devices. The company Miltenyi Biotec (Germany) markets
two devices based on polyclonal antibodies originating
from sheep and developed against either ApoB or IgG.
They are not directed against a very specific molecule:
LDL-Therasorb adsorbs VLDL, LDL, and Lp(a) and Ig-
Therasorb adsorbs all kinds of immunoglobulins. The
applications are similar to those of protein A or trypto-
phan columns for IgG removal. They are very expensive,
but a sterilization technique makes it possible to reuse
them at least 20 times for Ig-Therasorb and 40 times for
LDL-Therasorb.

A comparison of various systems for LDL removal has
been presented by Matsuda et al. (10). The authors
reviewed plasma exchange secondary membrane filtration
using a Kuraray 5A filter; thermofiltration, consisting of
heating the plasma in a secondary circuit to 421C; the
Kaneka adsorption system (dextran sulfate); immunoad-
sorption; and the HELP system (heparin-induced extra-
corporeal LDL precipitation). These systems were
evaluated from the point of view of their complexity,
selectivity, safety, and cost. The results of this scoring
are given in Table 5 (10).

Table 3. List of Adsorption Columns for Extracorporeal Purification

Ligand Target molecule Disease Manufacturer

Dextran sulfate LDL-Cholesterol, Lp(a) Familial hypercholesterolemia Kaneka,Japan
Polyacrylate LDL-Cholesterol, Lp(a) Familial hypercholesterolemia Fresenius, Germ
Anti Apo B LDL-Cholesterol, Lp(a) Familial hypercholesterolemia Therasorb, Germ
Anti IgG Immune complex,

immunoglobulins
Autoimmune diseases,

Preparation to
transplantation

Therasorb, Germany

Protein A Immune complex,
immunoglobulins

Autoimmune diseases,
Preparation to
transplantation

Fresenius, Germ

Tryptophane, Phenylalanine Immune complex,
immunoglobulins

Autoimmune diseases,
Preparation to
transplantation

Asahi, Japan

Hydrophobic compounds Beta2 microglobulin Amyloidosis Kaneka, Japan

Table 4. Clinical Applications of Protein A Columns (12)

Application/Disease Molecule to be removed Results Comments

Immunomodulation
preparation to graft

Anti HLA antibodies Survival rate of kidney or heart
transplantation recipients

Need for a better definition of
target patients

Malignant diseases Circulating immune complexes
(CIC)

Not complete by established
transient effect

Depends on the tumor severity

Autoimmune diseases : SLE,
ITP y

Antiplatelet IgG RBC
autoantibodies

About 50% success allows
transfusion

Transient effect

Hemophilia Anti factor VIII or IX Allows efficient injection of
factor VIII and IX
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4. MONITORS

Monitors for therapeutic plasmapheresis generally offer
multiple functions. They associate a microfiltration unit
for plasma separation and, if necessary, a selective re-
moval system by secondary filtration, adsorption, or im-
munoadsorption. They might be derived or associated
with other blood purification techniques such as hemofil-
tration performed in intensive care units or live support
systems. Their operating principle is similar to that of
centrifugation monitors. A first pump upstream of the
filter withdraws the patient’s blood and circulates it into
the plasma filter. A second pump on permeate regulates
the plasma flow rate to less than one-third of inlet blood
flow, in order to avoid rapid membrane fouling and
hemolysis. Formed elements (RBCs, WBCs, and platelets)
and unfiltered plasma are returned to the patient whereas
filtered plasma is directed either to the waste or to the
selective removal unit. The purified plasma resulting from
the selective step is returned to the patient. The monitors
control the various pressures in the circuit, at filter inlet
and outlet, transmembrane pressure (TMP), and so on and
heats up blood back to 371C before re-infusion to the
patient. The main manufacturers are Asahi (Plasauto),
Kuraray (KM8500/8800), and Kaneka in Japan; and B.

Braun, Bellco (Abyle), Dideco (Excel pro), Fresenius
(AS104, CITEM 10), Gambro (Prisma), Medtronic (Rand
Performer), and Miltenyi Biotec (Life18) in Europe and
the United States.

5. OTHER APPLICATIONS OF PLASMA SEPARATION FROM
WHOLE BLOOD

5.1. Preparation of Albumin Concentrates from Plasma

Albumin concentrates for medical use is generally pre-
pared from pooled human plasma collected from donors by
the method of Cohn et al. (14). This method is based on
precipitation of immunoglobulins in presence of ethanol.
In the final step, the supernatant, known as fraction IV,
only contains 15 g/L of albumin and 40% by volume of
ethanol. It is then necessary to reduce ethanol concentra-
tion to less than 0.1 g/L by diafiltration and to concentrate
albumin to 210 g/L by ultrafiltration. Membranes used are
generally made of polysulfone with 10–15kDa cut-off in
order to retain albumin to more than 98%. An optimiza-
tion of this process has been made by Charrier and Jaffrin
(15), who found that process time, as well as the amount of
water needed, was minimized when the diafiltration step
was carried out at the final albumin concentration.

Figure 7. Therasorb monitor.

Table 5. Comparison of LDL Removal Systems (10) with permission

System Complexity Selectivity Safety Cost Total Overall rank

Plasma exchange 1 6 4 4 14 4
Secondary filtration 2 5 2 2 11 2
Thermofiltration 3 4 1 1 9 1
Kaneka 4 2 3 3 13 3
Antibody 5 1 6 5 17 5
HELP 6 3 5 6 20 6
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5.2. Blood Salvage During Surgery

A recent study of plasma separation from red cells by
membrane concerns blood salvage during surgery, which
permits the avoidance of risks associated with blood
transfusion from donors. When the blood is collected
from the operating field by suction, it is mixed with
anticoagulant, micro-aggregates, and debris. During car-
diac surgery, the blood gets diluted with cardioplegic fluid
and has to be reconcentrated by a factor of 2 to 3 to reach a
hematocrit of 50% before re-infusion. Orthopedic surgery
hemolyzes the blood and the level of plasma-free hemo-
globin has to be reduced by a factor of up to 6 by dilution
with saline. Automatic cell processors for autotransfusion
based on centrifugation are available, but these units are
generally too costly (around $60,000) for small surgical
units. In addition, platelets cannot be re-infused to the
patient with these systems and additional hemolysis may
be produced by centrifugation. An autotransfusion device
using an ultrafiltration membrane was proposed by Solem
et al. (16), but this membrane choice prevented the
removal of plasma-free hemoglobin. Legallais and Jaffrin
(17) investigated a system containing successive hollow-
fiber plasma filters fed by gravity with introduction of
saline from bags between the filters to ensure washing. By
proper optimization of the system, 500ml of recovered
blood could be washed by using 750ml of saline with a
total filter area of 0.5m2. The hematocrit was raised from
20 to 50% whereas plasma-free hemoglobin was lowered
by a factor of five. Another membrane system, the Hae-
mocell 350, which used the Bellhouse concept (18) of
micro-vortices generated along a dimpled microporous
PVDF membrane was tested clinically by Kalra et al.
(19). This system was able to recover satisfactorily all
blood-formed elements and a decrease of plasma-free
hemoglobin, but because of the small membrane area
used (450 cm2), the final hematocrit after washing was
not high enough.

6. SUMMARY

* Plasma collection from donors: performed by contin-
uous centrifugation using a disposable centrifugation
bowl in extracorporeal circuit or by a disposable
rotating cylindrical filter (pore size 0.5 mm), with
continuous restitution of red blood cells to the donor.
Possibility of separating platelets from plasma. Dura-
tion, 30–40min for collecting 600ml of plasma.

* Therapeutic applications: treatment of autoimmune
disease, LDL removal, artificial liver.

* Procedures:

1. plasma exchange (2.5–3.5 L) by membrane filtra-
tion, replacement by fresh frozen plasma or albu-
min concentrate.

2. selective plasma purification

1st step :plasma separation by membrane.
2nd step removal of pathogeneous molecule

a.
by secondary ultrafiltration or

b. by adsorption, or
c. by immunoadsorption
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1. INTRODUCTION

Platelets are known to contain many substances that are
released on activation and degranulation, including clot-
ting factors, albumin, Ca2þ , serotonin, and cytokines
including platelet-derived growth factor (PDGF) (1),
transforming growth factor-b1 and b2 (TGF-b1 and b2)
(2), insulin-like growth factors I and II (IGF-I and –II) (3),
basic fibroblast growth factor (bFGF) (FGF-2) (4), epider-
mal growth factor (EGF) (5), and vascular endothelial
growth factor (VEGF) and VEGF-C (6). Recent studies
also show that bone morphogenetic proteins (BMPs) are
present in platelets (7). It has become clear in the last two
decades that these proteins have important effects on soft
tissue and bone healing and regeneration, and studies
have been done to assess the impact of treatment with
these factors, individually and in combination, on wound
healing, implant fixation, fracture healing, and bone
grafting. It has been shown that growth factors affect
progenitor and pluripotent stem cells in granulation and
connective tissues (8) as well as on cells of numerous
tissues (9–13). Different methods of delivery to the site of
healing have been attempted, including systemic admin-
istration, which was noted early to be of little success (14),
incorporation into a matrix scaffold that is implanted into
bone (15,16), and direct application to the wound site in
the form of a concentrated platelet-rich plasma gel (10).

This autogenous gel has been used in the treatment of
macular holes (17) and in topical treatment of dermal

ulceration (18,19). It has become of interest to maxillofa-
cial, periodontal, and orthopedic surgeons in the treat-
ment of fractures and bone loss, and as an adjunct to bone
graft materials. This paper describes the most important
components of this gel and their individual effects, out-
lines the methods of procurement of growth factor-rich
platelet gels, and describes its use in clinical applications
including wound healing and bone grafting.

2. ACTIVATION OF PLATELETS

In healthy individuals, platelets travel through the circu-
latory system as nonadhesive discoid cells. Vascular injury
leads to platelet adherence to exposed subendothelial
structures. The platelets then are activated, leading to a
change of shape to become spherical. Aggregation and
release of granule contents follows (20). This process is
essential in thrombus formation and hemostasis. The
agonists that initiate platelet activation and the responses
of platelets to these stimuli are numerous. Substances
acting as agonists include thrombin, platelet activating
factor (PAF), vasopressin, collagen, adenosine dipho-
sphate (ADP), serotonin, and adrenaline (21). The various
responses to agonist-induced activation include adhesion
to foreign substances (collagen in the in vivo reparative
process), exposure of neoepitopes, microvesicle detach-
ment, coagulant activity, and clot removal (22).

3. HISTORY

Platelet activation via thrombin (which is used in the
preparation of platelet-rich plasma gel) initially was stu-
died in 1954 when Desforges and Bigelow (23) showed that
thrombin-treated platelets caused significant acceleration
of the clotting process but that application of thrombin did
not significantly affect platelet counts, which suggested
that platelets mediate their hemostatic effects via secre-
tion rather than cell lysis. Grette (24) showed in 1962 that
treatment with thrombin caused the release of serotonin,
adenine nucleotides, amino acids, phosphate, and other
undetermined proteins.

Later, work was done to attempt to elucidate the roles
of factors derived from platelets in various biological
processes (2,25), but initially, researchers tried to discover
the signal causing the release of these platelet-derived
factors. In an early study, researchers discovered that the
purification of a low-molecular-weight fraction from calf
serum was able to stimulate DNA synthesis of cultured
chicken embryo fibroblasts and that this fraction had
insulin-like activity (26). Ross et al. (27) used arterial
smooth muscle cells to determine whether treatment with
clotted whole-monkey serum could cause an increase in
cellular proliferation compared with treatment with pla-
telet-poor plasma. The clotted monkey serum significantly
increased smooth muscle cell proliferation compared with
platelet-poor plasma. Subsequently, it was shown that the
addition of platelets and calcium to platelet-poor plasma
stimulated the proliferation of cells to a level similar to
that caused by whole-blood serum. In similar experiments
by Rutherford and Ross (28), quiescent dermal fibroblasts
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and smooth muscle cells were stimulated to synthesize
DNA and proliferate when treated with minimal media
supplemented with factors derived from thrombin-treated
platelets. These experiments suggested strongly that pla-
telets were the source of factors causing cellular prolifera-
tion in vitro and that thrombin was a mediator of platelet
secretion.

Later, several platelet-derived factors, such as PDGF,
b-thromboglobulin (bTG), and platelet factor 4 (PF4), were
discovered, but their subcellular location and the signals
causing their release from platelets were still unclear.
Studies by Witte et al. (29) showed that a low concentra-
tion of thrombin was required for the release of PDGF,
bTG, and PF4 from platelets. Consequently, a higher
concentration of thrombin was required for the release of
dense body substances. These results suggested, first, that
thrombin was able to cause the secretion of specific factors
from platelets and second, that PDGF, bTG, and PF4 are
located in granules other than dense bodies. Therefore, it
was possible that these factors were located in alpha
granules. A subsequent study aimed at further elucidating
the release and subcellular localization of platelet-derived
factors was done by Kaplan et al. (21). Subcellular frac-
tionation provided evidence that PF4, bTG, PDGF, and
fibrinogen were located in fractions rich in a granules. Low
concentrations of thrombin also were able to stimulate the
release of PF4, bTG, and fibrinogen. Other studies con-
firmed that thrombin was able to stimulate the secretion
of PF4, bTG, and fibrinogen (30,31).

As outlined, the aforementioned early studies con-
firmed the action of thrombin on platelet activation and
factor release. Thrombin-induced platelet activation is one
of the key steps in PRP procurement.

4. GROWTH FACTORS IN PLATELET-RICH PLASMA

Several of the growth factors in platelet-rich plasma (PRP)
have been shown to promote bone regeneration. The
complex interaction of these factors, and others, causes
mesenchymal cell chemotaxis to the site of bone growth
and, subsequently, their proliferation and maturation into
matrix-forming cells (32–42). Different factors act at dif-
ferent stages of the bone healing process, as will be
described below. Growth factors derived from platelets
also influence numerous other processes involved in heal-
ing, including angiogenesis, synthesis of collagen and
other matrix proteins, and macrophage activation (43).
The actions of the most important of these factors are
shown in Table 1.

Many of the studies reporting the effects of growth
factors present in PRP focus on the properties of indivi-
dual growth factors and the effects that they elicit in vitro
using cell populations of a single type (35,44–49). How-
ever, one must be aware that studies examining the effects
of individual growth factors, either in vitro or in vivo, do
not include all of the mechanisms that cause a specific
effect to be observed in vivo. Frequently, it is not the
individual growth factor that is responsible for the effects
observed in a study, but the interaction between factors
and with their target tissues (50). Growth factors have

been shown to act synergistically in the processes of
healing (51) and bone cell dynamics (52).

4.1. Platelet-Derived Growth Factor

Platelet-derived growth factor is a glycoprotein with a
molecular weight between 32 and 35 KD (1). It exists as a
dimer of two chains, denoted A and B (53). Homodimer
PGDF-AA acts locally in bone, where as PGDF-BB homo-
dimer and PGDF-AB heterodimer act systemically. Homo-
dimer PGDF-BB is biologically more active than the other
two dimeric forms. The expression of different PDGF
dimeric isoforms varies among cell types. Normal human
and rat bone cells release the PDGF-AA dimeric isoform in
unstimulated conditions, whereas PDGF-BB is probably
released by platelets during wound healing (54).

Platelet-derived growth factor is found in abundance in
platelets and also is produced by monocytes, macrophages,
and endothelial cells (53). It is released from platelets
during blood clotting and, therefore, is present shortly
after the initial injury. Platelet-derived growth factor
exerts its effects by binding either of two PDGF receptor
proteins, alpha or beta (55), which activates a protein
kinase cascade, which ultimately activates genes control-
ling DNA synthesis, cell replication, and the production of
collagen and noncollagenous proteins and ultimately leads
to increases in the functions of fibroblastic and osteoblastic
cells, migration and proliferation of mesenchymal cells,
increased cellular differentiation, osteoblast precursor
mitogenesis, angiogenesis, and macrophage activation
(56–65). Additionally, PDGF has been shown to enhance
osteoclastic bone resorption in vitro (66). As PDGF affects
osteoblasts and osteoclasts, it indicates that this growth
factor may play an important role in bone metabolism.

Platelet-derived growth factor is involved in the che-
motaxis of stem cells and osteoblasts to the fracture site
(67), in the stimulation of cell replication (62), and in
encouraging vascular ingrowth to the wound (68). It has
been studied in the healing of several different tissues in
vivo, including chronic diabetic lower-extremity ulcers
(69), pressure ulcers as an adjunct to surgery (70), and
bone (71). The latter study showed improved healing in
the PDGF-treated lesions and increased mechanical
strength, radiographic callus density and volume, and
microscopic advance in state of osteogenic differentiation
in PDGF-treated osteotomies when compared with non-
treated osteotomies.

Platelet-derived growth factor dimers and their recep-
tors have been found in fractured mice tibiae at several
stages of the fracture healing process, suggesting that the
dimers play different roles in each phase of bone healing
(72). PDGF-A and PDGF-B have been identified in healing
fractures, suggesting an important role for these peptides
in the phases of fracture healing (4).

4.2. Transforming Growth Factor-b

Transforming growth factor-b, a widely studied growth
factor, also has been shown to play an important role in
bone repair and wound healing. It is present as three
isoforms in mammals. Transforming growth factor-bl
(TGF-b1) and TGF-b2 have been shown to be present in
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platelets, macrophages, chondrocytes, and osteoblasts (2).
Transforming growth factor-b proteins bind TGF-b type II
receptors. The type II receptor-TGF-b complex then acti-
vates type I receptors, which subsequently activate Smad
proteins. Smad proteins are involved in signal transduc-
tion from receptors for growth factors in the TGF-b super-
family. Following ligand binding to the receptor, Smad
proteins are activated by phosphorylation and are then
able to enter the nucleus where they act as a transcription
factors. The Smad proteins mediate the gene responses to
TGF-b (73).

Transforming growth factor-b has many functions in
the process of bone healing. It provides stimuli for fibro-
blast and macrophage chemotaxis, enhancement of angio-
genesis, increased synthesis of collagen and other
extracellular matrix proteins by osteoblasts and their
precursors, and stimulation of growth and differentiation
of cells of mesenchymal origin, particularly osteoblast
precursors (74–77). It has also been shown to be present
in normal human fracture healing (13).

Several in vivo studies showed the osteoinductive
properties of TGF-b and its role in fracture healing.
Experiments using fetal rat and mice calvarias indicated
that TGF-b is able to stimulate bone formation (78,79). A
subsequent study showed that the addition of TGF-b to

artificially created defects in rabbit skulls leads to bone
production and normal remodeling (80). In a plated rabbit
tibial fracture model, TGF-b1 administration caused an
increased callus volume and significantly increased bend-
ing strength compared with controls (81). In a similar
study, an intramedullary pin fixation rat tibial fracture
model was injected locally with TGF-b1, which was shown
to increase callus diameter and fracture line bone in a
dose-dependent manner (82). All of these results suggest
that TGF-b plays a positive role in osteogenesis and
fracture healing.

Other in vivo studies showed that TGF-b might not
always play a positive role in fracture healing. One study,
using the rabbit tibial fracture model, indicated that TGF-
b does not stimulate fracture healing during the initial
healing phase of bone regeneration (83). Heckman et al.
(84) used a chronic nonunion defect in a canine model to
examine the effects of treatment with a biodegradable
carrier alone or carrier containing BMP, recombinant
human transforming growth factor-b (rhTGF-b1), or both
factors. Radiographic and histomorphometric evidence
revealed that treatment with carrier alone, or the combi-
nation of rhTGF-b1 and carrier, had no significant effect
on bone healing. Bone volumes were shown to be lower
than in the BMP-treated groups and were associated with

Table 1. Peptide Growth Factors Found in Platelets and Their Actions on Bone and Soft Tissue

Platelet
Factor Also Found In Function Effects

PDGF Monocytes Stimulates chemotaxis and proliferation of
osteoblasts

Increases callus formation at fracture site

Macrophages Promotes adult osteoclastic bone resorption Role in regulation of bone generation
Endothelial cells Induces proliferation in pluripotential and

progenitor stem cells
Osteoblasts Promotes cartilage formation by resting

zone chondrocytes in culture
Increases collagen and non-collagen protein

synthesis
TGF-bl and

TGF-b2
Osteoblasts Stimulates osteoblast proliferation Increases bone formation in vitro and in vivo

Chondrocytes Stimulates chondrocyte proliferation Increases callus formation in vivo
Bone matrix Stimulates matrix synthesis

IGF-I Osteoblasts Stimulates chondrocyte proliferation Increases woven bone formation
(Somatomedin-C) Cartilage Stimulates collagen synthesis

Stimulates non-collagen synthesis
Decreases collagen degradation
Stimulates osteoblast proliferation

IGF-II Osteoblasts Stimulates chondrocyte proliferation Increases woven bone formation
(Skeletal

Growth
Factor)

Increases bone collagen synthesis

Decreases collagen degradation
Stimulates osteoblast proliferation

VEGF Multiple tissues New vessel formation Stimulates new vessel growth
Increases vascular permeability

BFGF (FGF-
2)

Megakaryocytes Supports smooth muscle cell proliferation Stimulates bone formation

Stromal cell mitogen
EGF Multiple tissues Stimulates periosteal bone formation Stimulates bone growth

Stimulates endosteal bone resorption
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multinucleated foreign-body giant cells and nonspecific
flbroproliferative reaction. Treatment with rhTGF-bl
alone caused an apparent, but not significant, reduction
in the number of osteoblasts around the wound. A carrier
enriched with canine BMP and rhTGF-b1 showed healing
that was similar to the carrier-BMP combination. Con-
trary to the study of Heckman et al. (84), however,
Centrella et al. (85) suggested that TGF-b may affect
bone healing by augmenting the osteoinductive activity
of BMPs.

Evidence currently suggests that TGF-b enhances the
healing of fractures. Further investigation will provide
more detailed insights into the precise role that TGF-b
plays in the complex interaction of growth factors in
regulation of bone healing.

4.3. Insulin-Like Growth Factor

Insulin-like growth factors, or somatomedins, are signal-
ing molecules that have been shown to play a role in
skeletal growth and development. Two isoforms of IGF,
known as IGF-I and IGF-II, exist. Both isoforms are found
in platelets. Insulin-like growth factor-I is more depen-
dent on growth hormones and has greater growth-promot-
ing activity compared with IGF-II. Unlike IGF-I, IGF-II
seems to act primarily during embryonic development and
plays a lesser role in bone regeneration (86).

Insulin-like growth factor-I stimulates bone growth
directly by increasing osteoblastic bone formation and
indirectly by increasing osteoprogenitor cell replication,
which ultimately increases the number of functional os-
teoblasts (87). Growth hormone (GH) mediates insulin-
like growth factor-I action. The model by which GH exerts
its effects indirectly through IGF-I is termed the somato-
medin hypothesis. According to this hypothesis, GH binds
to its target cells, which include chondrocytes and osteo-
blasts, and induces the production and release of IGF-I.
Insulin-like growth factor-I, which acts in either a para-
crine fashion or an autocrine fashion, then binds to its
target cells via a tetrameric membrane receptor. Insulin-
like growth factor-I receptor binding, in turn, activates a
tyrosine kinase cascade. This enzymatic cascade results in
several cellular responses that ultimately lead to bone
growth. These responses include cellular mitogenesis,
matrix synthesis, and noncollagenous protein production
(88,89).

In contrast to the role of IGF in normal bone growth,
the role of IGF in bone healing remains unclear. Insulin-
like growth factor-I has been identified in human fracture
callus and is likely to play a role in fracture healing (32).
In vivo models have been used to investigate the effect of
IGF-I administration on bone healing. Studies using
critical size calvarial defects and standardized zygomatic
arch defects indicate that continuous systemic adminis-
tration of IGF-I enhances bone healing (90,91). However,
other studies using the rat tibial and the rat femoral
osteotomy models indicate that IGF-I administration
does not significantly affect bone healing, whether admi-
nistered systemically or applied locally (14,92). Subse-
quent studies are necessary to fully elucidate the role of
IGF-I in fracture healing.

4.4. Basic Fibroblast Growth Factor (Fibroblast Growth
Factor-2)

Fibroblast growth factor-2 is known to be present in
platelets, monocytes, macrophages, osteoblasts, and chon-
drocytes and has been found in many tissues. It stimulates
proliferation of fibroblasts, osteoblasts, chondrocytes, and
endothelial cells and increases angiogenesis. Its mechan-
ism of action is via tyrosine kinase activation.

Fibroblast growth factor-2 has been shown to be pre-
sent in callus and periosteum in the early stages of
fracture repair. In vivo studies have shown that local
application of FGF-2 to fracture sites in dogs stimulated
not only callus formation but also osteoclastic remodeling
(93) and that FGF-2 applied locally to fractures with
hyaluronan gel enhanced fracture healing as measured
radiologically, mechanically, and histologically (94). Naka-
mura et al. (93) reported that FGF-2 increased endosteal
bone formation in cortical and secondary cancellous bone
and that endosteal TGF-b was increased by FGF-2, sug-
gesting that FGF-2 effects may be partly mediated by
TGF-b expression.

4.5. Other Factors

The aforementioned growth factors are not the only
factors found within PRP that lead to graft enhancement.
Factors like VEGF are important for vascularization of the
healing tissue. VEGF is released from activated platelets
(6) and can be detected in the thrombin nets of a thrombus
(95). Nissen et al. (96) investigated the angiogenic proper-
ties of VEGF and showed that this growth factor supports
capillary growth during wound repair by increasing en-
dothelial cell migration to the wound site, and by subse-
quently increasing the general angiogenic response.

Although it is present primarily in endothelial cells,
endothelin also may contribute to PRP-induced angiogen-
esis. An in vitro experiment revealed an angiogenic role
for endothelin by showing that it can cause increases in
DNA synthesis in rat vascular smooth muscle cells (44).
Similarly, endothelin-3 has been shown to cause increases
in human umbilical vein endothelial cell proliferation in a
concentration-dependent manner (97). Experiments have
shown that PRP-derived factors may play a role in en-
dothelin-induced angiogenesis. A study using porcine en-
dothelial cells showed that the supernatant from activated
platelets, particularly TGFb-1, stimulates endothelin gene
expression and release (98). Therefore, platelet-derived
TGFb-1 may enhance angiogenesis indirectly via the
stimulation of endothelin.

Epidermal growth factor also has been shown to en-
hance wound healing in mice (99) and in rabbits (100). In
the growing mouse, it stimulates endosteal resorption and
periosteal bone formation (101).

Connective tissue growth factor (CTGF), which is over-
expressed in wound healing, is stored in normal platelets
and can be released on platelet activation (102). The
fibrinogen and clotting factors in PRP also contribute to
graft enhancement. Fibrinogen is converted by thrombin
into the insoluble fibrillar protein fibrin. Thrombin also
activates Factor XIII, which promotes the cross-linking of
fibrin strands. This cross-linking forms a meshwork of
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fibrin that serves as a framework for neovascularization
and the growth of bone and other tissues. The fibrin also
acts as an adhesive in bone grafting material, thereby
causing the material to stick together, which allows the
surgeon to more easily handle the graft (103).

5. PLATELET-RICH PLASMA PROCUREMENT

Platelet-rich plasma gel production can be achieved by
several methods (104). Traditional blood bank cell separa-
tors use centrifugation alone to isolate PRP from platelet-
poor plasma and erythrocytes in a citrated unit of blood.
This PRP fraction then is combined with calcium chloride
and bovine thrombin to initiate platelet activation, and
the other fractions may be returned to the patient. Several
types of cell separators are available, and each type has
their advantages and disadvantages. Erythrocytes and
plasma can be returned to the patient, and large volumes
can be produced, but no increase occurs in concentration of
the platelet fraction.

Point-of-care centrifuges allow smaller volumes of
blood to be removed from the patient and allow rapid
preparation of small volume fractions with high growth
factor concentrations (105,106). The plasma and erythro-
cytes cannot be returned to the patient with many of these
systems, but a lower initial volume of blood is needed.
Fibrinogen levels are moderately increased by these
methods, and leukocyte count in the gel produced is
variable (107). The quality of the platelet gel is influenced
by the machine used, the manner in which blood is drawn,
and the site of the phlebotomy (108).

Another method used is that of ultraconcentration of
the entire buffy coat fraction of one unit of whole blood,
with the other fractions being returned to the patient. The
buffy coat, including the leukocytes, is concentrated and
then activated by thrombin. Early studies have shown
increased levels of platelets, growth factors, and fibrino-
gen in the resultant gel. The presence of the leukocytes in
the concentrate is important in this method. Zimmerman
et al. (109) reported that growth factor concentrations are
higher in samples in which leukocytes have been retained.
Leukocytes themselves contain cytokines that may en-
hance the healing effect, in addition to the antibacterial
and anti-inflammatory role they play in normal wound
healing.

The concentration of growth factors obtained varies
with each method (106). The optimal concentration of each
factor and its precise relationship to the other factors
present has not yet been evaluated with respect to their
effects on healing tissues.

6. PLATELET-RICH PLASMA AND WOUND HEALING

Platelets, along with neutrophils and monocytes, are an
integral part of the initial cellular response to wound
healing. In acute wounds, platelets accumulate at the
wound site. The platelets then are activated by thrombin,
which causes the secretion of alpha granules (41,110). The
alpha granules contain several locally acting growth
factors that are thought to initiate the wound healing

process. These factors include PDGF, TGF-b, FGF, EGF,
and several other protein factors that may enhance the
healing process in numerous ways (110–112), including
increased neovascularization and collagen synthesis (43).

The positive effects of platelet-derived factors on wound
healing have been described in vitro and in vivo in animal
models (112–114). Clinical studies aimed at elucidating
the role of these factors in wound healing have also been
done. Several of these studies collected platelet-derived
factors as a releasate. Releasates are obtained by activat-
ing platelets with agonists like thrombin, and collecting
the factors secreted in platelet granules, including several
growth factors and fibrinogen. The results of studies using
platelet releasates indicate that, when applied topically,
they are more effective than standard therapy in healing
chronic wounds manifested in patients with several types
of diseases (18,95,115–118). This clinical success is
thought to be attributable to platelet-derived factors.
However, a recent randomized, double-blind, placebo-con-
trolled trial examining only patients with chronic venous
ulcers indicated that platelet lysate, which is obtained
through platelet lysis, had no benefit compared with
standard treatment (118). Differing methodology and ex-
perimental design may explain these contradicting re-
sults. Overall, many studies currently indicate that the
use of platelet-derived factors is more effective than
standard therapy in the treatment of chronic wound
healing; but the existence of contradictory evidence war-
rants additional clinical trials to resolve this discrepancy.

7. PLATELET-RICH PLASMA IN BONE GRAFTING

The use of PRP in bone grafting applications was based on
early observations by investigators developing methods
for containment of particulate cancellous bone and mar-
row in major mandibular reconstruction surgeries. Taya-
pongsak et al. (119) used autologous fibrin as an adhesive
for this purpose and found that the bone remodeling
process began earlier in these cases than in patients
where bone grafts were used without the adhesive. The
demonstration by Marx et al. (120) that PRP could en-
hance bone regeneration in the body of the mandible has
evoked much of the interest of surgeons who deal with
bone healing. These two pioneering studies involved cra-
niofacial grafting and, since that time, PRP has been
almost the exclusive purview of craniofacial surgeons.
Although orthopedic surgeons have begun to use PRP as
an adjunct to bone graft, published studies have been
limited to spinal fusions (121,122), with one dealing with
total knee arthroplasty (123). Despite some evidence that
PRP is effective when used orthotopically and in oral
surgery applications described below, positive responses
have not been universal.

We recently showed that PRP inhibited the osteoinduc-
tion ability of human demineralized bone matrix (DBM)
when implanted in muscle sites in immunocompromised
nude mice (124). Activation of the PRP prior to implanta-
tion increased the amount of active TGF-b1 in the pre-
paration, and TGF-b1 activates mesenchymal cell
proliferation as well as collagen synthesis, but is not in
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itself osteoinductive. PDGF-BB, another factor present in
PRP, was also shown to decrease the osteoinductivity of
DBM in the mouse muscle implantation assay. PDGF-BB
increases proliferation of mesenchymal cells and enhances
matrix synthesis by committed osteoblasts, but is not itself
osteoinductive. These observations suggest that PRP and
its components may modify the activity of bone graft
materials such that their ability to support osteogenesis
is enhanced or reduced in a site-specific manner.

A number of studies have been published related to
periodontal surgeries, both in humans and animals, in
which either PRP (125,126) or one of the constituents of
PRP (127,128) were evaluated as adjuncts. In these and
virtually all of the studies in which PRP or its components
are evaluated, bone or a bone substitute was the major
graft material. Observations by Lekovic et al. (125) that
PRP is a beneficial adjunct for treating periodontal defects
is typical of a number of clinical trials where PRP is used
in combination with other modalities, with no effort made
to delineate its individual role. However, in a randomized
trial, Hannah et al. (126) concluded that PRP significantly
improved the response to bovine-derived bone graft mate-
rial in intrabony defects compared with cases where the
bovine bone was used alone. One of the major contributors
to the effectiveness of PRP in periodontal treatment is
probably PDGF, as suggested by studies where addition of
recombinant human PDGF to bone allograft-enhanced
periodontal regeneration (127,128). It can be concluded
from the literature that PRP might be effective in the
treatment of intrabony alveolar defects.

Sinus augmentation has become an important proce-
dure to provide sufficient bony support for endosseous
implants in the maxilla, and a number of centers have
incorporated PRP into their grafting protocol. Unfortu-
nately, all published studies to date have been uncon-
trolled and reported as case series (129–134). Interpreting
the role of PRP in some of these studies has been further
complicated by additional variables (130,133). A number
of studies indicating that PRP does not have a positive
effect on bone formation have recently been published,
including two clinical studies (130,135). Of the animal
studies dealing with sinus augmentation, none are posi-
tive about PRP. In a study in minipigs, Furst et al. (136)
reported that the combination of PRP and hydroxyapatite
was not demonstrably superior to hydroxyapatite alone
and, in a sheep study, Jakse et al. (137) reported that the
addition of PRP to autogenous bone graft did not evoke
significant differences when compared with the bone graft
alone. Lozada et al. (138) reported that the addition of
PRP to DBM or freeze-dried bone allograft failed to
enhance bone regeneration in the maxillary sinus of
sheep. Although a number of groups have added PRP to
their sinus augmentation procedures and attest to its
efficacy, none have demonstrated improvements in out-
come using controls. The failure in animal studies for PRP
to improve grafting using either autogenous bone or
hydroxyapatite does little to recommend it for sinus lifts.
Overall, the literature remains virtually anecdotal about
the use of PRP in sinus augmentation procedures and is in
desperate need of well-controlled studies.

Studies on the effect of grafting with PRP in other
surgical sites have been better designed. In one clinical
study of alveolar bone grafting (139) and three animal
studies, extraction sites of dogs (140), rabbit cranial
defects (141), and mandible resections of goats (142),
PRP was reported to have enhanced bone healing. In
contrast, in a clinical study of localized ridge augmenta-
tion (143) and two animal studies, canine ridge augmenta-
tion (144) and canine implant fixation (145), PRP was
reported to have been of no benefit. In other studies, PRP
had no effect on bone regeneration in rat craniotomy
defects (146) and PDGF-BB was found to inhibit bone
regeneration induced by osteogenin in rat craniotomy
defects (147).

In orthopedics, results with PRP have not been appre-
ciable. PRP was shown to have no effect on bone formation
around uncemented implants placed with bone allograft
(148). Furthermore, the addition of PRP during lumbar
inter-transverse fusions caused a decrease in the fusion
success rate from 91% to 62% (122). Moreover, PRP did not
improve the bone-forming capacity of b-TCP in anterior
spine fusion (149).

A survey of the literature reveals a plethora of PRP
reports but a dearth of well-controlled studies. Of those
studies that have attempted to separate the effectiveness
of PRP from other graft components, no agreement exists
on whether it offers advantages. As the preparation of
PRP requires special machinery, bleeding of patients, and
a certain amount of time beyond the surgical procedures,
considerably more well-designed studies need to be per-
formed in order for surgeons to make sound judgments
about the use of PRP as a surgical adjunct.

8. RISKS OF PLATELET-RICH PLASMA USE

Although PRP has not been adequately studied or found
universally beneficial, it is unlikely that it is harmful
based on our current state of knowledge, although risks
associated with its use have been reported. These risks are
derived primarily from the use of bovine thrombin during
the activation procedure. One early report indicated that
the use of bovine thrombin potentially could lead to the
development of antibovine thrombin antibodies (150).
These antibodies react with human thrombin, and subse-
quently cause coagulation studies to become abnormal,
which was evidenced by prolonged prothrombin and par-
tial thromboplastin times. Clinically, however, significant
bleeding rarely is caused by antibovine thrombin antibo-
dies (150–153). The problem is that bovine thrombin
preparations contain factor V. Like bovine thrombin, the
human immune system perceives bovine factor V as
foreign and, as a result, antibovine factor V antibodies
are produced. These antibodies cross-react with human
factor V and can produce a much more serious coagulation
dysfunction than is seen with antithrombin antibodies.
Case studies describing patients with antibovine factor V
antibodies, most of whom were patients receiving either
neurologic treatment or cardiothoracic treatment, showed
that prothrombin time and partial thromboplastin time
were elevated and levels of factor V were markedly
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decreased. Spontaneous bleeding and one death were
reported in several of these patients. Plasmapheresis
and gamma globulin were beneficial in increasing factor
V levels and in improving the bleeding status of these
patients (150–153).

The sensitization effects described above were observed
with the use of bovine thrombin that was less pure than
that available for use today, and occurred with topical
application of bovine thrombin to bleeding vessels. The
level of bovine factor V contamination has been reduced
from between 50 and 100mg/mL at the time of the above
reports to less than 2mg/ml currently (154,155). Marx et
al. (120) described their experience in 312 patients using
bovine thrombin as gelling agent in PRP, with no instance
of coagulopathy in any patient and no increases in pro-
thrombin time in 136 of these patients in whom this was
examined.

The use of bovine thrombin is widespread in the
production of PRP, and no direct evidence exists of in-
creased risk in the use of currently available preparations.
Advances are being made in the preparation of recombi-
nant human thrombin and in manufacture of autologous
thrombin from plasma, which will address any residual
concerns over the use of bovine thrombin. It is likely that
the use of autogenous human thrombin will become wide-
spread.

As more knowledge of the complex roles of growth
factors in osteogenesis has been obtained, researchers
have begun to investigate ways in which the biological
environment at the site of bone regeneration can be
altered to enhance bone graft incorporation and healing.
The exogenous application of PDGFs, which have been
shown to participate, individually and cooperatively, in
the natural healing process, has become a recent topic of
interest in bone graft research.

Several reasons exist why PRP application, alone or
together with the leukocyte component, is advantageous
over other methods of growth factor treatment in clinical
settings. Systemic administration of these growth factors
has been a concern because of their short halflives in
circulation. Nimni (156) reviewed the methods of targeted
delivery of growth factors to specific tissues. In his review,
it was illustrated that both TGF-b1 and PDGF have half-
lives of only a few minutes in the systemic circulation.
Similarly, Noda and Camilliere (79) showed that TGF-b is
able to exert its osteogenic effects locally, but not at distant
locations. Therefore, local administration, as is done with
PRP, would seem to provide a more effective method of
growth delivery to the graft site compared with systemic
administration. The use of PRP, rather than individual
growth factors, has been indicated in bone graft incorpora-
tion and fracture healing through research that showed
that multiple growth factors present simultaneously at
the site of osteogenesis have a synergistic effect on one
another (51). As mentioned previously, another advantage
to using PRP is that the fibrin present in platelets causes
the graft mixture to bind together and makes the graft
easier to handle during surgery. Autologous PRP is non-
immunogenic and cannot cause disease transmission. At
the same time, it is readily available to surgeons.

Therefore, PRP may be an effective method of enhan-
cing bone graft incorporation in some clinical applications,
but its use for other applications is controversial based on
clinical and animal studies that demonstrate that PRP is
either of no benefit, or in some cases, inhibitory. However,
this technology has yet to reach its full potential. Platelet-
rich plasma is not widely used, nor has it been fully
studied. Future research should focus on elucidating the
precise roles of all growth factors present in PRP, as they
relate to bone growth, and fracture healing and to their
interactions with each other in the fracture milieu. Simi-
larly, research should investigate whether the addition of
other substances involved in bone healing would improve
the effectiveness of PRP. It is likely, as advances are made
in PRP technology and the roles of PRP-derived factors are
more fully uncovered, that PRP may offer an important
tool in fracture repair and bone healing.
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ABSTRACT

Activation and degranulation of platelets releases cy-
tokines that have effects on soft tissue and bone healing.
Delivery of these growth factors to the site of wound
healing may be achieved by preparation of a gel from
platelet-rich plasma, with or without the inclusion of the
leukocyte fraction. This review describes the individual
actions of the cytokines present in this gel, their effects on
wound and bone healing, and the different methods of
preparation of growth-factor-rich gels. Clinical results in
the fields of bone and soft tissue healing, especially in the
areas of maxillofacial and spinal surgery, are summarized.
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1. INTRODUCTION

Etymologically, the word plethysmography derives from
the Greek plethysmos, to increase, and graphos, to write;
thus, it may be said that it refers to the recording of
possible changes in volume, eventually in shape too, of a
given object. In the colloquial use, plethora means abun-
dance or excess. A person is in a state of plethora, or
plethoric, when overjoyed, very talkative, or full of en-
thusiasm. He/she might even show a reddened face be-
cause that very state increases blood supply to the skin.

The cause of volume change may be the ebb and flow, or
the entrance and exit, perhaps periodically, of a certain
mass of fluid (say, gas or liquid) in and out of the object.
Obviously, that change implies an elastic behavior of the
material the object is made of. Technological hydraulic
systems, very rarely, if ever, show this kind of property
and, hence, plethysmography finds no place in them, for
pipes are usually rigid. On the other hand, biological
tissues are always elastic, may conform closed or partially
closed volumes of different shapes and, thus, appear as
likely candidates for plethysmographic determinations.
Going one step further, biological, medical, and veterinary
applications of the concept to determine volume or flow
(volume per unit time) are easily envisioned when one
recalls that many organs show geometrical variations
caused by physiological functions, such as the heart in
its rhythmic movement, the thorax during breathing, or
the bladder in micturition. In the end, the most attractive
question leads to the biomedical information one may
obtain from records of this kind and how accurate they
may be.

2. BASIC MODEL FOR PLETHYSMOGRAPHY

Say we have an expansible hollow cylinder of length L and
radius R0; its volume is given by V0¼ p R0

2L. Assume that
this volume increases to V¼ p R2L because a certain
amount of fluid gets in producing enlargement of the
radius from R0 to a new larger value R. The change in
volume is mathematically described by

DV ¼V � V0¼pLðR2 � R2
0Þ; ð1Þ

which can also be written as,

DV ¼ pLðRþR0ÞðR� R0Þ: ð2Þ

The relative volume variation is obtained as the ratio of

DV to the initial V0, that is

DV=V0¼DRðRþR0Þ=R
2
0; ð3aÞ

where DR stands for the radial change (R�R0). As in
many situations this change is very small, often the ratio
R/R0 can be taken as close to 1, and Equation 3a would
simplify to

DV=V0 ffi 2DR=R0: ð3bÞ

The relative volume change is a numerical parameter to
quantify the elasticity of a material sample (say, a piece of
vessel or rubber tubing). Including the pressure at which
the change took place would better specify the parameter
because, in the case of nonlinear behavior, DV/V0 will
depend on the distending pressure.

Algebraic manipulation of Equation 3a above easily
leads to the linear relationship

CðRÞ ¼DV=DR¼ ðV0=R0Þþ ðV0=R
2
0ÞR; ð4Þ

which represents another elasticity estimator, this time as
a function of the radius R (1). Figure 1 depicts the
theoretical behavior of this model, where the middle line
corresponds to R0¼ 1, the lower line was obtained for R0¼

2, and the upper line was produced with R0¼ 0.5; the
vertical intercepts occur at the predicted values and the
slope decreases as the initial radius increases, as ex-
pected. The model suggests an experimental test by a
series of known DV injections of fluid (say, into a sealed
vessel sample) measuring the corresponding R for each
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Figure 1. Graphical representation of Equation 4 for three
values of the initial radius R0: 1 [(middle line or C1(R)), 0.5
(upper line or C3(R)), and 2 (lower line or C2(R))]. As R0

decreases, the slope of the straight line increases. The graph
was drawn with MATHCAD for 99 points within the 0–1.5 R
range. Vertical intercepts for R¼0 and 1 are clearly depicted and
numerically verified; say, for the middle line case, when R0¼0,
because V0/R0¼pR0L, where R0¼L¼1, the intercept is numeri-
cally equal to p, whereas when R¼R0, the vertical intercept with
the straight line is 2p R0 L, and because in the example R0¼L¼

1, we end up with 2p.
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value (say, with a photoelectric detector) and, thereafter,
the calculation of DR and DV/DR, as indicated by Equation
4.

3. TECHNIQUES: MECHANICAL PLETHYSMOGRAPHY

Volumetric changes can be detected by mechanical means.
Herein, we will refer briefly to the caliper and pneumatic
plethysmographs.

In Fig. 2, a theoretical organ is drawn, with an inflow I,
and an outflow O, of a given fluid (often, blood or air); thus,
enlargement of the organ is to be expected. If the arms of a
caliper are conveniently placed on both sides of the organ,
an opening-closing movement will take place, as with a set
of pliers. A transduction element or system T is obviously
needed, such as an arrangement of gears, a rotating linear
potentiometer, or a strain gauge, from which, in the end,

an electrical signal should be derived representing volume
changes. Geddes et al. (2,3), in 1961 and 1966, respec-
tively, described the use of this concept to detect respira-
tory thoracic movements and muscle contractions.

Organs exist, such as fingers, upper and lower limbs,
the penis, or the tail in certain animals, that can be placed
in a sealed plethysmographic chamber (Fig. 3). Usually, an
inflow I of blood via an artery and a return outflow O via a
vein occurs, connected by the microcirculation network. If
a compression-decompression hydraulic CD system is
implemented so that for pressures above venous pressure
but below arterial pressure, the outflow is occluded while
entrance of blood to the organ continues, an engorgement
of the organ will take place; thus, its volume will increase
to V, in a similar way as the penis erection mechanism.
Intrachamber pressure will accordingly increase, which
an adequate transducer can easily detect and display
using a recording apparatus. Injection of a known volume
Vc will produce in the record a corresponding pressure
signal Pc; thus, the latter can be calibrated in terms of
volume (if needed, in terms of pressure, too). The initial
slope of the pressure signal during occlusion, on its rising
phase (Fig. 3, right hand inset), is a measure of the rate of
swelling or of the blood flow to the organ, in mL/s. The
method was described by Brodie and Russel (4), as early as
1905, and later improved by Burch (5,6), in 1942, Wise (7)
and Abramsom (8), in 1944, and Wolstenholme and Free-
man (9), in 1954. Darling et al. (10) and Winsor and
Winsor (11), the latter including a historical account,
should also be consulted. Hydraulic plethysmography,
although rather accurate, has been almost abandoned
because it is not practical.

4. TECHNIQUES: PHOTOPLETHYSMOGRAPHY

Photoelectric detectors applied to fingers, toes, or earlobes,
either of the transmittance type (the light beam gets
through the tissue) or the reflectance type (at least one
portion of the beam is reflected, for example, when the
sensor is placed on the forehead), provide a simple and
inexpensive way of detecting pulsatile blood volume

V

O

V0

SIGNAL

T

I

Figure 2. Theoretical organ showing volume enlargement from
V0 to V because of inflow I of fluid; there is always an outflow
pathway O. The lateral arrows represent a moving caliper coupled
to a transducer T from which an electric signal is derived in order
to record the volume change.
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Figure 3. Outflow occlusion plethysmograph
scheme. The organ (finger, limb, penis, or other) of
initial volume V0 is placed in a sealed chamber (large
rectangle) while a compression-decompression CD
system—usually pneumatic—embraces it so that the
inflow/outflow IO of blood to/from the organ is also
encompassed. Horizontal lines from right to left re-
present the capillary network connecting input to
output. At the inset (upper right), compression period
is marked by C-D. Injection of a known volume Vc into
the plethysmographic chamber reflects as the pres-
sure step Pc on the record. The tangent line at the
beginning of the compression maneuver response is a
measure of the rate of swelling, with pressure on the
vertical scale, in terms of volume units, and time on
the horizontal axis, in seconds. The volume of the box
is usually referred to as the plethysmographic volume
VPlet. See text for description.
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changes; in fact, the current inexpensive technology, with
very small components, has placed the technique within
the reach of elementary school students oriented, of
course, by well-trained teachers. Records resemble the
arterial pulse pressure contour (Fig. 4); however, its
calibration in terms of actual pressure poses a major
challenge still to be solved. The waveform shows a dicrotic
notch. Although its central aortic origin seems evident, its
morphology and timing is most likely modified by wave
reflections.

In this technique, the sensor consists of a light source
and photodetector unit; light is shone through, or reflected
by, the tissues, while variations in blood volume alter the
amount of light falling on the detector. An infrared light-
emitting diode and a matched phototransistor can be the
active elements. More often, photodiodes are used as the
photodetector. Care must be taken because, sometimes,
heat produced by the exciting source may cause local
vascular dilation, altering the physiological conditions of
the bed under study. During slow, deep breathing, two
effects, synchronized with the latter, are often observed:
variations in heart rate and variations in stroke volume,
the latter manifested as changes in the amplitude of the
pulse waves. The dicrotic notch may also be modified by
respiration: During inspiration, for example, this notch
becomes more prominent, whereas it flattens out in ex-
piration, but simultaneous records (with respiration) are
needed to actually demonstrate the relationship.

The actual magnitude of the change in peripheral blood
volume depends on several factors, such as temperature,
body position, physical activity, and emotional state. Thus,
photoplethysmography is a noninvasive method to study
peripheral vasoactive responses, such as reactive hyper-
emia after a tourniquet, or nociceptive stimuli like smok-
ing or other pharmacological insults. Simultaneous
recording of ECG and respiration is advisable for a better
interpretation. Several disciplines, such as psychology or
sports, appear as potential users.

Pulse oximetry should be mentioned as the most wide-
spread application of photoplethysmography. Arguably, it
is the most widely used technique among all the plethys-
mographies in modern medicine. Rapidly adopted world-
wide after its introduction in the early 1980s, pulse
oximeters are now ubiquitous in critical care, surgery,
neonatology, emergency medicine, anesthesia, and sleep
medicine. A good technical overview is given by Tremper
(12); clinical applications are reviewed in Severinghaus
(13).

5. TECHNIQUES: IMPEDANCE PLETHYSMOGRAPHY

The impedance principle is an alternative approach to
detecting volume changes. Many reviews exist on the
subject. A relatively recent and rather comprehensive
review by Morucci et al. (14) was published in 1996.
Geddes and Baker devoted a good chapter to it in the
different editions of their excellent and well-known text-
book (15).

Let us go back to the cylindrical model mentioned
above. How can a volume change relate to an electrical
resistance change? From elementary engineering knowl-
edge, the longitudinal resistance of the cylinder is r¼ rL/
A, where A¼ p R2 stands for the cylinder cross-sectional
area and R is its radius, as already defined. Hence, the
difference in resistance Dr, for a given volume change, DV,
is mathematically described by

Dr¼ r� r0¼ rLð1=A� 1=A0Þ: ð5Þ

Recalling that V¼LA and V0¼LA0, the latter repre-
senting the initial volume with its initial cross-sectional
area (the length L is kept constant), Equation 5 can be
rewritten as

Dr¼ � rL2ðV � V0Þ=V V0 ffi �rL2DV=V2
0 ; ð6Þ

which, for small volumetric changes, is approximated with
the right-hand term by assuming VDV0. The well-known
Equation 6 clearly states that an increase in volume
caused by the entrance of a fluid of resistivity r leads to
a decrease (thus, the negative sign) in resistance of that
cylindrical segment. It was Jan Nyboer (16) who, in 1944
and later in his famous book (17), offered this neat and
simple relationship.

The basal resistance r0 (or, when generalizing, impe-
dance Z0) can be inserted into the equation by considering
that r0¼Z0¼ rL2/V0 (just multiply rL/A0 by L/L). After
simple manipulation, it becomes Dr¼DZ¼ � (r0

2/rL2) DV
or, solving for DV,

DV ¼ � ðqL2=r2
0ÞDZ: ð7Þ

It must be underlined that Equation 7 assumes a uni-
form current density distribution in a homogeneous con-
ductor with uniform cross-sectional area. Such conditions,
rarely if ever, are met. The equation is the already classic
and fundamental mathematical relationship of impedance
plethysmography to calculate volume change, in millili-

PPG

ECG 0.5 mV

1s

Figure 4. ECG and photoplethysmographic pulse records, the
latter from the index finger, clearly showing the correlation of the
electrical and mechanical beats, the delay DT between them, and
the resemblance of the second one with an arterial blood pressure
record. Frequency is about 65 beats/min. Records obtained at the
Department of Bioengineering, Universidad Nacional de Tucu-
mán, Argentina, using a BIOPAC system. Courtesy of Myriam C.
Herrera, PhD, and Matı́as Albert, MD.
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ters, through the measurement of impedance change, in
ohms.

6. SPECIFIC APPLICATIONS OF PLETHYSMOGRAPHY

6.1. Body Plethysmography for Respiratory Measurements

A body plethysmograph is an airtight tank into which a
person is placed; Fig. 3 can be used as its outline; however,
in this case, the patient, isolated from the exterior, inhales
and exhales against a closed shutter causing chest
volume changes that slightly reduce the box volume
when expanding while simultaneously increasing the
box pressure. The latter is measured and recorded. The
technique can be used to measure lung volumes, airway
resistance, and pulmonary blood flow (18,19) (see also the
web, where several sites offer good detailed information).

The total plethysmographic volume VPlet (i.e., the vo-
lume of the box) is obviously the sum of the body tissues
volume VTIS, the air in the box surrounding the subject VB,
and the lung air volume VL (Fig. 3) [see (19)]. In mathe-
matical terms,

VPlet¼VTISþVBþVL¼ constant: ð8Þ

As the plethysmographic volume must be constant and
the body tissues are assumed to be incompressible, by
differentiation of Equation 8,

dVB¼ � dVL; ð9Þ

thus giving good mathematical support to the intuitive
idea stated above (in bold). Pressure PB, within the box,
and pressure PL, in the lungs, are variables that are also
to be considered. In Fig. 3, the reader should now interpret
the organ as the patient and the dashed region as the
lungs with their variable pressure (indicated in the figure
as ‘‘pressure inside the organ’’).

The general law of gases states that

PV ¼nRT: ð10Þ

In it, n stands for the number of moles, R is the
universal gas constant, and T represents the absolute
temperature at which the process takes place. Taking
the derivative of Equation 10 with respect to time leads to

P0V þPV 0 ¼n0RT: ð11Þ

Primed letters above represent the respective time
derivatives. The latter is also written as

dPV þdVP¼dnRT¼dnK ð12Þ

because the dt’s cancel out all the way through the
equation and RT¼K, easily leading to

dV ¼ðK=PÞdn� ðV=PÞdP ð13Þ

recalling that, from Equation 10, P/K¼n/V¼mC¼molar

concentration of the gas, Equation 13 can be rewritten as

dV¼dn=mC � dPðV=PÞ: ð14Þ

The latter relationship is applicable, say, to the gas in
the box B and to the gas in the lungs L, so that the
following pair of equations are obtained,

dVB¼dnB=mCB � dPBðVB=PBÞ; ð15Þ

dVL¼dnL=mCL � dPLðVL=PLÞ: ð16Þ

However, if now we refer to Equation 9, the latter pair of
equations must be equal and of opposite sign; hence,

dnL=mCL � dPLðVL=PLÞ¼ � dnB=mCB

þdPBðVB=PBÞ:
ð17Þ

The differential Equation 17 is an interesting one, for it
puts together the interplay of several respiratory and
chamber variables as the thorax expands at the expense
of box volume reduction or vice versa. If one proceeds one
step further, deriving the number of moles in any volume,
n¼mCV, with respect to time produces dn/dt¼mC dV/dt¼
mCF, where F stands for flow. Thus, any change in nL

within the lungs, according to Equation 9, should be

dnL¼mCL FL¼ � dnB; ð18Þ

meaning that an increase in the number of moles within
the lungs produces an equal decrease in the number of
moles within the box, and the absolute value of both is
given by the product of the pulmonary gas molar concen-
tration and the pulmonary air flow.

Substituting Equation 18 in Equation 17 leads to

FLdt½1� ðmCL=mCBÞ� ¼dPLðVL=PLÞþdPBðVB=PBÞ;

which, after considering that mC¼P/RT, respectively, for
the lungs and for the box, becomes

FLdt½1� ðPLTB=PBTLÞ� ¼dPLðVL=PLÞþdPBðVB=PBÞ: ð19Þ

Equation 19 is basic for body plethysmography. Say, for
example, that at a given time during respiration the
airway is closed (as with a shutter implemented in the
pipe the subject breathes into); thus, flow FL is zero and
the right-hand side of the expression is also equal to zero.
Solving the latter for VL yields

VL¼ � ðVB=PBÞPLðdPB=dPlÞ; ð20Þ

giving an equation that should allow the calculation of the
lung volume; however, we still need to see how the other
values will be obtained from measurements made with the
plethysmographic chamber. First, Equation 15 must be
referred to, where the change of the number of moles, dnB,
in the box is zero because the box is closed; hence, the
same Equation 15 simplifies and can be rewritten as dVB/
dPB¼ �VB/PB. If the subject stops breathing, dVB can be
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measured when a piston oscillates to change volume VB by
a known amount dVB (say, in Fig. 3, the arrow at the lower
left, also used for calibration). Simultaneously, the corre-
sponding pressure change dPB is measured with a pres-
sure transducer, which is the way the value of (VB/PB) in
Equation 20 is determined. Pressure in the lungs PL is
measured on the pulmonary side of the closed airway
shutter as the subject pants. Besides, because pressures
at the pulmonary side and in the chamber are recorded as
time functions, the derivatives can be electronically ob-
tained to calculate dPB/dPL as (dPB/dt)/(dPL/dt). In the
end, the final lung volume VL would correspond to the
respiratory instant the shutter is closed, which is often
done at maximal expiratory level, which means that the
measured lung volume VL estimates the reserve volume,
an important parameter of clinical value. The subject can
never expel the RV, even after full expiratory exertion. If,
instead, the shutter were closed at maximal inspiratory
level, VL would estimate total pulmonary volume. Other
inspiratory or expiratory levels would lead to intermediate
volumes, such as functional reserve capacity, at the rest-
ing state of tidal volume (20).

In respiratory physiology, volume values should be
normalized if comparisons are to be made. Three are the
standard forms: ATPS (ambient temperature and pres-
sure, saturated with water vapor), BTPS (body tempera-
ture and pressure, saturated with water), and STPD
(standard temperature¼ 01C and pressure ¼ 760 mmHg,
dry) conditions. An example would clarify these forms.
Suppose that a volume V(ATPS)¼ 800 mL was obtained
experimentally. The general gas equation P1V1/T1¼P2V2/
T2 must be applied, where the condition 1 stands, say, for
ATPS, and the condition 2 refers to BTPS. Thus, V(BTPS)
¼ (P1V1/T1)(T2/P2)¼ 800(765�23.8)(273þ 37)/
(765� 47)(273þ 25)¼ 859.1 mL. From tables that can be
found in the literature, 23.8 and 47 are, respectively, the
water vapor pressures at 251C and 371C. To the centigrade
degrees, 273 must be added in order to obtain the absolute
temperatures in degrees Kelvin. Expired air is always
saturated with water. For V(ATPS), the pressure was
considered as 765 mmHg and the ambient temperature
as 251C. Observe the important numerical difference
between the ATPS and the BTPS values. A similar calcu-
lation would lead to V(STPD)¼ 800 (765� 23.8)(273)/760
(273þ 25)¼714.5 mL.

The same result given by Equation 20 will be reached if
the change in volume of the chest is first computed by
Boyle’s Law (a particular case of the law of gases when the
temperature is kept constant), P1V1¼P2V2. We set the
initial pressure in the box times the initial volume of the
box (both of which we know), equal to the pressure times
volume of the box at the end of a chest expansion (of which
we know only the pressure). Thereafter, the volume of the
box is solved during the respiratory effort. The difference
between this volume and the initial volume of the box is
the change in volume of the box, which is the same as the
change in volume of the chest. With this piece of informa-
tion, Boyle’s Law is applied again, this time on the fixed
amount of gas in the chest before and at the end of a
respiratory effort. We set the initial volume of the chest
(unknown) times the initial pressure at the mouth

(known) equal to the inspiratory volume of the chest (the
same unknown volume plus the change in the volume of
the chest, which was computed before) times the pressure
at the mouth during the inspiratory effort (known). Sol-
ving for the unknown volume will produce the original
volume of gas within the lungs when the shutter was
closed.

The pressure record (Fig. 3, right-hand inset), calibra-
table in volume or pressure units or both, contains other
information too: The initial slope of the box pressure rise
when a step inspiratory effort is done by the subject, in
terms of volume units per unit time, measures air flow.
Besides, the pressure step difference divided by such flow
estimates airway resistance.

Body plethysmography is particularly appropriate for
patients who have air spaces within the lung that do not
communicate with the bronchial tree. In these individuals,
gas dilution methods of measurement would give an
erroneously low volume reading. The technique has also
been applied in animal research to obtain several respira-
tory parameters (21–23).

6.2. Applications of Impedance Plethysmography to Body
Parts

6.2.1. Thorax: Respiration. The chest increases its size
in inspiration and decreases it during expiration, both
changes producing a concomitant impedance increase and
decrease, respectively. Hence, the model of Equation 7 is
quite applicable, although difficulties are to be expected.
However, from a practical point of view and independently
of the model and its possible drawbacks, those changes are
easy to record in man and animals supplying information
about rate and pattern at least. Calibration in terms of
volume is somewhat debatable. Examples and detailed
descriptions have been fully covered in the literature
(14,15). The main advantages are technical simplicity
and low cost plus unique applications [i.e., when mechan-
ical load becomes unacceptable (critically ill patients,
infants, small animals, limited space), the impedance
technique is certainly the method to detect respiration].
It certainly may be a complement to whole body plethys-
mography (21,22).

6.2.2. Heart: Cardiac Output. Cardiac activity can be
recorded directly or indirectly by means of impedance
plethysmography. The former situation requires a set of
two or more electrodes placed on the epicardium or
introduced with a catheter in one of the cavities, say a
ventricle. Placing two electrodes on a frog heart while
passing a small high-frequency current through it and
detecting with the same pair the potential differences
caused by the contractions is a demonstrative experience
that can be combined with other variables, such as
electrocardiogram and force (15). It must be taken into
account, however, that the bipolar impedance signal from
the frog’s heart will contain a large motion artifact com-
ponent that develops from the high sensitivity region of
the electrode-tissue interface, and has nothing to do with
cardiac volume. A tetrapolar system alleviates this pro-
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blem, to a limited degree, as determined by the electrode
geometry used.

The multielectrode conductance catheter is more so-
phisticated and advanced, both in concept and in possibi-
lities. It was Jan Baan who introduced it in the late 1970s
(22,23). Current is injected via a distal and a proximal
electrode while five paired intermediate and equally dis-
tant electrodes detect five potential differences corre-
sponding, supposedly to five cylindrical sections into
which the cardiac cavity is divided. The underlying prin-
ciple is extremely simple: Blood is a good conductor (about
135 ohm.cm); when the heart chamber is full, its conduc-
tance is high; conversely, when it is partially filled or
relatively empty, as at end-systole, its conductance is low.
Intermediate volumes correspond to intermediate conduc-
tance values, and conductance increases as volume in-
creases (24). The same concept holds for each component
segment and the basic equation resembles Equation 6
above. Although the latter deals with the resistance or
impedance change as volume changes, this simpler seg-
mental relationship arguably gives the actual conduc-
tance value for its corresponding filling volume (i.e., as
first approximation, conductance appears as proportional
to volume). Adding up the five segments results in the
total chamber volume. The most interesting feature is the
continuous recording of chamber volume as a function of
time and, so far, it is the only one showing such a
characteristic. When combined with the corresponding
intraventricular pressure changes, it leads to pressure-
volume loops containing a wealth of biomechanical cardiac
information (25,26). Figure 5 exemplifies those beat-to-
beat diagrams that recognize their stem in the traditional
thermodynamic ones describing the steam, gas, and diesel
engines (22–24,27,28).

Impedance cardiography is an indirect method of de-
tecting cardiac contractions. Two electrodes introduce a
small (about 10 to 1000 uA) high-frequency (20 to 100 kHz)
electric current in the thorax while another pair measures
a corresponding voltage, also on the thorax. The ratio of

voltage to current gives the impedance Z and, most of the
time, the dc value is eliminated examining only the
impedance variation DZ. Details of the leads are described
in the literature (14,15). Figure 6 (29) displays typical
records: thorax impedance (Z) on the second channel, its
first time derivative (dZ/dt) on the upper channel, and the
simultaneous electrocardiogram (ECG) and phonocardio-
gram (PCG) on the lower two. The impedance trace is
usually shown so that a decrease in impedance results in
an increase in the vertical axis. This sign convention
describes that a decreasing impedance probably develops
from an increasing amount of blood into the thorax.

Malmivuo and Plonsey (29) present an excellent and
concise review of impedance plethysmography. They de-
scribe a simplified model of the impedance of the thorax as
follows: ‘‘The impedance of the thorax can be considered to
be divided into two parts: the impedance of tissue and that
of fluids. If the patient does not breathe, all components
forming the impedance of the thorax are constant, except
the amount and distribution of blood. The amount of blood
in the thorax changes as a function of the heart cycle.
During systole, the right ventricle ejects blood into the
lungs, which equals the stroke volume. At the same time,
blood flows from the lungs to the left atrium. The effect of
these periodic changes in the distribution of blood in the
thorax can be determined by measuring the impedance
changes of the thorax. The problem is to determine cardiac
stroke volume as a function of changes in thoracic im-
pedance.’’ Equation 7 above is the applied relationship,
that is,

DV¼ � ðrL2=Z2
0ÞDZ; ð7aÞ

where Z0 replaces r0, as conceptually more general, and
refers to the basal reading given during the actual mea-
surement. However, some discussion and questionable
assumptions are needed.

Malmivuo and Plonsey (29) continue by describing how
the stroke volume is determined: ‘‘When determining
stroke volume from thoracic impedance changes, Kubicek
et al. (30,31)—original developers of the method back in
1966 and 1968—made some assumptions concerning the
relationship between stroke volume and net change in the
thorax blood volume. During systole, the right ventricle
ejects a volume of blood into the lungs; subsequently, blood
flows away from the lungs to the left atrium. The stroke
volume can thus be determined from the impedance
record by forward extrapolating to the impedance that
would result if no blood were to flow out of the lungs
during systole. In this extrapolation, it is assumed that if
no blood were to flow away from the thorax during systole,
the thorax impedance would continuously decrease during
systole at a rate equal to the maximum rate of decrease of
Z (recall that impedance decrease in channel 2 appears as
upward deflection). Thus, DZ0 can be approximated gra-
phically by drawing a tangent to the impedance trace at
the point of its maximum rate of decrease (Fig. 6). The
difference between the impedance values of the tangent
line at the beginning and at the end of the ejection time is
accepted as the true DZ0 (thick double arrow).’’ Thus,
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Figure 5. Left intraventricular pressure-volume diagrams ob-
tained from a patient with a conductance catheter and its
associated electronic system during a preload maneuver per-
formed by means of an inflatable caval balloon. The end systolic
pressure-volume points (ESPVR) determine a straight line whose
slope is a measure of myocardial contractility, in mmHg/ml,
termed frequently Emax (22–26). The area encompassed by each
loop measures stroke work (20).
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assuming that Dt equals the ejection time te, DZ0 can be
determined from f 0maxðZÞ te, where the first factor stands
for the maximum derivative of the impedance record as
depicted in the upper channel. In the end, the alleged
equation for stroke volume, in ml, or Kubicek’s formula, is
now rewritten as

SV ¼ rbðL=Z0Þ
2teðdZ=dtÞmax; ð7bÞ

in which

rb¼ resistivity of blood (in ohms.cm);
L¼distance between the inner electrodes (in cm) usually
bands surrounding the chest;
Z0¼ basal thoracic impedance given by the equipment
during measurement;
te¼ ejection time mostly read off the phonocardiogram (in
seconds); and
(dZ/dt)max¼ absolute value of the maximum derivative (in
ohms/s) as defined in Fig. 6.

Correction of blood resistivity for hematocrit should be
considered for better numerical assessment of SV. Multi-
plication by heart rate produces cardiac output.

The origin of the impedance change has been the object
of extensive research and discussion and, even though in
normal subjects results are within acceptable errors, in
pathological conditions, deviations can be rather gross.
The assumed cylindrical geometry is also a highly simpli-
fied approximation. The change of blood conductivity with
change in velocity has been entirely neglected in this
model.

6.2.3. Peripheral Plethysmography: Limbs Vascular As-
sessment. Limbs (arms and legs) better fit the cylindrical
model, although homogeneity is still far from being met.
The method has found a place in clinical practice; how-
ever, it is not widely used. It can be used for diagnosis of
arterial or deep venous occlusion or for assessment of the
peripheral circulation at large. Band electrodes placed
around the limb, in a bipolar or tetrapolar arrangement,
record impedance changes that very much resemble the
arterial pressure waveform (14,15). Figure 7 illustrates a
typical record.

Some reports are quite attractive. For example, impe-
dance plethysmographic observations have been com-
pared with arteriographic findings in 216 patients with
peripheral arterial occlusive diseases. Without a priori
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Figure 6. Impedance cardiography records,
fully noninvasive, with the following channels:
electronically obtained time derivative dZ/dt
where the maximum value is displayed (double
vertical arrow), impedance change originated in
the cyclic cardiac contraction, electrocardio-
gram (ECG) used as a reference signal, and
phonocardiogram (PCG) (1st and 2nd sounds)
to better identify the ejection period. The slope
of the rising impedance phase at its projected
intersection with the vertical line drawn at the
beginning of the first sound determines the
ejection period te. This figure is from Malmivuo
and Plonsey (29).
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knowledge of previous diagnosis and except for minor
discrepancy in the anatomical location of the block in a
few patients, impedance plethysmographic observations
correlated very well with arteriographic findings. The
former was found to be correct in 312 limbs, wrong in
53, and false negative in 8, respectively, yielding a sensi-
tivity of 97.5% and specificity of 98.1% of this technique
(32), which are good high supportive values, indeed.

Sometimes, records are taken simultaneously from the
two limbs (arms or legs) and one is subtracted from the
other so that any obstruction in one of them appears better
manifested. This process is usually called differential
impedance plethysmography.

7. EVALUATION AND DISCUSSION

By and large, plethysmography can be considered as a
relatively well-accepted methodology, especially the more
traditional mechanical one. Photoplethysmography and
impedance plethysmography, however, show calibration
difficulties and a certain lack of specificity as to the exact
origin of the signal. Combined with other variables, such
as the ECG, heart sounds, or indirect blood pressure, its
reliability may be improved if properly applied and read.
Both methods have developed considerably (although not
in its basic principles) because of significant technological
advances, and we may expect further steps ahead in this
sense. As they are not expensive and rather easy to
implement, their future in research and clinical practice
is probably guaranteed for quite a long time to come.

However, referring specifically to impedance plethys-
mography, more theoretical and deeper supportive studies
are still badly needed because many flaws plague intra-
ventricular and impedance cardiography. The theory un-
derlying the conductance catheter technique is vulnerable
to critical arguments. In particular, its hardware uses four
electrodes at a time to measure a given volume segment.
Equation 6 is based instead on two electrodes. Potentials
(and impedances) measured with a tetrapolar system are
different from those of a bipolar system. The electrodes
used in Equation 6 are large-disk electrodes at the ends of
a cylinder of homogenous tissue. The actual conductance
catheter, instead, uses small-point electrodes immersed in
nonhomogenous tissue. The electric fields in these cases
are completely different, and therefore, the voltages and
impedances will be different. So far, it has not been

explained how each of the segment-pairs measures a
perfect cylinder slice in the ventricle, nor how each seg-
ment measurement does not overlap to contiguous slices.
Alternatively, the impedance sensitivity theory proposed
by Geselowitz back in 1971, based on Otto Schmitt’s
earlier concepts, does give an idea of what is being
measured by the catheter’s tetrapolar configuration (33).
Essentially, in this theory, the three-dimensional impe-
dance sensitivity distribution is defined by the vector dot
product of the current density field of the injection elec-
trodes and the current density field of the reciprocally
energized sensing electrodes. In such a reciprocal situa-
tion, the current injection occurs at the voltage-sensing
electrodes (just for analysis purposes). The regions of the
thorax where the injection and sensing fields are in
parallel and the current density is high will have the
greatest contribution to the total impedance. The sensi-
tivity distribution thereby takes into account injection
and sensing electrode geometries, as well as current
densities. Further details are reviewed in Malmivuo and
Plonsey (29).

In light of the above theory, which makes no simplify-
ing assumptions of electrode number or geometry, and
considers the inhomogeneities of the thorax, it can be
concluded that the conductance catheter cannot measure
segments that are perfect cylindrical slices, and overlap
between them occurs. The sensitivity theory also predicts
that the flapping of the inner walls of the heart against the
catheter will introduce significant contributions to the
impedance signal, which, because of their cyclic and
synchronous behavior with cardiac activity, may be indis-
tinguishable from the sought volume component. These
factors might explain why the conductance catheter signal
has been historically calibrated and corrected to consider
the electric field, parallel conductances, eccentric ventri-
cular positions, nonlinearities, and used empirical coeffi-
cients (34–38). Additional electrodes and multiple
frequencies have been proposed as well. A study versus
transesophageal echocardiography by Gorcsan et al. in
1996 (39), showed limits of agreement of about 30 ml for
ventricular volumes, which are large errors considering a
normal stroke volume of 70–80 mL. A critical but rather
incomplete editorial article was given by Burkhoff, in 1990
(40). General agreement exists that the technique is not
accurate in large hearts, typical of heart failure. Never-
theless, in spite of all these true difficulties, the signal
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Figure 7. Impedance plethysmographic record
(upper channel) and standard ECG (lower chan-
nel) obtained from a heart disease patient. Four
electrodes were placed medially on the anterior
forearm face approximately picking up the ante-
cubital artery pulse. The patient had myocar-
dial ischemia manifested by a clear ST
depression, showing also arrhythmic behavior
(for example, ectopic beats 4 and 14). Courtesy
of Drs. Myriam C. Herrera and Gobrielle Feld-
man.
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carries physiological repeatable information and very
likely it will stay. To unravel its problems is what research
is for.

When dealing with external impedance cardiography,
we realize immediately that the thorax is not in any way a
cylinder of one homogenous tissue. The skin electrodes
used in its practice are not two large perpendicular disks
located at the ends of a perfect cylinder, as considered by
Equation 7b. Instead, four electrode measurements are
the actual standard practice (i.e., tetrapolar systems). The
voltages measured with four electrodes are different than
those from two, and consequently, the impedance mea-
sured is also different. The relative position of all four
matters significantly and determines the regions in the
thorax being sampled. Otto Schmitt, pioneer of electric
field theory for electrocardiography (41) was one of the
first to formulate the fields of tetrapolar impedance elec-
trode configurations, transposing the ECG lead concepts
to impedance plethysmography. Geselowitz (33), one of his
students, mentioned above when discussing the conduc-
tance catheter theory, formally presented this impedance
sensitivity analysis, as it has come to be called. Malmivuo
and Plonsey (29), in 1995, presented a good description of
impedance sensitivity theory of tetrapolar systems. Later
on, an example application of this theory to impedance
cardiography was given by Kauppinen et al. (42), in 1998.
Belalcazar and Patterson (43,44) have applied this theory
to establish the source of impedance signals measured
with implantable pacemakers. The field of geology has, for
many years, successfully used lead field theory and im-
pedance sensitivity concepts in subsoil exploration for oil
and water with tetrapolar impedance systems using elec-
trodes driven into the ground. We should repeat the
comment made above for the conductance catheter: In
spite of all these true difficulties, the signal carries phy-
siological repeatable information and very likely will
endure. Research is certainly still open.

Finally, and now paraphrasing an American physician
and poet, Oliver Wendell Holmes; medicine makes use of
whatever is at hand if it proves to be useful and efficacious,
no matter whether an explanation does not exist yet.
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POSITRON EMISSION TOMOGRAPHY (PET)
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Positron emission tomography (PET) is a powerful, proven
diagnostic molecular imaging modality that displays the
biological basis of function in the organs and systems of the
human body unobtainable through any other means.

1. INTRODUCTION: FROM MEDICAL TO MOLECULAR
IMAGING

Medical imaging conventionally refers to the noninvasive
or minimally invasive techniques employed to view inter-
nal organs of the body, typically for diagnosing disease. In
a broader sense, it refers to a field that enables acquisi-
tion, processing, analysis, transmission, storage, display,
and archiving of images of internal body parts for inter-
pretation and patient management (diagnosis, disease
staging and evaluation, treatment planning, and follow-
up). Medical imaging was practically born with the dis-
covery of the x-rays by W.C. Roentgen in 1895 and has
since based its success on observation and the accumu-
lated experience of the examining physician.

Molecular imaging is a natural offshoot of the medical
imaging field. Recent advances in molecular biology have
resulted in an improved understanding of many diseases
and natural processes. Consequently, molecular imaging
links the empirical diagnostics and experimentally tried
treatment management protocols with the fundamental
understanding of the underlying processes that generate
the observed results. As discoveries of the molecular basis
of disease unfold, one top research priority is the devel-
opment of imaging techniques to assess the molecular
basis of cell dysfunction and of novel molecular therapy.
Molecular imaging techniques are ideally based on tech-
nologies that have an intrinsically high resolution (spatial
and temporal) and allow the detection of low concentra-
tions of target biomolecules involved, such as nuclear
medicine imaging (positron emission tomography, PET;
single photon emission tomography, SPET), magnetic
resonance imaging (MRI) and spectroscopy (MRS), optical
tomography, autoradiography, or acoustical imaging.

The examination of biochemical processes with an
imaging technology is of vital importance for modern
medicine. As, in most cases, the location and extent of a
disease is unknown, the first objective is an efficient
means of searching throughout the body to determine its
location. Imaging is an extremely efficient process for
accomplishing this aim, because data are presented in
pictorial form to the most efficient human sensory system
for search, identification, and interpretation: the visual
system. Recognition depends on the type of information in
the image, both in terms of interpreting what it means and
in terms of how sensitive it is to identifying the presence of
disease.

PET stands in the forefront of molecular imaging and
allows the quantitative evaluation of the distribution of
several pharmaceuticals in a target area in vivo. PET is a
unique diagnostic imaging technique for measuring the
metabolic activity of cells in the human body. It produces
images of the body’s basic biochemistry and biological
activity in a noninvasive way, combining techniques ap-
plied in nuclear medicine with the precise localization
achieved by computerized image reconstruction. PET is,
therefore, a powerful diagnostic test that is having a major
impact on the diagnosis and treatment of disease, as well
as patient management.

PET images can demonstrate pathological changes,
detect and stage tumors, long before they would be
revealed with other conventional imaging modalities.
Traditional diagnostic techniques, such as x-rays, compu-
terized tomography (CT) scans, or MRI, produce anatomi-
cal images of how the internal organs look. The premise
with these techniques is that a visible structural change in
anatomy occurs because of disease. However, biochemical
processes are also altered with disease and may occur
before a change in gross anatomy. Furthermore, PET can
provide medical doctors with important early information
about very subtle changes of function in the brain and
heart, because of disease-related modifications in tissue
perfusion, cell metabolic rates, heart disease, or neurolo-
gical disorders (Alzheimer’s, Parkinson’s, epilepsy, demen-
tia, etc.), which allows physicians to diagnose and treat
these diseases earlier and, consequently, more efficiently
and accurately, according to the axiom ‘‘the earlier the
diagnosis, the better chance for treatment.’’ PET can also
help physicians monitor a patient’s response to treatment
as well as identify distant metastases that can affect
treatment, helping curtail ineffective treatments and re-
duce unnecessary invasive procedures. The field of PET
has been emerging today into clinical diagnostic medicine
and is approved by many insurance carriers for coverage.

2. HISTORY OF PET

The positron emission and detection of the radiation
produced was a known technique that dates back to the
early days of the twentieth century. However, it is only in
the last few decades, with the booming development of fast
electronic circuits and powerful computer systems, that
this knowledge could be used in practice as a valuable
diagnostic tool: The electronic circuits used in PET should
be able to detect the coincidental arrival of two high-
energy photons (a timing resolution of the order of few
nanoseconds), and the image reconstruction requires mod-
ern computer systems in order to produce an accurate
image of the activity distribution within a clinically
reasonable time.

In the early 1950s, researchers at the Massachusetts
General Hospital (MGH) in Boston and Duke University
in Durham proposed the idea that despite the short half-
lives of the, by that time recently discovered, positron-
emitting radionuclides, they offered an attractive method
for the regional study of metabolism because of their
commonality. A single detector pair brain probe was
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then developed at MGH and used in experiments. How-
ever, it was not until the early 1960s that these positron-
emitting radionuclides began to gain popularity, when a
number of centers such as the MGH in Boston, the Sloan
Kettering Institute in New York, Ohio State University,
and the University of California at Berkeley began to use
cyclotrons. At the same time, the first image reconstruc-
tion techniques were proposed by researchers at MGH
and, in the early 1970s, the concept of computerized
tomography (CT) was presented by Hounsfield, who later
was awarded with the Nobel Prize.

In the early 1970s, the first PET scanners were devel-
oped at MGH, the Brookhaven National Laboratory, the
Washington University, and the Montreal Neurological
Institute in Canada, and used as research tools. At the
same time, a private company (EG&G OTREC, Oak Ridge,
TN) became involved in the developments of the first ring
PET scanner, joined in the market by TCC (The Cyclotron
Corporation, Berkeley, CA) several years later, and in
1976, the first commercial PET scanner was delivered at
the University of California, Los Angeles (UCLA). A year
later, Scanditronix from Sweden brought Europe into
PET. The first PET scanners used single slices when
performing tomographies, with transaxial resolution
greater than 2 cm full-width half maximum (FWHM)
and used NaI (sodium iodide) crystal material. Such
systems were installed at several research institutions,
apart from the ones mentioned above, like University of
California, Berkeley, the Lawrence Berkeley Laboratory,
and the University of Pennsylvania.

By the end of the 1970s, PET had shown its potential
for application to clinical medicine. The following genera-
tion of PET scanners reduced detector size and included
additional rings to allow for simultaneous acquisition of
multiple slices. The slice resolution improved from greater
than 2 cm FWHM to less than 1 cm FWHM. As time
progressed, more detectors and photomultiplier tubes
(PMTs) were added to these machines to increase their
sensitivity and resolution. In the mid-1980s, the first BGO
(bismuth germanate oxide)-pixelated detector blocks were
presented. At the same time, the first dedicated medical
PET cyclotron units with automated radiopharmaceutical
delivery systems were commercially available.

At the end of the 1980s, the major medical imaging
companies (mainly Siemens with CTI PET, Inc. and Gen-
eral Electric with Scanditronix) began investing in PET.
The first whole-body PET scanners were presented and
research in new detector materials led to significant
discoveries [LSO (lutetium oxyorthosilicate), etc.] in the
beginning of the 1990s. Since then, PET has shown a
steady increase in acceptance for clinical application, both
medically and administratively, and PET centers are
being installed worldwide at an increasing pace. PET is
now a well-established medical imaging technique that
assists in the diagnosis and management of many dis-
eases.

More details on the history of PET instrumentation and
the related developments can be found in Nutt (1) and
Brownell (2).

3. PHYSICAL PRINCIPLES OF PET

PET images molecules of substances with a specific biolo-
gical activity. In order to monitor their distribution,
kinetic characteristics, and behavior (of pharmaceuticals)
within the body, these substances are tagged with radio-
active compounds (with a short half-life and at extremely
low concentrations) (3). These radiopharmaceuticals are
chosen to have a desired biological activity, depending on
the metabolic activity of the organ under study and are
introduced to the subject by injection or inhalation.

The most common radionuclides are listed in Table 1
and are compounds that constitute or are consumed by the
living body, like carbon, nitrogen, and oxygen. They are
isotopes of biologically significant chemical elements that
exist in all living tissues of the body and in almost all
nutrients. Therefore, the above radionuclides are easily
incorporated in the metabolic process and serve as tracers
of the metabolic behavior of the body part, which can be
studied in vivo.

Table 2 shows a list of the major radiopharmaceuticals
used as PET agents with their specific medical applica-
tions. The most common radiopharmaceutical used in PET
studies today is fluorodeoxyglucose (FDG) (4), a chemical

Table 1. The Most Common Radionuclides in PET

Radionuclide Half-life

Carbon-11 20.3 min
Nitrogen-13 9.97 min
Oxygen-15 2.03 min
Fluorine-18 1.83 hr
Gallium-68 1.13 hr
Rubidium-82 1.26 min

Table 2. Major PET Radiopharmaceuticals and their
Specific Medical Applications

Agent Images

F-18 fluorodeoxyglucose Regional glucose metabolism
F-18 sodium fluoride Bone tumors
C-11 methionine Amino acid uptake/protein

synthesis
C-11 choline Cell membrane proliferation
C-11 deoxyglucose Regional brain metabolism
O-15 oxygen Metabolic rate of oxygen use/

OEF
C-11 carbon monoxide Cerebral blood volume
O-15 carbon monoxide Cerebral blood volume
O-15 water Cerebral blood flow
O-15 carbon dioxide (Inhaled) Cerebral blood flow
C-11 butanol Cerebral blood flow
C-11 N-methylspiperone Dopamine D2 and Serotonin

S2 receptors
F-18 N-methylspiperone D2 and S2 receptors
C-11 raclopride D2 receptors
F-18 spiperone D2 receptors
Br-76 bromospiperone D2 receptors
C-11 carfentanil Opiate mu receptors
C-11 flumazenil Benzodiazepine (GABA)

receptors
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compound similar to glucose, with the difference that one
of the -OH groups has been replaced by F-18. Carbon-11
can also be used as a radiotracer to glucose. The short half-
lives of these particles allow the subject and the people
handling them to receive only a low radiation dose.

The identification and detection of the presence of the
molecules of the radiotracer in a specified location within
the source (i.e., the body under study) is performed by a
chain of events, based on physical principles and data
processing techniques, which are schematically depicted
in Fig. 1 and briefly described below:

A positron is emitted during the radioactive decay
process, annihilates with an electron, and, as a result, a
pair of g-rays is emitted (two high-energy photons of
511 KeV each). The two g-rays fly off in almost opposite
directions (according to the momentum conservation
laws), penetrate the surrounding tissues, and can be
recorded outside the subject’s body by scintillation detec-
tors placed on a circular or polygonal detector arrange-
ment, which forms a PET tomograph. When the g-ray hits
a scintillation detector material, it then deposits its en-
ergy in that crystal by undergoing the photoelectric effect,
which is an atomic absorption process in which an atom
totally absorbs the energy of an incident photon (5). This
energy is then used to eject an orbital electron (photoelec-
tron) from the atom and is therefore transformed in visible
light. This light can be detected by specialized devices
(photomultiplier tubes, PMT) that capture and transform
it into an electronic signal, shaped at a later stage by the
electronic circuits of the tomograph to an electronic pulse,
which provides information about the timing of the arrival

of the incident g-ray and its energy. Figure 2 summarizes
the principles of gamma ray event detection in PET
described here.

By measuring a coincidence photon, the detector array
in a PET system identifies that an annihilation event
occurred inside the volume defined between the surfaces
of the pair of detectors that registered the coincidence
event. At the end of a PET scan, a number of coincidence
events have been identified for each pair of detectors. This
information represents the radioactivity in the subject
viewed at different angles, when sorted in closely spaced
parallel lines. In order to reconstruct the activity density
inside the source from its projections (events registered at
each detector pair), a mathematical reconstruction algo-
rithm is applied by computer. The collected data are
corrected for scatter, attenuation, and accidental coinci-
dences and normalized for the differences in detector
efficiencies. The data reconstructs the spatial distribution
of the radioactivity density inside the organ or the system
under study, in the form of a 2- or 3-dimensional image.
The result is a digital image of the source, where the value
of each picture element (pixel) or, in modern 3-D tomo-
graph systems, volume element (voxel) is proportional to
the activity density inside the source at the area (or
volume) that corresponds to this pixel/voxel. This image
can be directly displayed on a screen. Further analysis of
the data and processing of the produced images can be
carried out with the use of a computing system.

A high-energy photon produced by an annihilation
event can deviate from its original trajectory if it gets
involved into Compton scattering inside the subject’s body,
a collision between a photon and a loosely bound outer
shell orbital electron of an atom. In this case, because the
incident photon energy greatly exceeds the binding energy
of the electron to the atom, the interaction can be con-
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Figure 2. Scintillation detectors coupled to photomultiplier
tubes are placed around the detector ring of the scanner. An
annihilation event (�) inside the field of view (FOV) produces 2 g-
rays that get detected by a pair of detectors. The event is
identified to occur inside a specific detector tube (dashed stripe)
by the electronic devices (constant fraction discriminators, CFD,
and the coincidence detection circuit) that connect every pair of
detectors.

Positron

Positron range

511 KeV photon

Electron

Annihilation

511 KeV photon

Radionuclide

Figure 1. This schematic depicts the chain of events that de-
scribed the physical properties of high-energy gamma pair emis-
sion from positron-emitting radioisotopes. All radioisotopes used
with PET decay by positron emission. Positrons are positively
charged electrons. Positron emission stabilizes the nucleus of
unstable radioisotopes by removing a positive charge through
the conversion of a proton into a neutron. An emitted positron
travels a short distance (positron range, which depends on the
energy of the positron) and collides with an ordinary electron of a
nearby atom in an annihilation reaction. When the two particles
annihilate, their mass turns into two 511-keV gamma-rays that
are emitted at 1801 to each other. When detected, the 1801
emission of two gamma-rays following the disintegration of
positronium is called a coincidence line. Coincidence lines provide
a unique detection scheme for forming tomographic images with
PET.
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sidered as a collision between the photon and a ‘‘free’’
electron. The photon does not disappear in Compton
scattering, but it is deflected through a scattering angle
y, and some of its energy is transferred to the electron
(recoil electron) (5). In the case in which this ray gets
detected in coincidence with the second gamma produced
at the same event then this event will be counted to have
occurred in a detector tube that will not contain the
original annihilation site: This is an erroneous event
(scattered event).

It is also possible that this ray will never reach a
detector crystal and therefore get lost. This type of Comp-
ton scattering, along with photoelectric absorption of the
produced gamma rays inside the source, where they have
been generated, are the major sources of attenuation of
the emitted radioactivity.

The physics of positron emission allow for attenuation
correction of the collected data, which can produce a
quantitatively (but also qualitatively) accurate image
that may resolve small lesions, especially when these lie
deep within the body. In order to correct for attenuation,
two additional measurements are typically performed: the
blank scan and the transmission scan. The blank scan is
recorded using an external source without the patient.
This scan represents the unattenuated case. For the
transmission scan, the patient and the bed are placed
into the scanner and the attenuated data are measured
using the external source. The attenuation correction
factors (ACF) can be calculated as the ratio of the mea-
sured counts without and with the attenuating object. The
disadvantages of attenuation correction are that it re-
quires more time for image acquisition and the potential
to add noise to the image exists if the attenuation mea-
surements become misaligned by patient motion or if
inadequate statistics in the transmission scan are col-
lected. As a result of noise, transmission measurements
are usually smoothed prior to the division. Otherwise, the
noise in the ACF propagates to the corrected emission
sinogram. The drawback of smoothing is that the result-
ing blurring of ACFs propagates to the emission sinogram
as well. Techniques for the reduction of noise propagation
include, as an example, classification techniques for the
main tissue categories observed in the transmission
images (segmentation) or the use of iterative methods
for the reconstruction of the transmission images (6).

Compton scattering can also occur inside the detector
crystal before the ray undergoes the (desirable) photo-
electric effect. In that case, it is possible that the ray will
escape the detector material and deposit its energy in an
adjacent scintillator, causing the detected event to be
mispositioned. Another source of erroneously counted

events is the coincidental arrival at the detector ring of
two single gamma rays coming from two different annihi-
lation events (random or accidental coincidence). When
three or more g-rays arrive at the detector ring within the
time coincidence window set by the electronic circuitry of
the scanner for the coincidence detection, then these
gammas have to be rejected, because it is not possible to
recognize the pairs of photons that came from the same
annihilation event (7).

The high-energy gamma rays have increased penetrat-
ing abilities and can be detected coming from deep-lying
organs better than a particles or electrons (b particles)
that can penetrate only a few millimeters of tissue and
therefore cannot get outside the body to the radiation
detector (5). Imaging system detectors must therefore
have good detection efficiency for g-rays. It is also desirable
that they have energy discrimination capability, so that g-
rays that have lost energy by Compton scattering within
the body can be rejected, and a good timing resolution, to
measure accurately the time difference of the arrival of
two photons. Sodium iodide (NaI), BaF2 (barium fluoride),
and BGO (bismuth germanate oxide) provide both of these
features at a reasonable cost (5). Research for new scin-
tillator materials, like LSO (lutetium oxyorthosilicate) (8),
GSO (germanate oxide) (9), PbCO3 (lead carbonate) (10),
PbSO4 (lead sulfate) (11), CeF3 (cerium fluoride) (12), YalO
(13), and LuAlO (14), is very active to produce faster
detector crystals with good stopping power and light out-
put.

Table 3 summarizes some of the main physical proper-
ties of the scintillators used for PET: NaI(Tl), BGO, BaF2,
CsF, GSO, and LSO. In order to interpret this table:

- An elevated density guarantees a high stopping
power for the high-energy 511 keV annihilation
photons and, consequently, assures elevated detec-
tion efficiency. High stopping power also allows the
use of crystals of small dimensions, which means an
improved spatial resolution of the tomograph.

- High scintillation efficiency, because of a good intrin-
sic energy resolution of the crystal, leads to a good
energy resolution of the detection system, which
leads to a better discrimination of scatter.

- A fast scintillation (described by a short scintillation
constant decay time) translates to a low dead time of
the system and, therefore, a good count-rate perfor-
mance. Moreover, this property directly influences
the temporal resolution (uncertainty of the moment
of detection), on which depends the choice of the
length of the time coincidence resolution window
and therefore the rate of accidental coincidences.

Table 3. Scintillation Crystal Characteristics

NaI BGO BaF2 CsF LSO GSO

Density (g/cm3) 3.67 7.13 4.87 4.64 7.40 6.71
Relative scintillation efficiency 100 20 16 6 75 30
Decay constant (nsec) 250 300 0.6 2.5 40 60

620 155
Hygroscopic Yes No No Yes No No
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The comparison of the characteristics of scintillation
crystals shows that the ideal scintillator for PET must
have the temporal characteristics (decay time) of BaF2,
the density (stopping power) of BGO, and the scintillation
efficiency (light output) of NaI(Tl) (15). It also reveals that
the newest crystals, GSO and LSO, are very promising for
PET applications.

Originally, NaI was the detector of choice for nuclear
medicine imaging cameras and is still in use by some
manufacturers of gamma cameras, SPET, and even PET
systems. NaI is a scintillation crystal discovered in 1949
with very high scintillation efficiency but a stopping power
too low for high-energy photons, therefore with very low
sensitivity. In the 1980s, BGO emerged as the detector of
choice for PET scanners, a material with considerably
lower light output than NaI but, on the other hand, twice
as dense and therefore able to detect high-energy photons
more effectively. LSO was discovered in the early 1990s
and exhibits a very fast scintillation time (40 ns), which
provides significantly reduced detector dead time and
consequently higher count-rate capabilities, which is es-
sential in clinical PET imaging in order to use the injected
activity most efficiently and to make the emission scan
time as short as possible, which means the patient spends
less time immobile on the tomograph’s bed, without
compromising the image quality.

In the optimization of the design of a PET tomograph,
an important aspect is the way crystals are assembled and
the way these are coupled to the photomultiplier tubes.
Various strategies have been developed:

- one-to-one connection crystal-PMT (5);
- detector blocks, where a crystal array (mainly BGO or

LSO) is coupled to a smaller number of PMTs (15,16);
- NaI(Tl) crystals of large dimensions coupled to a grid

of PMT (Anger logic, common to gamma cameras)
(17);

- the most recent design of a system of GSO crystals
coupled to light guides to a PMT grid (18).

Scintillation detectors have been the dominant element in
high-energy gamma ray detection for PET. However, other
technologies have been also applied, explored and devel-
oped for this purpose. One of the oldest alternative
technologies is the High-Density Avalanche Chamber
(HIDAC) PET system (19), which consists of a Multiwire
Proportional Chamber (MWPC) with the provision of
laminated cathodes containing interleaved lead and in-
sulating sheets and mechanically drilled with a dense
matrix of small holes. Ionization resulting from photons
interacting with the lead is trapped by, amplified in, and
extracted from the holes by a strong electric field into the
MWPC. On arrival at an anode wire, further avalanching
occurs. Coordinate readout may be obtained from ortho-
gonal strips on the cathodes. The result is precise, two-
dimensional localization of the incident gamma rays.
Every hole on the cathodes acts as an independent coun-
ter. By stacking these MWPCs, millions of these counters
are integrated to form a large-area radiation camera with
a high spatial resolution.

The resolution of a PET scanner primarily depends on
the size of the detectors and by the range of positrons in
matter (distance traveled by the positron in the tissue
before interacting with a free electron, see also Fig. 1). For
most of the positron emitters, the maximum range is 2–
20 mm. However, the effect on spatial resolution is much
smaller, because positrons are emitted with a spectrum of
energies and only a small fraction travel the maximum
range and, in addition, in the case of two-dimensional
acquisitions, the range of the third dimension is com-
pressed. Another limitation in the resolution is that the
paired annihilation photons are not emitted precisely 180
degrees from each other, because the eþ -e� system is not
at complete rest. Other components of the system resolu-
tion are the sampling scheme used, the interactions
between more than one crystal because of inter-crystal
scatter, the penetration of annihilation photons from off-
axis sources to the detector crystals, the reconstruction
technique used and the filters applied, and the organ and
patient motion during the scan.

Three types of spatial resolution exist in a typical ring
PET system, defined by a full-width at half-maximum
(FWHM): the radial, tangential, and axial resolutions.
The radial, or in-slice, resolution deteriorates as we
move from the center of the field-of-view and is best at
the center. The same happens for the tangential resolu-
tion, which is measured along a line vertical to a radial
line, at different radial distances. In systems with more
than one detector ring, the axial resolution, or slice
thickness, is measured along the axis of the tomograph.

A major source of error during the coincidence detec-
tion is the fact that not all the annihilation events are
registered correctly as mentioned earlier. Additional acci-
dental coincidences can result from poor shielding or
backscatter and from ordinary g-rays from the radionu-
clide administered. The random and scattered coinci-
dences are registered together with the true
coincidences, obtained when a pair of gammas is correctly
identified and classified to the appropriate detector tube,
and are sources of background noise and image distortion.

In order to keep the number of scattered coincidences
low, a discriminator should be used. A discriminator
primarily generates timing pulses on the arrival of a
photon, but also can verify the total energy of the illumi-
nating ray is above a preset energy threshold. Scattered
rays have already deposited part of their energy and
therefore can be identified.

Furthermore, the choice of the appropriate time coin-
cidence (or coincidence resolving time) window is essen-
tial: It has to be narrow enough to keep the number of
random coincidences as low as possible but wide enough to
include all valid coincidence pulses. In the existing PET
units, the timing accuracy is of the order of tenths of
nanoseconds.

A PET scanner can be designed to image one single
organ, such as the brain or the heart, or can be able to
image any organ in the body, including whole-body scans.
Whole-body studies with F-18-FDG consist in repeated
PET acquisitions at contiguous bed positions in order to
provide 3-D images (axial, sagittal, coronal, and oblique
cut planes) covering one considerable portion of the pa-
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tient’s body (Fig. 3), which facilitates the search for
metastases in oncological diagnostics (20).

Most PET systems today are whole-body systems (i.e.,
they have a typical transaxial field-of-view (FOV) of
60 cm). This FOV is adequate to handle most patients.
The axial FOV of most PET systems today is limited to
approximately 10–15 cm (21). This relatively narrow axial
FOV imposes some limitation on the imaging procedures
that can be performed clinically. It also requires more
accurate positioning of the patient in comparison with
conventional nuclear medicine procedures. For a clinical
system, it would be desirable to extend the axial FOV to
15–20 cm, which, for instance, would allow full brain
(Fig. 4) and heart imaging in a single frame and more
efficient whole-body imaging. As the detectors contribute a
significant portion of the total cost of the scanner, how-
ever, this would bring into question what would be an
acceptable cost for the PET scanner.

4. MANUFACTURING OF RADIOPHARMACEUTICALS

A cyclotron is a particle accelerator that produces posi-
tron-emitting elements or short-lived radioisotopes. These
radioisotopes can then be incorporated into other chemical
compounds that are synthesized into a final product that
can be injected into a person. These radioisotopes are used
to ‘‘label’’ compounds so it can later be identified where in
the body the radiopharmaceutical is being distributed.
The compounds that are being labeled are organic mole-
cules normally used in the body such as sugar, neuro-
transmitters, etc. (22).

First, the cyclotron bombards nonradioactive elements
in the target with accelerated particles that convert these
elements into positron-emitting radioactive isotopes of
fluorine, nitrogen, oxygen, or carbon. The major radio-
active isotope produced at almost all sites is fluorine-18 (F-
18), which has a half-life of 110 minutes. F-18 thus pro-
duced from the cyclotron is delivered to a chemical synth-
esis unit called the chemical processing unit, which is
where F-18 is incorporated into a precursor to produce the
final product FDG, the labeled sugar molecule. This entire
process is fully automated and done in the cyclotron lab.
When a dose is needed, it is transported to the PET scan
room by various ways, depending on the distance between
the production site and the PET tomograph and ranging
from a dedicated pneumatic tube system to long-distance
transport via air or road.

5. APPLICATIONS OF PET

Molecular imaging opens the way for medical doctors to
successfully pursue the origin of disease. As long as
disease is of unknown origin, more tests and exams are
needed, something that means increased health-care
costs, in addition to the patient’s discomfort and pain.
PET can accurately identify the source of many of the most
common cancers, heart diseases and neurological diseases,
eliminating the need for redundant tests, exploratory
surgeries, and drug overload of the patient. PET produces
powerful images of the body’s biological functions and
reveals the mysteries of health and disease (23).

PET can be used to obtain information about the tissue
perfusion using inert tracers (e.g., O-15 labeled water), the
metabolism with metabolically active tracers (e.g., F-18-
FDG), or the kinetic of a cytostatic drug (e.g., F-18-
Fluorouracil).

In cardiology (22), this imaging technique represents
the most accurate test to reveal coronary artery disease or
rule out its presence. Traditionally, when a patient shows
signs or symptoms of heart disease, his or her physician
will prescribe a thallium stress test as the initial diag-
nostic study. The conventional thallium stress test, how-
ever, is often not as accurate as a PET scan. PET images
can show inadequate blood flow to the heart during stress
that can pass undetected by other noninvasive cardiac
tests. A PET study could enable patients to avoid cardiac
catheterization when a conventional perfusion or echocar-
diographic stress test is equivocal. A PET scan shows
myocardial viability in addition to perfusion abnormality.

heart

kidneys

bladder

brain

muscle

Figure 3. A whole-body F-18-FDG PET image of a normal
subject (no pathological situation diagnosed). Areas with high
metabolic activity (brain, myocardium) or with high concentra-
tion of the radioactive tracer (bladder) are visible. Courtesy of A.
Maldonado and M.A. Pozo from the Centro PET Complutense,
Madrid, Spain.
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More specifically, PET exams for metabolism and perfu-
sion of the heart tissues can determine the need for a
heart transplant, in case both are absent in a large area of
the heart, or confirm with certainty that simple bypass
surgery would be enough, when metabolism is maintained
even if blood flow is significantly reduced. As metabolism
indicates that tissue is still alive, complicated heart
transplantation can be avoided and coronary bypass
would have great chances to improve cardiac function.
Documented studies have shown that thallium stress
testing overestimates irreversible myocardial damage in
at least 30% of cases, which can result in the patient being
placed on the transplant list rather than receiving bypass
surgery or angioplasty. No other diagnostic test can more
precisely assess myocardial viability than PET. The most
recent developments in cardiac PET have been summar-
ized in Phelps (3).

PET can reveal abnormal patterns in the brain and is,
therefore, a valuable tool for assessing patients with
various forms of dementia (3,22). PET images of the brain
can detect Parkinson’s disease: A labeled aminoacid (F-
DOPA) is used as a tracer at a PET examination in order to
determine if the brain has a deficiency in dopamine
synthesis. If it does not, Parkinson’s disease can be ruled
out and possible tremors in the patient’s muscles will be
treated in a different way. Although the only definitive test
for Alzheimer’s disease (AD) is autopsy, PET can supply
important diagnostic information. When comparing a
normal brain with an AD-affected brain on a PET scan, a
distinctive and very consistent image pattern appears in
the area of the AD-affected brain, where certain brain
regions have low metabolism at the early stages of the
disease, which allows its early detection several years
before diagnosis can be confirmed by a physician and
can also be applied in order to differentiate Alzheimer’s
from other confounding types of dementia or depression
(24). Conventionally, the confirmation of AD was a long
process of elimination that averaged between two and
three years of diagnostic and cognitive testing. PET can
help to shorten this process by identifying distinctive

patterns earlier in the course of the disease. Furthermore,
PET allows the accurate identification of epileptogenic
brain tissue (because of its reduced glucose metabolic
rates) and can successfully lead the surgical removal of
the epileptic foci.

In oncology (3,22), in which the clear majority of total
PET examinations refer to, PET inspects all organs and
systems of the body to search for cancer in a single
examination. PET is very accurate in distinguishing ma-
lignant tumors from benign growths. It can help detect
recurrent brain tumors and tumors of the lung, breast,
lymph nodes, skin, colon, and other organs. The informa-
tion obtained from PET studies can be used to determine
what combination of treatment is most likely to be suc-
cessful in treating a patient’s tumor, as it can efficiently
determine the resistance of a specific cancer to the drugs
applied and, consequently, can dynamically optimize the
treatment management and follow-up of the patient on an
individual basis. With this technique, it is possible to
evaluate if a tumor has been successfully destroyed after
therapy, as anatomical follow-up imaging is often not in
the position to assess if a residue is still active or has been
definitely been eliminated after chemotherapy, radiation,
or surgery.

Below is a summary of the current status and future
aspects of PET for cancer detection, as it has been recently
presented by the Health Technology Advisory Committee
(23):

- Brain Cancer: F-18-FDGPET in brain tumor imaging
may be useful, but its clinical application has yet to be
established. F-18-FDGPET does not appear to be able
to define tumor histology. Additional studies are
warranted regarding the value of F-18-FDG PET in
detecting central nervous system (CNS) and non-
CNS brain metastasis, differentiating malignant
from nonmalignant lesions, detecting disease recur-
rence in subjects who have undergone intensive
radiotherapy, and in pediatric brain tumors. As a
result of the paucity of data on radiotracers other

Figure 4. Sequential images from an F-18-FDG
PET brain study of a normal individual. Red-yellow
areas correspond to the high metabolic activity in
the gray matter (cortex). Courtesy of A. Maldonado
and M.A. Pozo from the Centro PET Complutense,
Madrid, Spain.
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then F-18-FDG, further studies will be required to
validate the use of PET brain scanning with these
radiotracers.

- Head and Neck Cancer: Studies suggest that F-18-
FDG PET is superior to MRI but comparable with CT
in identifying the presence, absence, or recurrence of
cancer.

- Pituitary Cancer, Thyroid Cancer, Urinary Cancer,
Kidney Cancer: The paucity of data on the use of
PET in pituitary tumors, thyroid tumors, urinary
cancer, and kidney cancer prevents conclusions re-
garding its value at this time.

- Lung Cancer: Numerous studies evaluating PET for
lung cancer applications demonstrate that PET using
F-18-FDG as a radiotracer is effective and may be
more effective than other noninvasive techniques,
particularly CT, in differentiating benign and malig-
nant pulmonary lesions. Thus, F-18-FDG PET ap-
pears to be an effective means of diagnosing lung
cancer, whether primary disease or secondary meta-
static disease, and detecting disease recurrence fol-
lowing lung cancer therapy.

- Breast Cancer: Preliminary data suggest that F-18-
FDG PET can differentiate benign from malignant
breast lesions, when used in breast cancer staging,
and can determine the presence of axillary node
involvement. Although data is scarce regarding the
utility of PET in monitoring the effects of breast
cancer therapy, available data suggest that both F-
18-FDG PET and C-11-MET PET may be useful for
breast cancer and may show response earlier than
conventional methods. Regardless, because of the
small study samples and limited amount of available
data, further studies will be required to confirm the
efficacy of PET for breast cancer imaging.

- Esophageal Cancer: F-18-FDG PET may be valuable
in the staging of esophageal cancer. Evidence is
limited by the small number of subjects in each study
and the lack of additional trials.

- Pancreatic Cancer: Studies indicate that PET may
have a role in the imaging of pancreatic tumors, but
further study is needed to verify this.

- Renal Cancer: F-18-FDG PET shows promise for
evaluating renal masses, although further confirma-
tion is required.

- Ovarian Cancer: Preliminary data suggest a poten-
tial role for F-18-FDG PET in ovarian cancer; further
studies are required to confirm these findings.

- Prostate Cancer: Although F-18-FDG PET has been
used in certain prostate cancer cases, it is possible
that the use of radiotracers other than F-18-FDG may
be of more value. However, insufficient data exists at
this time to draw conclusions regarding the utility of
PET in prostate cancer.

- Testicular Cancer: With limited data, no conclusions
can be made at this time.

- Malignant Melanoma: Additional studies are needed
to determine the role of PET in the imaging of
malignant melanoma.

- Colorectal Cancer: F-18-FDG PET may be a valuable
tool for colorectal cancer in diagnosis, preoperative

staging, and monitoring for recurrent disease or
treatment response. However, further study is re-
quired to confirm these findings.

- Neuroendocrine Gastrointestinal Cancer: PET proved
superior to CT in detecting, delineating, and visualiz-
ing lesions. The study claimed that PET had a super-
ior role, but further study is required to confirm this
finding.

- Malignant Lymphoma: Studies comparing F-18-FDG
PET with alternative techniques found PET to be
more accurate than CT, 99mTc-MIBI SPET, and
111In-somatostatin scintigraphy in detecting un-
treated and treated lymphoma. Supportive evidence
is limited to a few trials that are hampered by small
study samples. No conclusions can be drawn at this
time regarding the efficacy of PET for malignant
lymphoma.

A major use of PET is its ability for kinetic imaging
analyses, which refers to the measurement of tracer
uptake over time. An image of tracer activity distribution
is a good starting point for obtaining more useful informa-
tion such as regional blood flow or regional glucose
metabolism. The process of taking PET images of radio-
activity distribution and then using tracer kinetic model-
ing to extract useful information is termed image analysis.
The tracer kinetic method with radiolabeled compounds is
a primary and fundamental principle underlying PET and
autoradiography. It has also been essential to the investi-
gation of basic chemical and functional processes in
biochemistry, biology, physiology, anatomy, molecular biol-
ogy, and pharmacology. Tracer kinetic methods also form
the basis in in vivo imaging studies in nuclear medicine
(25).

Besides its direct clinical applications, PET imaging is
emerging as a powerful tool for use by the pharmaceutical
industry in drug discovery and development (26). The role
of small animal PET imaging (27) studies in rodents for
the discovery of PET tracers for human use is significant,
as it has the potential for permitting higher throughput
screening of novel tracers in transgenic mice as well as the
confounding effects resulting from potential species differ-
ences on receptor affinity, blood-brain barrier (BBB) trans-
port, metabolism, and clearance. This setting is expected
to allow new and unique experimental laboratory studies
to be performed.

Other recent developments include dedicated mammo-
graphy devices (known as positron emission mammo-
graphs, PEM) for breast functional imaging (28).
Furthermore, the first PET/CT tomographs have made
their way to the market (29), which house a positron
tomograph and a CT scanner in a single device, allowing
the acquisition and visualization of registered images
detailing both anatomy and biological processes at the
molecular level of internal organs and tissue without the
need of multiple examinations and further image proces-
sing to achieve similar results.
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6. IMAGE INTERPRETATION

One of the final steps in the processing chain of the PET
study is to produce a final layout of the images for the
diagnosing physician. The conventional way of presenting
the image data is to produce a transparency film (x-ray
film) of the images on the computer display. In addition to
the image data, the film should also be labeled with
demographic data about the study, such as patient name
and scan type. As this information is usually stored in the
image files together with the image data, the labeling and
layout of the images on the display can be automated by
software. With the rapid development of local area net-
works, films may soon no longer be necessary. Instead, the
images can be read from a display system located in the
reading room, which has access to the PET image data
through a computer network. Referring physicians do, in
most cases, require a hard copy of the study, which can be
accomplished using x-ray films. With recent improve-
ments in printer technology, high-quality color output
may also be a low-cost alternative to the traditional film.

7. PROCEDURE FOR A PET SCAN

Most patients will be in the PET center for two or three
hours, depending on the type of study being conducted.
The patient is informed as to when to stop eating before
the test. Drinking large amounts of water is recommended
before the scan. The patient also must inform the PET
center if they are diabetic or claustrophobic. In general,
before the scan is done, a catheter is placed in the arm so
that the radioactive tracer can be injected. A glucose test
will also be conducted. Depending on the type of study
done, scanning may take place before and after the injec-
tion is given. After the tracer is given, the patient waits for
approximately 40–60 minutes before the final scan is done.

8. PET SCAN AND ASSOCIATED RISKS

The radiation exposure of PET is similar to that of having
a CT scan or any other standard nuclear medicine proce-
dure involving heart or lung scans. No pain or discomfort
results from the scan. The half-life of F-18 is so short that
by the time the patient leaves the PET center, almost no
activity remains in the body. Patients typically do not
experience any reactions as a result of the PET scan,
because the tracer material is processed by the body
naturally. Therefore, no side effects are expected. Of
course, as with any other nuclear medicine procedure,

when breastfeeding or pregnant, a PET scan must be
performed under special conditions.

9. CURRENT STATUS AND FUTURE ASPECTS IN PET
INSTRUMENTATION

Technological developments and research in the field of
PET instrumentation is currently marking a fast evolu-
tion (30). New PET systems have been designed and
developed with whole-body scanning capabilities. These
systems are clearly designed for oncological studies (cur-
rently almost entirely performed in the clinical practice
with the use of F-18-FDG), which represent maybe more
than 80% of the total PET examinations performed world-
wide. Therefore, a clear shift has occurred from the ear-
liest systems, which were then mostly oriented to
neurological applications.

The main requirement that drives current research
and development activities both in academia and in in-
dustry is to increase in the diagnostic accuracy (lesion
detectability) of the technique while decreasing the cost of
PET system installation, operation, and maintenance,
which would allow the widespread application of PET in
the clinical practice. In order to achieve this goal, an
optimal balance should be found between high-perfor-
mance specifications and cost efficiency for the newly
designed tomographs.

In particular, very high-resolution 3-D PET imaging
(with applications in brain imaging, positron emission
mammography, as well as small animal imaging) has
demanded further advances in scintillation detector de-
velopment, image reconstruction, and data correction
methodology.

Table 4 lists the major performance characteristics of
some last-generation tomographs for human whole-body
studies, based on different design architectures and oper-
ating in 3-D-acquisition mode. For 2-D acquisitions, lead
or tungsten septa are placed between the detectors to
absorb scattered radiation (out of slice activity). The septa
reduce the amount of scatter to 10–15% of the total counts
acquired and improve image contrast. For 3-D acquisi-
tions, the septa are removed and each individual detector
is sensitive to radiation from a much larger area (30). This
mode allows a significant increase of the detection effi-
ciency of the order of a factor 5–6 over the 2-D mode and
provides an increase of the signal/noise ratio in the
produced images, an aspect of extreme importance in
whole-body studies. 3-D PET imaging can, in addition,
significantly reduce the amount of tracer activity needed
for the exam and shorten the acquisition time, thus

Table 4. Performance Characteristics of PET Scanners in 3-D Mode (15)

Philips C-PET GE Advance ECAT HR+ ECAT Accel Philips Allegro

Crystal NaI BGO BGO LSO GSO
Crystal dimensions (mm) 500 � 300 � 25 4.0 � 8.2 � 30 4.0 � 4.4 � 30 6.8 � 6.8 � 20 4.0 � 6.0 � 20
Spatial resolution FWHM, mm (@10 cm) 6.4 5.4 5.4 6.7 5.9
Efficiency (Kpcs/mCi/cc) 450 1060 900 900 4800
% Scatter fraction 25 35 36 36 25
50% Dead time (Kcps/mCi) 0.2 0.9 0.6 — 0.6
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reducing the time during which the patient must remain
immobile on the tomograph’s bed.

A limitation of the 3-D mode, however, is an increase of
the scatter component (almost one out of every two of the
detected events has been scattered in the source or even
inside the scintillation detectors), as well as an increase of
the number of the detected accidental coincidences (ran-
doms) (30). A good energy resolution is therefore impera-
tive in 3-D PET systems in order to reduce the scatter
component (by correctly identifying detected g-rays with
deposited energy lower than 511 KeV). Furthermore,
these systems must be able to manage high count rates
in order to match the radioactivity present in the field of
view. High temporal resolution in PET (high count rate)
also permits dynamic imaging (repeated studies at short
time intervals). With high count rates, pulses received at a
detector block can ‘‘pile-up’’ and the detector may become
paralyzed, which decreases the sensitivity and detection
efficiency of the tomograph. In addition, when scanning in
a high counting-rate environment, the random counting
rate increases much more rapidly than does the true
counting rate as a function of radioactivity in and near
the field of view. In general, in 3-D mode, an increased
number of random events is detected and degrades the
image quality. Appropriate scatter and randoms correc-
tions must therefore be applied to 3-D-acquired data (31).
Considering the nature of the scatter correction process
and the heterogeneity of the activity distribution in the
thoracic and abdominal areas (which are of particular
interest for whole-body F-18-FDG PET studies), the use of
scatter correction techniques is not yet consolidated and
their effectiveness regarding the quality and quantitative
accuracy of whole-body PET studies demands more re-
search work.

The performance of a 3-D-enabled PET tomograph is
therefore the result of a compromise between the various
physical parameters considered (spatial resolution, detec-
tion efficiency, energy resolution, and linearity of count
rate). In the modern design of such systems, the primary
objective evolves from the optimization of the spatial
resolution and the efficiency (typical of tomographs for
cerebral applications) to the optimization of the balance
between energy resolution and count rate performance.
The size of the scintillation detector crystals, which to-
gether with the photomultiplier tubes constitute the main
elements in the design of a PET system, determines the
intrinsic spatial resolution of the tomograph. The volume
of each crystal has a minimum, defined by the current
technological limitations, but at the same time should be
large enough in order to include a sufficient mass of
material so that a significant number of the incident
high-energy g-rays are absorbed and converted to visible
(detectable) light. A very small detector crystal could
result transparent to g-rays, which would decrease the
system’s sensitivity.

Regarding spatial resolution, an area of interest in the
design of PET systems refers to the development and
implementation of techniques for the correction of the
effect of ‘‘depth of interaction’’ (DOI) parallax error, which
limits the uniformity of the spatial resolution in the field
of view for PET tomographs with rings of detector block

arrays (18). In such systems, the length of the detector
crystals is about ten times as long as their width in order
to improve detection efficiency. Therefore, PET measure-
ments exhibit shift-variant characteristics, such as broa-
dened sensitivity functions of each detector pair from
center to edge of FOV and for oblique lines of response.
Spatial uniformity can be restored if the DOI of the
incident photons is known. A number of techniques for
deriving DOI information from PET detectors have been
proposed, including the use of a phoswich technique (32)
[detector arrangements, composed from scintillation crys-
tal layers (e.g., LSO/GSO phoswich block detector, where
the distinct temporal characteristics of the crystals used
allow to identify the DOI)], extracting the DOI informa-
tion by controlling the light sharing between two crystals,
coupling of two ends of the detection crystals to separate
photodetectors, and extracting DOI information from a 3-
D matrix detector (33). Other approaches include the
application of a light-absorbing band around each crystal,
the introduction of a light-absorbing material between
sections of the detector, or the use of a Multi-pixel Hybrid
Photomultiplier (M-HPD) (34). When fully available in
commercial tomographs, the implementation of correction
techniques for DOI will allow the improvement of the
spatial resolution and an ultimate optimization in the
design of scintillation detection systems.

In order to gain full advantage from the increase of the
detection efficiency offered by 3-D PET, developments in
the field of the image formation are equally necessary. The
acquired PET data are not an image of the activity
distribution in the source but rather projections of it.
The unknown image has to be estimated from the avail-
able data computationally. Great interest is turned today
to completely 3-D iterative image reconstruction techni-
ques (21). The more interesting feature of iterative tech-
niques is the possibility to incorporate the statistical
model of the process of acquisition and detection to the
reconstruction process. In spite of their high computa-
tional cost, iterative techniques offer greater flexibility in
the data processing, particularly with data of elevated
statistical noise. The implementation of these reconstruc-
tion algorithms on clusters of workstations, grid plat-
forms, or other high-performance computing systems is
an area of state-of-the-art research (35).

In spite of the fact that the clinical impact of the
attenuation correction for whole-body F-18-FDG PET
studies is still under discussion and study, iterative image
reconstruction techniques combined with correction for
measured attenuation seem to offer various advantages:

- anatomical localization and spatial definition of le-
sions are improved,

- the geometric distortions observed can be compen-
sated and corrected (a requirement for being able to
proceed to the co-recording with anatomical images—
CT, MRI, etc.), and

- the tracer uptake can be quantified.

An issue of greater technological interest for its major
impact on oncological diagnosis is the development of
integrated multimodality systems PET/CT (36). A PET/
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CT system consists of a PET tomograph and a CT tomo-
graph, both of last generation, assembled in a single
gantry, and controlled from a single workstation with
one unique patient bed. A PET/CT system allows the
acquisition of PET and CT images in a unique examina-
tion with significant advantages:

- reduction of the examination time,
- integrated diagnosis by means of combined use of

information from PET and CT,
- accurate interpretation of the PET functional images

based on anatomical CT images (functional-anatomic
correlation),

- improvement of the PET functional image quality
using the anatomical information from CT (recon-
struction with iterative techniques of the PET data
with the use of the anatomical CT information as a
priori information, for attenuation correction, and for
accurate scatter correction, and for the correction of
the partial volume effect), and

- elimination of the radionuclide source for transmis-
sion scanning and of the need for periodic replace-
ment of decayed transmission sources.

The development of commercial PET/CT systems is quite
recent, and the number of such systems installed and
operational is still limited. Beyond the evaluation of the
clinical effectiveness of such systems, various technical
aspects still demand additional studies based on the
clinical experience. The techniques of patient positioning
must be optimized (arm position, etc.). The correction for
attenuation based on CT studies must be validated (cali-
bration of the attenuation correction coefficients based on
CT to the 511 keV energy window). The alignment of CT
and PET studies must be verified, particularly regarding
the acquisition protocols (conditions of apnea in CT stu-
dies and free respiration in PET studies). Furthermore,
the performance of these complex and expensive systems
should be compared with the performance of currently
available software-based solutions for the co-registration
and fusion of multimodality images (PET with CT, but also
PET with MRI, ultrasound, etc.), which are shown to
produce very accurate results, at least for brain studies.

Apart from whole-body human examinations, a chal-
lenging area of state-of-the-art research at the limits of
current PET technology is the development of dedicated
tomographs for small animal studies (26). In such sys-
tems, spatial resolution plays a crucial role as they are
applied in the investigation of new pharmaceuticals and
the development of new PET probes, as well as in the field
of modern molecular biology, a scientific area that is
currently focusing its interest toward imaging of labora-
tory mice and rats. As both the resolution and the sensi-
tivity of small animal PET scanners are still limited by
detector technology, image reconstruction algorithms, and
scanner geometry, significant improvements may be ex-
pected in the performance of small animal PET scanners,
whether prototype or commercial systems. In addition,
multimodality imaging systems that will provide biologi-
cal and anatomical information in an integrated setting,
according to the model of PET/CT (or even PET/MR, etc.)

systems already commercially available for human stu-
dies, should soon become available. The role of small
animal PET in modern biology and pharmaceutical dis-
covery and evaluation is in the process of being estab-
lished, and it is likely that in vivo information of great
value will be obtained. In addition, it is probable that the
demanding requirements that small animal studies place
on PET will result in technical advances and new tech-
nologies that will dramatically improve the spatial resolu-
tion and image quality of clinical PET scanners for
humans.

People today expect quality medical care at a reason-
able cost, with accurate diagnosis and treatment, without
having to undergo multiple exams and painful surgical
exploration, and with fast and reliable results. Molecular
imaging techniques, such as PET, display the biological
basis of function in the organ systems of the human body
unobtainable through any other means (37). PET is chan-
ging the way doctors manage the care of their patients and
some of today’s most devastating medical conditions.
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1. INTRODUCTION

Pressure sensors are commonly used in medical instru-
mentations to obtain information about the function and
performance of an organ, group of organs, or system
within the body. The complex nature of the organs being
measured determines whether the sensor should be de-
signed to be compatible with the organ geometry or
whether measurement should be attempted extra corpo-
rally (i.e., outside the body). When designing sensors for
medical instruments, factors such as anatomy, physiolo-
gical function, and medical safety must be taken into
consideration. For a better understanding of the descrip-
tion of and theory underpinning sensors for specific bio-
medical applications described in the next two sections,
respectively, it is important to understand:

1. The differences between sensor, transducer, and
actuator.

2. The factors affecting the general performance of
pressure measuring systems.

3. The desired pressure sensor characteristics.

A transducer is a device that converts energy from one
form to another. A sensor converts a physical parameter to
an electric output. A pressure sensor is a transducer that
converts a pressure value into signal-carrying informa-
tion. An actuator converts an electric signal to a physical
output and can be used in control mechanisms. Pressure
may be defined as the force applied normal to a unit area.
If the sensing area is known, a force sensor could be used
to measure pressure provided the force is always applied
over a constant area.

In general, pressure sensor systems can be divided into
three elements (Fig. 1):

1. The ‘‘sensing element’’ or ‘‘transducer,’’ which pro-
vides a physical interaction between the sensing
material and the environment that alters its mate-
rial properties.

2. The ‘‘transduction mechanism’’ inside the sensor
structure, which converts the material property

change into a useful signal that holds information
about the environment-material interaction.

3. The display element where the output from the
measuring system is displayed in an appropriate
form.

The transfer function, defined as the ratio of the electrical
output (usually measured in voltage) to the input excita-
tion (in this case, pressure), is a response that is useful in
characterizing a pressure sensor system. The transfer
function G of a pressure system is indicated in Figure 1
and is equivalent to the product of the transfer functions
for three elements (1), namely:

– The pressure-sensing element: G1¼ y1=yi.
– The transduction mechanism: G2¼ y2=y1.
– The display element: G3¼ yo=y2.

Thus, the transfer function for the system can be written
as

G¼G1 �G2 �G3

G¼ ðy1=yiÞ � ðy2=y1Þ � ðyo=y2Þ¼ ðyo=yiÞ:

The electrical-to-physical transfer function can thus be
used to calibrate the pressure transducer.

1.1. General Performance of Pressure Measuring Systems

Conventional pressure sensors depend on the deformation
of a pressure-sensing material to generate a pressure-
dependent change. The key characteristics of the deform-
able materials that influence the operating performance of
the pressure sensor include linearity, hysteresis, creep or
drift, and yield. Appropriate pressure-sensitive materials
include elastomers, silicon, and metals. Elastomers exhi-
bit significant nonlinearity, hysteresis, and creep but can
withstand large strains prior to failure. Silicon, although
fragile, has a very high elastic limit, and negligible
hysteresis and creep. Metals exhibit a range of character-
istics, for example, berylium copper exhibits high elasti-
city and low hysteresis and is often used as a spring
material.

1.1.1. Static Characteristics of Sensors. The relationship
between the output signal and the measured parameter is
demonstrated by the static characteristics. Static char-
acteristics indicate the features of the sensor, which affect
the measurement performance when reading is performed
at steady-state (1), including the sensitivity, linearity,
hysteresis, detection limit, resolution, repeatability, relia-
bility, and lifetime of the sensor. The rate of change of the
output of a pressure measuring system with respect to the
input is known as the sensitivity of the system (Fig. 2).

Measured value Pressure- 
sensing element

G1

Signal SignalTransduction 
mechanism

G2

Display
element 

G3
θi θ1 θ2 θ0 Figure 1. General form of a pressure measure-

ment system and its transfer function.

1
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Changes in environmental conditions can result in sensi-
tivity changes, also termed sensitivity drift.

Sensitivity¼Change in instrument reading

=Change in quantity beingmeasured:

Linearity is defined by how close a best-fit straight line
approximates to the calibration curve of the sensor and is
generally estimated as a percentage of the full-scale out-
put (FSO), the latter representing the maximum output
signal of the sensor (Fig. 2). The difference between the
true value and what is indicated when a linear relation-
ship is assumed is called the nonlinearity error.

Nonlinearity¼ ðE max =FSOÞ� 100:

Pressure sensors can give different signals for the same
pressure value, depending on whether the value has been
reached by a continuously increasing or a continuously
decreasing input. This effect is known as hysteresis
(Fig. 3). Hysteresis error is the maximum hysteresis as a
percentage of the full-scale output.

Hysteresis¼ ðMaximumhysteresis error=FSOÞ� 100%:

The lowest pressure value that can be detected by the
pressure sensor is called the detection limit or thresh-
old, and the corresponding output signal is termed the
zero output. The resolution of a pressure sensor is
given by the smallest change in measured pressure that
will produce an observable change in the pressure sensor
reading. The ability of a pressure sensor to display the
same reading when measuring a specific pressure on a

number of separate occasions is the repeatability of the
pressure sensor. The reliability of a pressure sensor is
the probability that it will operate to an agreed level of
performance under conditions specified for its use. The
lifetime of a pressure sensor is the length of time that it
remains sensitive and functional under normal opera-
tional conditions.

1.1.2. Dynamic Characteristics of Sensors. The ways in
which a sensor responds to sudden input changes are
termed its dynamic characteristics. The dynamic char-
acteristics describe its temporal behavior when the mea-
sured quantity changes until a steady reading is attained
(1). The capability of the sensor to respond to rapid
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Figure 2. Calibration curve for sensors, indicat-
ing sensitivity, nonlinearity, detection limit, and
zero output.
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Figure 3. Calibration curve for sensors, indicating hysteresis.
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changes includes delay (response time), rise time over-
shoot, and settling time (Fig. 4). To compensate for dy-
namic errors, sensors usually have sufficient bandwidth
for a range of signals.

Sensors are calibrated under conditions identical to
those present during their intended use. If the data are
collected statically, data are recorded only when the
sensor output is fixed and stable. Dynamic collection
involves data being recorded while the sensor output is
changing.

1.2. The Desired Pressure Sensor Characteristics

An ideal interface pressure sensor would function in such
a manner that its presence will not change the quantity it
is designed to measure. It should incorporate a relatively
small sensing area; exhibit low hysteresis, creep, and
drift; be insensitive to changes in humidity and tempera-
ture; and have good elasticity, linearity, repeatability, and
resolution. The sensor must be able to withstand pressure
in the desired range without yield or fatigue. Indeed, if the
applied force causes the pressure-sensing material to
exceed its elastic limit, the resulting permanent deforma-
tion will certainly produce an unpredictable response. The
sensor bladder thickness must be thin in order to mini-
mize the mechanical influence of the interface pressure
sensor.

Most sensors are designed to respond to forces applied
normal to a sensitive face. If the sensor conforms to an
irregular surface, it may result in off-axis loading that
produces shear forces. Some capacitive sensors, fiber-optic
sensors, and conductive polymer sensors are sensitive to

both shear forces and normal forces. Thus, it is important
to distinguish between these two force components and to
ensure that minimal curvature exists in the area adjacent
to the sensor. For increased repeatability, the upper layer
of the interface sensor is usually covered with a thin layer
of compliant material to provide a more uniform load
distribution (2).

An internal pressure sensor could affect the site in
which it is implanted or its function could be affected by
body fluids. Hence, the materials used in the construction
of the outer body of internal pressure sensors must be
biocompatible. Improper packaging could lead to tissue
inflammation and infection as well as drift and diminished
function of the sensor over time. Usually, various poly-
meric covering materials and barrier layers are used to
minimize the leaching of potentially toxic sensor compo-
nents into the body (3).

An ideal internal pressure sensor would have low-
power circuits for signal conditioning, wide dynamic
range, high sensitivity, high accuracy, fast dynamic re-
sponse, good linearity, biocompatible packaging, and good
immunity to electromagnetic interference and, of course,
be of minute dimensions. The manufacturing process
would be repeatable and reliable for low-cost disposable
pressure sensors.

2. PRINCIPLES OF OPERATION OF PRESSURE
MEASUREMENT IN BIOMEDICINE

A difference in pressure between two sides of a diaphragm
causes it to deform, such that a higher pressure will
produce an increased deformation. The deformation can
be measured by a number of methods involving resistive,
inductive, capacitive, and piezoelectric principles. If a
pressure P acting on a diaphragm until an equilibrium
is produced, the pressure can be represented as

P¼F=A;

where F is the force and A is the surface area of the
diaphragm.

In a capacitive sensor, the displacement of the central
part of the diaphragm relative to a fixed plate changes the
capacitance between the diaphragm and the fixed plate.

Pressure change! Diaphragmdisplacement change

! Capacitive change:

For change in resistance, a strain gauge could be attached
directly to the diaphragm or to a cantilever beam that is
bent when the central part of the diaphragm is displaced.
In both situations, the strain gauge is subjected to strain

Overshoot 

O 

I 

Output 
signal 

Input 
signal 

Delay 
Settling timeRise time 

Figure 4. Factors affecting the dynamic characteristics of a
pressure sensor.
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leading to a change in its unstrained resistance.

Pressure change! Diaphragmdisplacement change

! Bending of cantilever

! Change in strain for strain gauge

! Change of resistance of strain guage:

A silicon sheet is commonly used as the diaphragm.
Doping materials, introduced into the silicon at appropri-
ate places, act as strain gauges integral to the silicon
sheet. Semiconductor strain gauges can be used with a
Wheatstone bridge to detect movement of the diaphragm
(4).

Elastic-resistance strain gauges are extensively used in
biomedical applications, particularly in the determination
of cardiovascular and respiratory dimensions. Increasing
demand for sensors that are compatible with microelec-
tronics has led to the development of microsensors with
integrated circuits, packaging, and interconnection sys-
tems.

Pressure sensors are used in both interface and inter-
nal pressure measuring systems for biomedical applica-
tions, as detailed earlier. Interface pressure sensors are
used mainly to measure pressure between two contacting
surfaces, such as the human-seat, human-mattress, and
foot-insole. Internal pressure sensors are used when ac-
curate measurements of internal tissues and organs or
body fluids are required at specific locations. The char-
acteristics and applications of internal and interface pres-
sure sensors are covered below.

2.1. Measurement of Internal Pressures

Miniature pressure sensors, such as strain gauge, variable
capacitive, and piezoelectric and semiconductor devices,
can be placed on catheter tips of sidewalls or implanted in
the tissue for direct pressure measurements. The packa-
ging of such internal pressure transducers must be com-
patible, mechanically durable, and chemically stable to
withstand the corrosive and aqueous environment in the
body (5). Direct detection of pressures at the tip of the
catheter enables the physician to obtain high-frequency
response (6), thereby reducing the time delay between
input and output signals.

2.1.1. Blood Pressure. Blood pressure measurement is
used to diagnose malfunction of the heart or cardiovascu-
lar system. The sphygmomanometer is the most common
method of blood pressure measurement, whereby an in-
flatable cuff is used to measure both systolic and diastolic
blood pressures (see section on noninvasive blood pressure
measurements). However, when more accurate blood mea-
surements are required, involving spatial and temporal
profiles within the blood circulation, then internal blood
pressure measurements need to be made (7).

Different types of pressure transducers have been used
for direct measurements of blood pressure, incorporating a
strain gauge, linear-variable differential transformer,
variable inductance or capacitive device, optoelectronic

materials, piezoelectric materials, and semiconductor de-
vices (8). Direct pressure measuring systems can be
divided into extravascular and intravascular pressure
measurement techniques. Pressure transducers used in
both systems require packages that are sterilizable, bio-
compatible, and mechanically and chemically compatible.
In some cases, an intermediate membrane is mounted
between the blood and the sensor chip, and the cavity
between them is filled with silicon oil. The intermediate
membrane can be replaced when blood clotting and pro-
tein formation occur (9).

2.1.2. Extravascular Pressure Sensors.
2.1.2.1. Characteristics. The vascular system may be

coupled to an external sensor catheter connected to a
three-way valve stopcock and a pressure sensor. The
catheter is inserted by means of a surgical cut, which
exposes the artery or vein, or by means of a percutaneous
insertion, using a needle or guide wire. A cannula is
installed into one of the arteries and a tube is used to
transmit blood pressure from the cannula to the dome and
the pressure membrane. Blood pressure is transmitted via
the catheter liquid column to the sensor and diaphragm,
whose displacement is converted to pressure by means of a
strain gauge (see section on resistive transducer-strain
gauge), usually packaged in sterilizable plastic domes
(Fig. 5).

2.1.2.2. Applications. Extravascular pressure sensors
are used to measure blood pressure accurately. To prevent
both blood clotting and protein formation at the tip of the
catheter-sensor system, the system is filled with a saline-
heparin solution and is flushed every few minutes (8).
Alternatively, an intermediate membrane is usually
mounted between the blood and the sensor chip and the
cavity between them is filled with silicon oil. This ap-
proach, similar to that described for internal pressure
sensors, also isolates bioelectric interferences from the
sensor chip (9). Extravascular pressure sensors are also
used to measure intrauterine pressure during labor, in
which the sensor is housed in a catheter placed between
the head of the baby and the uterine wall to monitor its
blood pressure for problems during the mother’s contrac-
tions (10).

2.1.3. Intravascular Pressure Sensors.
2.1.3.1. Characteristics. Measurements are sometimes

required to collect information from specific locations of
the body. In such cases, the pressure sensor and signal
processing circuit are integrated in a single miniature
silicon chip that can be mounted directly on the catheter
tip (Fig. 6). Intravascular pressure sensors eliminate the
hydraulic connection between the source of pressure to the
sensor element via the catheter, which enables high-
frequency information to be collected with minimal time
delay.

2.1.3.2. Applications. Intravascular pressure sensors
are used to measure blood pressure (11), intrauterine
pressures, and intracranial pressures (12,13). Cable con-
nections used in pressure transducers for internal pres-
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sure measurements are irritating for the clinical atten-
dants and the patient per se. Wireless transmission of
pressure signals via the standard worldwide radio tech-
nology Bluetooth is being developed (14).

2.1.4. Strain Gauge.
2.1.4.1. Characteristics. Strain gauges can be bonded or

unbonded. A bonded strain gauge has a folded thin wire
cemented to a semiflexible backing material (Fig. 7a). An
unbonded strain gauge consists of multiple resistive wires
stretched between a fixed and a movable rigid frame (15).
In this case, when a deforming force is applied, two of the
wires are stretched and the other two are shortened
proportionally (Fig. 7a). Strain gauge systems (discussed

later) bonded onto a flexible diaphragm at the catheter tip
are available commercially, although such measurements
are expensive, fragile, and often susceptible to infection.
However, an increasing use of inexpensive, disposable
sensors that have limited risk of patient cross-contamina-
tion exists (16–18). Disposable strain gauge catheter-tip
pressure sensors are manufactured by micromachining
silicon. A silicon pressure sensor, a temperature sensor,
and a signal processing circuit can be integrated into a
single miniature silicon chip and mounted on a catheter
tip for pressure measurement (19,20). A polysilicon film is
deposited onto a sacrificial layer that is etched to form a
polysilicon bridge or membrane (see section on resistive
transducer-strain gauge). This process produces a small,

Transducer with flush 
device and zeroing 
stopcock

Patient 
access 

Interface 
to Monitor

Figure 5. Extravascular blood pressure monitoring system – BD DTXTM Plus disposable set (used
with permission from BD).

Figure 6. Diffused semiconductor pressure
sensor on a ‘SPR-320 2F Single Sensor Intra-
vascular Mikro-Tip Pressure Catheter, 2.0F or
0.66mm diameter and 140 cm long (used with
permission from P.M.S (Instruments) Ltd &
Millar Instruments Inc).
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integrated, sensitive, and cost-effective pressure sensor
system that is in direct contact with blood. Such a dis-
posable system also contains a thick-film laser-trimmed
resistor network to remove offset voltages and a thick-film
thermistor network for temperature compensation (see
section on wheatstone bridge). Indeed, it has been recently
shown that the design of a silver/hydrophilic-coated pre-
connected catheter system reduces associated urinary
tract infection by over 50% (21,22).

2.1.4.2. Applications. Strain gauge applications are nu-
merous, including intravascular or extravascular pressure
measuring systems to measure blood pressure (20), in-
trauterine (21), and intracranial (17) pressures. A strain
gauge may also be protected by conformal silicon envelope
and used to measure gut pressure. A light, small strain
gauge transducer, supported by a thin phosphorus bronze
sheet with significant inherent stiffness, has been used to
accurately measure intracranial pressure of infants with
open anterior fontanel noninvasively (23).

2.1.5. Fiber-Optic Pressure Sensors.

2.1.5.1. Characteristics. Fiber-optic sensors can be
made in sizes comparable with semiconductor strain
gauge membrane. Such devices measure the deflection of
the diaphragm optically by detecting the varying reflec-
tion of light from the back of the deflecting diaphragm. An
optical reflecting cavity is etched onto one face of a glass
substrate, evacuated, and then covered and sealed with a
thin, pressure-sensitive diaphragm made of single-crystal
silicon. As the pressure above the sensor changes, the
diaphragm deflects, which in turn changes the depth of
the cavity and the resulting intensity of the reflected light
(Fig. 8) (8,24). The cubic-shaped sensor, with a side thick-
ness of 300mm, provides an accuracy of 0.133kPa or kF
1mmHg, within a range of � 2.66 to 40kPa and minimal
reported hysteresis (9).

2.1.5.2. Applications. Fiber-optic microtransducers
provide highly accurate and reproducible pressure mea-
surements and have been commercialized for invasive use
in uro-dynamic studies (25). The fiber-optic pressure
sensor can also be used for catheter intravascular blood
pressure measurements (24,26) and intercranial pressure
monitoring (27).
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Figure 7. (a): Bonded metal wire strain gauge. (b): Unbonded metal wire strain gauge. (c): Metal
foil strain gauge. (d): Semiconductor strain gauge.
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2.1.6. Noninvasive Blood Pressure Measurements.
2.1.6.1. The sphygmomanometer. Arterial blood pres-

sure measurement is conventionally performed using
one of the forms of by sphygmomanometers. Each consists
of an inflatable cuff for occlusion of the blood vessel, a
rubber bulb for inflation of the cuff, and either a mercury
or an aneroid manometer for detection of pressure. The
cuff is generally placed at heart level with the subject
sitting down to minimize any hydrostatic effects. A latex
bag inside a cuff is fixed onto the arm with Velcro straps
and is subsequently inflated to compress the vessels until
the pressure is above the systolic pressure, resulting in
the cessation of blood flow. The cuff is designed with a
sufficient area with respect to the limb, to deliver a uni-
form pressure to the underlying artery. The systolic
pressure, indicating the arterial pressure when the heart
is forcing blood through the arteries, corresponds to the
first detection of the pulse. When the systolic peaks are
above the occlusive pressure, the blood spurts under the
cuff and causes a palpable pulse in the wrist. This method
is derived from the first prototype of the currently used
sphygmomanometer developed by Riva-Rocci in 1896 (28).
The cuff is then slowly deflated at a rate of approximately
2–3mmHg/s (03–0.4 kPa/s). During the slow cuff deflation,
audible sounds, termed Korotkoff sounds, are generated
by the flow of blood and vibrations of the vessel under the
cuff. These sounds pass through five transition phases,
from muffling to silence and the diastolic pressure and can
be heard using a stethoscope. The diastolic pressure shows
the pressure in the arteries when the heart relaxes (28).
Palpation and auditory techniques are mostly used to
measure indirect blood pressure measurements.

2.1.6.2. Applications.
2.1.6.2.1. Auscultatory technique. The auscultatory

technique is simple to use, but the user must have good
hearing acuity for low frequencies ranging from 20 to
300Hz exhibited by normal patients. Patients in shock or
who are hypotensive exhibit even lower-frequency vibra-
tions, making auscultation difficult (29). Thus, the tradi-
tional stethoscope has been commonly replaced by a
number of detectors, incorporating both piezoresistive
and ultrasonic devices.

2.1.6.2.2. Ultrasonic. In the ultrasonic determination
of blood pressure, the compression cuff is placed over two
small transmitting and receiving ultrasound crystals on
the arm (30), the latter of which decodes the signal. The

signal is reflected by the receiving crystal and decoded.
The difference between the transmitted and reflected
signal, in the range of 40 to 500Hz, is proportional to
the velocity of the wall motion and the blood velocity. As
the cuff pressure is increased above the diastolic and
below the systolic pressure, the vessel opens and closes
with each heartbeat, as the arterial pressure oscillates
above and below the applied external pressure in the cuff
(8). The ultrasonic technique can be used in noisy envir-
onment, with hypotensive patients and infants, although
movement artifacts can lead to reduced accuracy.

2.1.6.2.3. Piezoresistive pressure sensor. Low-cost, sili-
con-based piezoresistive pressure sensor systems (de-
scribed later) are able to measure the static pressure as
well as the pressure waves caused by the Korotkoff effect,
using appropriate electronic filtering process, known as
the oscillometric measurement method. Cuff inflation and
deflation are performed and controlled automatically, and
pulse rate, systolic, and diastolic pressure values are
displayed. Electronic miniaturization has led to the devel-
opment of ambulatory blood pressure monitoring appli-
ances designed for use on a finger or wrist, which enables
blood pressure values to be monitored over a prolonged
period, which is particularly appropriate for patients with
high blood pressures for whom single measurement pro-
vides inadequate information (9).

2.1.7. Ocular Tonometry.
2.1.7.1. Characteristics. Tonometry involving the force-

balance technique is generally used to measure intraocu-
lar pressure (IOP) (8). It operates on the principle of
applying a known external force that causes partial
flattening of fine biological tissues, such as the cornea.
The pressure can then be calculated by dividing the
applanation force to the area of applanation. Goldmann’s
applanation tonometer, developed in 1957, is still used
clinically to measure the force required to flatten the
cornea to a specific area, which is determined optically.
Applanation is detected by two obliquely oriented tubes,
one transmitter directing a collimated beam of light at the
corneal vertex and a receiver to detect the same area.
When no pressure is applied and the cornea is not
applanated, no light is received by the receiver. When
the cornea is flattened, it acts as a plano mirror and
maximal light is detected by the receiver. The intraoccular
pressure is directly related to the time interval to appla-
nation.
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Figure 8. Optical fiber on a catheter-tip and
fiber-optic pressure sensor (8,24).
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2.1.7.2. Application. Ocular tonometry is used to mea-
sure intraocular pressure for the assessment and diagno-
sis of conditions in the eye, such as glaucoma.

2.2. Measurement of Interface Pressures

Human-support interface pressure measurements are
carried out by placing a pressure sensor between two
layers of compliant solid materials; conductive polymer
pressure sensors, semiconductor and metal strain gauges,
capacitive pressure sensors, and optoelectronic pressure
sensors are commonly used. Recent exploitation of the
quantum tunnelling composite (QTC) material has led to
the development of force sensors with high reliability and
repeatability and with potential application in interface
pressure monitoring (31). Deformation of the sensor ma-
terial because of compliance with the surface, however,
could result in errors caused by off-axis loading at an
oblique angle to the sensitive axis of the transducer. In
addition, deformation characteristics of encapsulants and
support surface material could also affect the sensor
performance. To reduce such errors, sensors of smaller
surface areas need to be employed. A large number of
sensor locations will be necessary in order to measure a
pressure distribution, hence the need to multiplex many
sensors to a processor. For this purpose, large resistance
changes or low-impedance dc voltages are usually easily
handled.

It must be taken into consideration that interface
pressures at the skin interface do not always relate to
interstitial stresses within the tissues, which themselves
depend on the degree of subcutaneous muscle and the
proximity of bony prominences (32). Indeed, interface
pressures measured at the skin surface can be as much
as three times higher than interstitial pressures within
soft tissues as measured by the introduction of a wick
catheter in the upper regions of the lateral thigh (33).

2.2.1. Conductive Polymer Sensors.
2.2.1.1. Characteristics. Conductive polymer sensors

are suitable for use in interface pressure measurement
as they can be produced as very thin films, 250–400 mm in
thickness, which exhibit large changes in resistance that
can be easily converted to voltage, which obviates the need
for complex bridge circuits and high-gain amplifiers. The
excellent resilience of rubber enables conductive polymers
to withstand large overloads and many compression cycles
before material fatigue becomes significant. Conductive
polymer sensors respond to dynamic as well as static
loading, but their performance is nonlinear and nonrepea-
table. In addition, these sensors are poorly suited for very
accurate or long-term pressure measurements as they
exhibit significant hysteresis and creep (2).

Most conductive polymer sensors are coated or impreg-
nated with a conductive material. In an unloaded state,
the conductive elements of the two polymer sheets are in
minimal contact and the resistance between the two
layers is normally infinite. With applied pressure, the
resistance decreases nonlinearly to a final value typically
of the order of 1 kO. A voltage-divider circuit is used to

convert resistance to voltage and an increase in voltage
will correspond to an increase in pressure (2).

2.2.1.2. Applications. Applications of conductive poly-
mer sensors include the measurement of pressure distri-
bution on seats and on mattresses for the assessment of
risk of soft tissue breakdown, leading to pressure ulcers,
foot-sole interface (34), human-seat interface (6), palm
pressure (35), and external finger forces (36,37). Although
the conductive pressure sensor is flexible to accommodate
body contours, its response can be sensitive to the pre-
sence of shear forces (36). Further research to address the
effect of shear is required before conductive polymer
sensor can be reliably used for biomedical applications.

2.2.2. Strain Gauge.
2.2.2.1. Characteristics. Metal strain gauges exhibit a

change in resistance as a result of dimensional changes.
An axial force applied to a metal bar results in an
increased length, reduced cross-sectional area, and in-
creased resistivity (described later). Metal strain gauges
are suitable for measuring interface pressure because
they respond almost linearly and can be used to measure
extremely small displacements of the order of nanometers.

The main disadvantages of the metal strain gauge are
that dimensional changes and piezoresistive effects are
very small and so is the gauge factor of the metal strain
gauge. Additionally, they exhibit a significant tempera-
ture dependency and a Wheatstone bridge is used to
compensate for fluctuations in temperature (also de-
scribed later). Metal strain gauges also must be bonded
onto a substrate, whose physical presence may be suffi-
cient to distort the interface characteristics.

Semiconductor strain gauges are suitable for measur-
ing interface pressures as their response is both predict-
able and reproducible. In addition, silicon exhibits a very
high elastic limit, a high fatigue-resistance, retains mea-
surement accuracy, provides negligible hysteresis and
creep effects, and exhibits only small nonlinearity. How-
ever, these devices operate on the piezoresistive principle
(described later) of silicon or germanium and are thus
significantly dependent on ambient temperature. Indeed,
the amount of doping, addition of foreign atoms to de-
crease the resistivity of silicon, affects temperature de-
pendency and sensitivity.

Semiconductor strain gauges are usually made by
diffusing resistors on the surface of a thin diaphragm,
usually 10–50mm thick, formed by electrochemical etch-
ing. Four strain gauges are attached to a diaphragm,
which deflects in the presence of an applied pressure,
thus results in tensioning of the two central gauge ele-
ments while the two gauges at the edges are subjected to
compression and the resistance value changes accordingly
(described later). The sensitivity of the sensor is directly
affected by the diaphragm thickness. AWheatstone bridge
is normally used in semiconductor strain gauges to com-
pensate for temperature fluctuation and nonlinearity. The
nonlinearity is relatively higher than that of metal strain
gauge because the piezoresistive effect varies with strain
(6). Electronic circuits can be incorporated in the design
and manufacture of silicon sensors to include temperature
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sensors, signal conditioning, compensation, and calibra-
tion within a single unit. Polyimide layers are used to
protect the connections to the integrated circuit and the
fragile wire bonds (38).

2.2.2.2. Applications. Metal strain gauges have been
used for internal blood pressure and foot-insole interface
pressure measurement. Applications of semiconductor
strain gauge include foot-insole pressure measurement
(39) and, more recently, the real-time measurement of in
vivo loading in the lumbar spine, with particular reference
to spinal activity and posture (40).

2.2.3. Capacitive Pressure Sensors.
2.2.3.1. Characteristics. A capacitor is a device that

stores charges to a level controlled by an external voltage.
The amount of capacitance is given by

C¼ ðeAÞ=d;

where e is the dielectric constant, A is the effective plate
area, and d is the separation between the plates. A
capacitive pressure sensor measures pressure by chan-
ging any of the above parameters. A capacitive sensor can
be fabricated from layers of mica insulators sandwiched
between corrugated metal layers. Applied pressure flat-
tens the corrugations, moves the metallic plates closer to
each other, thus increasing the capacitance (see section on
capacitive transducer). Complex circuits are required to
convert the capacitance to voltage levels.

Capacitive sensors are generally very sensitive, exhibit
linear characteristics, making them suitable for measur-
ing interface pressures. In addition, capacitive sensors are
not damaged by large overloads as flattening the corruga-
tions does not cause the metal to yield (41). The main
disadvantage of the capacitive sensor is that the sensor
size increases with capacitive value. Hence, larger capa-

citive pressure sensors are required for larger capacitive
and voltage levels, if distance between the electrodes are
limited. On the other hand, very low capacitive values
require complex circuitry for charges detection.

2.2.3.2. Applications. A flexible capacitive pressure
sensor, consisting of foil or metalized plastic film plates
separated by a dielectric composed of a mixture of silicone
oil and silicone elastomer, was reported to measure forces
at the tips of fingers (42). In a separate study, the foot
pressure distribution was measured during walking in
young and old adults, using shoe insoles with 99 capacitive
sensors (43). The sensors were connected to a small
portable data acquisition device that sampled pressure
for each sensor at 50Hz. A commercial capacitance map-
ping system (The Novel Pliance) was used to collect seat-
interface pressure data to examine the influence of the
body mass index on peak pressures (44). Compliant plas-
tics of different dielectric constants may be placed between
foil layers to form a capacitive mat that can be placed on a
bed to measure movements from the lungs and the heart
(45). Patient movement generates charge, which is subse-
quently amplified and filtered to display respiratory move-
ments. Muller et al. (46) have used capacitive sensor array
that can be folded spherically to measure pressure dis-
tributions along curved surfaces of artificial joints. The
1mm thickness of the sensor array and the low spatial
resolution affect the accuracy of the capacitive sensors.
However, the ability of the sensor array to be applied to
curved surfaces and the inherent reliability of capacitive
pressure sensors encourage their use in measuring pres-
sure distribution between curved surfaces. Figure 9 shows
capacitive pressure sensors being used to measure pres-
sures at human-seat interface, an artificial knee joint, and
an amputee stump.

2.2.4. Quantum Tunnelling Composite.

Figure 9. Capacitive pressure sensors being
used at human-seat interface (top left), artifi-
cial knee joint (top right), and amputee stump
(bottom) (used with permission from Novel
GmbH).
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2.2.4.1. Characteristics. Quantum tunnelling compo-
site (QTC) is suitable for measuring interface pressure
because it represents essentially a nonconductor in its
normal state while, on pressure application, its resistance
drops from over 1012O to below 1O in a smooth, predict-
able, and totally reversible manner (Fig. 10). The fillers
used possess sharp surface protrusions, resulting in very
large electric field strength at these tips and in field-
assisted (Fowler–Nordheim) tunnelling. The filler parti-
cles are intimately coated with the polymer matrix, with-
out coming into direct physical contact with one another,
thereby preventing the formation of chains of particles as
the filler content increases. As a result, the composite has
an extremely high resistance even at filler loadings above
the expected percolation threshold (31). QTC is easy to
integrate and can directly replace the relatively fragile
piezoresistive sensors in most applications (described
later). QTC force sensors are constructed using standard
lamination processes and can be manufactured in any size
and shape (also described later). The response curve of the
sensors can be controlled, based on the application, by
varying the composition of the QTC layer. QTCs can be
used under a wide range of operating pressure and the
proportional resistance range can be fully controlled.

2.2.4.2. Applications. QTCs are currently being used in
pressure/force detection, on/off and proportional electronic
switches, pressure sensing, and is incorporated in sensing
elements for robot hands and fingers (47,48). Their sen-
sing capabilities make them potentially useful in biome-
dical applications, such as measuring and monitoring
interface pressures in the seating and insole environ-
ments. The flexible nature of QTC can also be used in
some external bandage applications to ensure that a
desired critical pressure is maintained. In addition, its

sensitivity to physical stresses in stretch or compression
makes it an ideal sensor to detect general motion of the
human body, such as during breathing and joint articula-
tion.

2.2.5. Bladder Pressure Sensors.
2.2.5.1. Characteristics. Pressure sensors in bladder

form readily, conform to the curvature of human soft
tissues and the support media. They generally exhibit
adequate repeatability and are insensitive to shear forces
and temperature changes and can therefore be used to
measure interface pressure at the hostile microenviron-
ment of the skin-support interface. Such a sensor usually
consists of a bladder, connected by an air tube, electro-
pneumatic pressure sensors, fixed to the opposite inner
sides of the bladder, an inflation and deflation device, an
air pressure gauge, and an electrical indicator attached to
a switch, as shown in Fig. 11.

During operation, a deflated bladder sensor is placed
between the skin-support interface and the electropneu-
matic contacts in the inner sides of the bladder close the
circuit, which is monitored by the indicator. The inflation
device then pumps air inside and the bladder pressure
increases until the air pressure is equal to or greater than
the external pressure at the skin-support interface and
breaks the electrical contacts. At this point, the pressure
gauge records the air pressure value, which is equivalent
to the interface pressure. Like any interface sensor, air
bladders can change the interface pressure because of
their finite size and thickness, the load shape and its
interaction with the support material, and the uniformity
of the measurement technique.

2.2.5.2. Applications. A single bladder air sensor, the
28-mm diameter Talley handheld device, has been used to
measure pressure under the heel (49), and the ischial
tuberosities (50). Such pressure sensors contained electri-
cal contacts that were unreliable with regular use (51). In
addition, its large size resulted in lower average pressure
and measurement error. It was superseded by the Texas
Interface Pressure Evaluator (TIPE) pad, consisting of 12
� 12 matrix of interconnected air chambers at 32-mm
intervals. However, if used with surfaces of low compli-
ance, the TIPE can act as an air cushion per se, leading to
an underestimate of the interface pressures (52). An
alternative system, devoid of electrical contacts, was the
Oxford Pressure Monitor (Talley Group Ltd., UK), which
consisted of a 3 � 4 bladder (air cell) matrix, with an
integrated 12-way selector, which was microprocessor-
controlled (52). Individual cells were inflated and moni-
tored, whereas others not in use remained deflated so as
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not to distort the local pressure distribution and create ‘‘an
air-cushion effect.’’ The weight-shifting effect could result
in measurement error and the distance between the
bladders does not provide an ideal spatial resolution
(53). Nonetheless, the performance of such bladder sen-
sors on plane surfaces provide a good agreement with
applied pressures (54) and generally exhibit good accuracy
and repeatability (53). In an alternative application, blad-
der transducers were used to identify abnormal detrusor
contractions in asymptomatic women undergoing ambu-
latory urodynamics (55). The results were used to stan-
dardize the investigation technique for women with
urinary symptoms for clinical practice.

2.2.6. Fiber-optic Pressure Sensors.
2.2.6.1. Characteristics. The development of optoelec-

tronic technology and fiber optics has made it possible
for optoelectronic sensors to be thin enough to be used to
measure interface pressure. Intrinsic fiber-optic sensors
employ deformation, caused by an applied pressure, to
produce induced losses in optical transmission. However,
such sensors exhibit hysteresis and fatigue, largely intro-
duced by the material properties of the deformable jacket
and the degradable nature of the fibers.

Extrinsic fiber-optic sensors, such as the diffusive
reflective sensor, transmit light to the sensing location.
Light is guided from a source to a sensor via a fiber-optic
cable, with mirror-lined walls, by total internal reflection.
The light reflects off a diffuse surface to a second fiber,
which guides the light to a detector element. A linear
spring element regulates the distance from the fibers to
the reflecting surface and the intensity of received light is
proportional to the applied pressure. The main limitations
of the extrinsic fiber-optic pressure sensors are associated
with fiber construction and their inherent fragility.

2.2.6.2. Applications. An intrinsic optoelectronic mi-
crobending pressure sensor was used to measure pressure
between adjacent teeth, although it was reported to be
very sensitive to off-axis loading (56). An intrinsic spiral
optoelectronic microbending pressure sensor was used in
pressure-sensing mats and contact-sensing bumpers
(34,57). It has been reported that extrinsic diffuse reflec-
tive fiber-optic pressure sensors are recommended for use
in automated seating design systems (58). The rapid
development in integrated smart sensors and sensor
arrays with increasingly improved performances, such as
signal-to-noise ratio, long-term stability, reliability, and
lower costs, will inevitably lead to their increasing appli-
cations.

2.3. Pressure Sensor Overview

An overview of the pressure detection techniques com-
monly used in biomedicine and their characteristics are
summarized in Table 1 (5,7,9,59–61). Interface pressures
are likely to be more accurately measured when capacitive
sensors are used, especially when high resolution of 1mm
or less is not required. Capacitive pressure sensors are
sensitive, linear, and are not damaged by large overloads
as flattening the corrugations does not cause the metal to

yield (41). However, they need further development for
reduced thickness and increased resolution before they
can be accurately used for internal pressure measure-
ments.

Semiconductor strain gauges are also suitable for
measuring interface pressures because of their predict-
able and reproducible response and their high elastic
limit. Moreover, semiconductor strain gauges are not
inherently liable to fatigue, retain measurement accuracy,
and exhibit negligible hysteresis and creep effects and
relatively small nonlinearity. However, semiconductor
strain gauges operate on the piezoresistive principle of
silicon or germanium and are thus significantly dependent
on ambient temperature. The problems associated with
nonlinearity and temperature fluctuations are usually
overcome by integrating a Wheatstone bridge in the
circuit.

Semiconductor strain gauge and fiber-optic pressure
sensor are mostly used for internal pressure measure-
ments, where they can be made very thin for ease of use.
They are both disposable sensors, thereby limiting the risk
of patient cross-contamination. Fiber-optic pressure sen-
sors are less expensive, safer electrically, but cannot
measure relative pressure without an additional lumen
vented to the atmosphere or connected to another sensor.

3. THEORY BEHIND THE COMPONENTS INCORPORATED
INTO PRESSURE MEASUREMENT SYSTEMS

3.1. The Wheatstone Bridge and Compensation for
Temperature Effects

The Wheatstone bridge circuit is ideal for measuring
small changes in resistance. The resistances in the arms
of the Wheatstone bridge (Fig. 12) are adjusted such that
the output potential difference is zero and a galvanometer,
connected between the output terminals, indicates zero
current. The bridge is said to be balanced, and the

R2

R4R3

R1

Vo

Vs 
d.c.

A 

B 

C

D 

Figure 12. The Wheatstone bridge: R1/R2 ¼ R3/R4.
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potential difference at B is equal to the potential at D. The
potential difference between A and Bmust be equal to that
between A and D.

I1R1¼ I2R3:

Also, the potential difference between B and C must equal
that between D and C. As at balance no current through

BD exists, then the current through R2 and R4 must be I1
and I2, respectively. Therefore,

I1R2¼ I2R4:

Table 1. Pressure Detection Techniques and Sensor Characteristics in Biomedical Applications

Biomedical
Application
Field

Measurement Type/
Sensor Type/Sensor

Range of
Pressure (mm

Hg)
Signal Frequency

Range (Hz) Advantages Disadvantages

Indirect blood
pressure (9,59)

Korotkoff
oscillometric cuff -
ultrasonic,
auscultatory,
capacitive

25–400 dc-60 ultrasonic:
40–500

Noninvasive. ultrasonic:
can be used in noisy
environment and
hypotensive patients.

Good hearing acuity
required for
auscultation.

Internal arterial
pressure
(7,9,59,60)

Invasive cathether
tip.

Blood: 10–400 Blood: 0–50 Accurate and dynamic
blood measurement,
dynamic at specific
points. silicon sensor
is small and
compatible with body
fluids

Invasive, can cause
blood clot. Infective
risk if nondisposable,
electrical safety
required. fragile.
piezoresistive: long-
term baseline drift

Piezoresistive-
semiconductor
strain gauge
resistor bridge.

Intraarterial-
50–300

Intrauterine: 0–350

Piezoelectric –
capacitive.

Urinary
bladder: 0–
70

Intrauterine: dc-50 High-sensitivity, lower
baseline drift.

Intrauterine (5,61) Optical reflectance
fiber optics.

Intra uterine:
0–100

0–200 Noise immunity, linear,
easily multiplexed, no
electric shock, low
hysteresis.

Fragility of fibers, thick,
high cost, complexity,
reduced reliability.

Interface pressure Electro- pneumatic
bladder array
strain gauge foot-
sole, seating, lower
limb prosthesis.

Seating: 0–300
lower leg:
100–3000

Seating: max 5
lower leg: min 50

Simple, good
repeatability,
insensitive to shear
force and
temperature change.

Cushion effect, sensors
are rigid, reduced
spatial resolution.

Conductive polymer -
force-sensing
resistor foot-sole,
seating

Thin, overforce
protection, cost, can
withstand large
overloads, fatigue
resistant.

Hysteresis, creep,
nonlinear,
nonrepeatable
performance,
sensitive to shear.

Piezoresistive -
semiconductor
strain gauge metal
strain gauge foot –
shoe interface

0–100 MPa 0–1,000 Repeatable, predictable,
reproducible, small,
thin, useful for
pressure-time
history,
semiconductor strain
gauge has high
sensitivity, metal
strain gauge has
linear response.

Temperature-
dependent, very
sensitive to
compliance and
shear, expensive,
substrate and
packaging may
distort readings.
metal strain gauge
has low sensitivity.

Capacitive pressure
sensor foot-shoe
interface

7.5–750 0–2,500 Sensitive, linear, low
hysteresis, and drift,
small, portable,
versatile, can
withstand large
overloads.

Sensitive to shear,
temperature,
moisture, depends on
previous load history,
low capacitive values
require complex
circuitry.
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Hence,

I1R1¼ I2R3¼ðI1R2=R4ÞR3

R1=R2¼R3=R4:

The electrical resistance of a strain gauge can change with
both strain and temperature. The temperature effect is
eliminated by the use of a dummy gauge, of identical
resistance to the active gauge, which is subjected to
ambient temperatures but not strain. Thus, the tempera-
ture gauge will cause both the active gauges and dummy
gauges to change resistance to an equivalent degree. The
active gauge is mounted in one arm of a Wheatstone
bridge and the dummy gauge in an adjacent arm so that
the effects of temperature-induced resistance changes are
cancelled out (Fig. 12) (1).

3.2. Resistive Transducer - Strain Gauge

3.2.1. Metal Strain Gauge. The resistance of a fine wire
is given by

R¼ rL=A;

where L is the length and A is the cross-sectional area
(6,62). When the wire, of the order of 25 mm in diameter, is
strained within its elastic limit, then its diameter, length,
and inherent resistivity change, which results in a change
in the resistance of the wire. The differential change in
resistance is given by:

dR¼ ðrdL=AÞ þ ðLdr=AÞ � ðrA�2LdAÞ:

Dividing by R or r L/A on both sides and introducing
incremental values,

DR=R¼DL=LþDr=r� DA=A:

Poisson’s ratio n relates to the change in diameter DD to
the change in length DL.

DD=D¼ � nDL=L

DR=R¼DL=LþDr=r� ð�2nDL=LÞ

¼ ð1þ2nÞDL=LþDr=r;

where fð1þ2nÞDL=Lg is the dimensional effect and (Dr/r)
is the piezoresistive effect (6).

The gauge factor G is the ratio of the fractional change
in resistance DR/R and the strain e or (DL/L).

G¼ ðDR=RÞ=ðDL=LÞ¼ ð1þ 2nÞþ ðDr=rÞ=ðDL=LÞ:

High gauge factor is desirable for increased sensitivity.

ðDR=RÞ¼GðDL=LÞ:

Resistance is increased with tension and decreased with
compression when the gauge factor is positive. The

amount of movement with a plane diaphragm is fairly
limited and greater movement is possible with either
corrugations in the diaphragm or, more significantly, if
diaphragms are combined to produce a capsule. A stack of
capsules forming a bellows arrangement is even more
sensitive.

The wire strain gauge consists of a length of wire
wound in a grid shape and attached to a suitable backing
material (Fig. 7a). The metal foil strain gauge consists of a
grid form, which has been etched from a metal foil and
mounted on a resin base (Fig. 7b). Poisson’s ratio n for most
metals is 0.3. Therefore, the gauge factors G for both the
wire strain gauge and the metal foil gauge are at least 1.6.
The wires are mounted under stress between the frame
and the movable armature, such that preload is greater
than any expected external compressive load so that the
wire is not subjected to compression during operation.
This type of sensor is used for converting blood pressure to
diaphragm movement, resistance change and an electric
signal (6).

3.2.2. Semiconductor Strain Gauge. Semiconductor
strain gauges are strips of silicon doped with a small
amount of p- or n-type material. Semiconductor strain
gauges use the piezoresistive effect existing in semicon-
ductor materials. Silicon substrate is etched into the form
of a diaphragm and the transducer is created by diffusing
n-type or p-type material at appropriate points on the
diaphragm to give a four-element bridge (Fig. 7c). The p-
type semiconductors give gauge factors of 100 to 175 and
the n-type semiconductors give gauge factors of � 100 to
� 140 (1,62).

The advantage of using semiconductors is that they
have much higher gauge factors than metal wire or foil
but they also have a much higher temperature coefficient
of resistance. As the resistance of a strain gauge is
changed not only by a change in strain but also by a
change in temperature, the effect of temperature is
usually compensated by the use of a Wheatstone bridge
(described earlier).

3.3. Piezoresistive Pressure Sensors

Piezoresistive pressure sensors use resistors as sensing
elements, as shown in Fig. 13, which are diffused or
implanted on the surface of a membrane by a process
called anisotropic etching. A pressure between both sides
of the membrane causes the membrane and resistors to
deform. The piezoresistive effect causes two resistors to
increase in value and two to decrease, resulting in a
multiplied effect in the wheatstone-bridge configuration.
The resistance changes DRi can be expressed as:

ðDRi=RiÞ¼GKp=Ea;

where G is the gauge factor, E is the Young’s modulus of
the membrane, a is its thickness, and K is a constant
depending on the geometrical sizes.
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The output voltage of the bridge V is given by:

V=V0¼GKp=Ea;

where V0 is the supply voltage.
The linearity of the sensor depends on the uniformity of

the resistance values and deformations. Hence, the bridge
must be exactly balanced and the resistors well positioned,
by laser trimming or external potentiometers.

3.4. Quantum Tunnelling Composite

In QTCs, the conduction process is fundamentally differ-
ent from standard composites, which are usually made
from polymers filled with carbon. In standard composites,
as pressure is applied, more carbon particles come into
contact with one another, more conduction pathways are
built up, thereby reducing the resistivity of the material.
In QTC, the metal particles never come into contact but
get so close that quantum tunnelling is possible between
the metal particles. Quantum tunnelling is a phenomenon
that derives from quantum mechanics, whereby an elec-
tron is viewed more like a wave rather than a solid
particle, which can be expressed as the probability that
the electron would happen to be at a particular location.
When the wave meets a barrier, for instance, a noncon-
ductive material, the wave does not instantly go to zero,
but decays exponentially. If the wave has not reached zero
by the time it has reached the other side of the barrier,
then it emerges on the other side. In other words, a
probability that the electron could be found on the other
side of the barrier exists; the electron has effectively
‘‘tunnelled’’ through the nonconductive barrier. Figure 6
shows the effect of force on resistance of the QTC material.

The high starting resistance allows sensors to be con-
structed with no air gap between contacts and sensing
material. Sensors can, therefore, be totally sealed allowing
for more rugged construction, increased environmental
resilience, and use over extended temperature and pres-
sure ranges and long lifetimes. As QTC will conduct down
to metallic levels, it can be used directly as a resistive
control up to 40V and to higher voltages when linked into
an appropriate interface circuit.

3.5. Capacitive Transducer

The capacitive transducer is commonly used to convert
small displacements into electrically measurable quanti-
ties. Although its electronic support circuitry is more
complicated than strain gauge, the capacitive transducer
is popular because of its mechanical simplicity of construc-
tion and the high sensitivity (62). Capacitive transducers
rely on the basic relationship between the capacitive of
two parallel plates and the distance between them
(Fig. 14a).

C¼ e0:er:A=x;

where e0 is the dielectric constant of free space, er is the
relative dielectric constant of the insulator and is 1.0 for
air (63), A is the surface are of each plate, and x is the plate
separation.

The sensitivity K of a capacitive sensor to changes in
plate separation is given by

K ¼DC=Dx¼ � e0:er:A=x2:

The above equation shows that the sensitivity of the
capacitive transducer increases as the plate separation
is decreased.

dC¼ � e0:er:Adx=x2¼ � Cdx=x

dC=C¼ � dx=x:

The above equation shows that the percent change in
capacitive about any neutral point is equal to the percent
change in separation for small displacement. A change in
pressure produces a displacement of the diaphragm,
which alters the capacitive between the center electrode
and the outer casing.

To measure this capacitive, a capacitive bridge is used
(Fig. 14b). The bridge is initially balanced for a minimum
V0, and any change in magnitude of Ct unbalances the
bridge. Noting the value of R2 necessary to rebalance the
bridge allows the change Ct to be calculated.

V

GND

R3

R1

R2

R4

+ε

+ε

-ε

-ε

+V0

Figure 13. Circuit diagram of the piezoresistive
pressure sensor membranes.
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3.6. Piezoelectric Transducer

Piezoelectric transducers make use of the property of
certain crystals to generate an electric charge when the
crystal is deformed. When an assymetrical crystal lattice
is distorted, a charge reorientation takes place, causing a
relative displacement of negative and positive charges.
The displaced internal charges induce surface charges of
opposite polarity on opposite sides of the crystal. Natural
crystals, such as quartz and rochelle salt, and synthetic
materials, such as lithium sulphate and barium titanate,
exhibit the effect very strongly (1).

The surface charge can be determined by measuring
the potential difference between electrodes attached to the
surfaces. An applied force F will induce a directly propor-
tional charge Q.

Q¼ kF;

where k is the piezoelectric constant.
The change in voltage can be found by assuming that

the system acts like a parallel-plate capacitor.

V ¼Q=C;

where V is the voltage and C is the capacitive.

V¼ k:F=C;

but

C¼ e0 � er � A=x;

so,

V ¼ k:F:x=e0:erA:

Typical values for k are 2.3 pC/N for quartz and 140pC/N
for barium titanate (41).

4. SUMMARY

This chapter reviews the fundamental principles of the
process by which input signals to pressure sensors are
converted to output signals for biomedical applications
and the factors affecting the performance of a sensor in the

First section. The static and dynamic characteristics of
pressure sensors that need to be taken into consideration
during calibration and application are also explained. The
characteristics, applications, and desired design factors of
the pressure sensors commonly used to measure interface
and internal pressures are described as well. The theory
behind the different types of pressure sensors and the
methods used to compensate for fluctuations in signal
output caused by changes in strain and temperature
during measurements are covered in the Final section.
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1. INTRODUCTION

Probability distributions of random variables play a very
important role in engineering. Once the probability dis-
tribution is determined for a random variable, many im-
portant quantities can be calculated or formulated.
Appropriate confidence intervals can be constructed once
the distribution is known. Simulation studies and hypoth-
esis testing can be carried out for engineering applications
based on an assumed or proven probability distribution. In
this chapter, several probability distributions are intro-
duced and illustrated with examples mainly from biomed-
ical engineering applications.

2. DEFINITION

Probability distributions are mathematical expressions
that describe the probability of an event occurring. In
some cases, one may be interested in the probability of a
single outcome, whereas in other cases they are interested
in the probability of a series of outcomes.

Probability Distributions can be classified into two
types:

* Discrete distributions are used when the parameter
being measured takes on finite or countably infinite
values, such as integers 0, 1, 2,y ,. Examples include
the number of defects, categorical data such as ‘‘yes,
no’’ or ‘‘good, bad.’’

* Continuous distributions are used when the mea-
surement of the parameter of interest can be ex-
pressed on a continuous scale. Examples include
weight, height, diameter, tensile strength, and out-
put voltage.

2.1. Expected Value, Variance, and Standard Deviation

The expected value and variance of a random variable
provide some summary information about the data one
works with. The mean, variance, and standard deviation
will be shown for each distribution presented in this chap-
ter. When calculating a measure of the center (mean) and
measure of variability (variance), the following should be
kept in mind:

* The expected value (or mean) is a measure of the
center of your data; it is a ‘‘balancing point.’’ (Note:
No reason exists that the mean of a discrete random
variable has to be exactly a number one could get as
an outcome in the experiment.)

* The variance of a probability distribution gives some
indication about the uncertainty in the data; it shows
the spread of the data. The standard deviation is the

square root of the variance and is important because
it is in the same units as the mean and the original
data.

The discrete distributions will be introduced next. The
continuous distributions will be covered following the dis-
crete distributions. Finally, a discussion on determining
the type of distribution that a set of data may follow will be
presented.

3. DISCRETE DISTRIBUTIONS

Discrete distributions are probability distributions used
when the parameter being measured takes on only finite
or infinitely countable values such as integers, 0, 1, 2,y,.
Examples include number of defects or number of noncon-
formities.

3.1. Example

If the objective of the analysis is to determine if two ran-
domly selected parts (one selected after the other) are de-
fective (d) or nondefective (n), the appropriate sample
space would be:

S¼ dd;dn;nd;nnf g;

where the sample space, S, contains all possible outcomes
of the experiment being conducted. Now, let X represent
the number of defective parts for this example, then X ¼ 0,
1, 2. The relationship is:

Outcome nn nd dn dd

X¼ 0 1 1 2

X is a random variable because it can take on various
possible outcomes. The random variable X is discrete be-
cause the only possible outcomes are 0, 1, or 2.

The probability distribution of a random variable has
two components:

1. List of all possible outcomes

2. Probability of each possible outcome

As the name states, we are looking at how the proba-
bilities are distributed across all possible outcomes. For
the discrete distributions presented here, the following
terminology and definitions will be used. Some of the ter-
minology and definitions that will be used throughout this
section are:

* X represents a random variable.
* f(x) is a probability function. That is, the probability
of some specific outcome, x.

* For discrete random variables, f(x) is also sometimes
referred to as a probability mass function (pmf).

1
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The specific discrete distributions that will be covered
in this chapter are the binomial and the Poisson distribu-
tions.

4. THE BINOMIAL DISTRIBUTION

The binomial distribution is used to describe the distri-
bution of a random variable from an experiment that has
exactly two possible outcomes (e.g., good/bad, go/nogo,
with/without, conforming/nonconforming, success/fail-
ure). Each time the experiment is conducted it is called
a trial. When exactly two possible outcomes exist, the trial
is often referred to as a Bernoulli trial. The properties
necessary for a trial to be a Bernoulli trial are:

1. The distribution of interest is discrete.

2. Exactly two possible outcomes exist (success, fail-
ure), (0, 1)y.

3. p¼probability of a success.

4. q¼probability of a failure.

5. pþ q¼ 1.

The binomial distribution is made up of a series of in-
dependent Bernoulli trials. The conditions for a random
variable to follow the binomial distribution are as follows:

1. A fixed number of Bernoulli trials exist, n. Each trial
results in one of two possible outcomes, often re-
ferred to as a success or failure.

2. The n Bernoulli trials are independent. (Indepen-
dence: The result of one trial does not affect the out-
come on another trial in the experiment.)

3. p¼probability of a success (constant from trial to
trial).

4. q¼probability of a failure.

5. pþ q¼ 1.

Let X represent the number of trials in an experiment
that result in a success. Let p be the probability of success
with the number of trials given by n. Then, the probability
of getting x successes in n trials is found by the probability
mass function:

f ðxÞ¼PðX ¼ xÞ ¼
n

x

 !

pxð1� pÞn�x;

where

* The number of successes is x, with a probability of
each success given by p.

* The number of failures is then n� x, with a probabil-
ity of each failure given by 1�p.

*

n

x

 !

¼ n!
x!ðn�xÞ! is read ‘‘n choose x’’ and represents the

number of combinations of exactly x successes on n
trials. (Note: n!¼n(n� 1)(n� 2)?1).

4.1. Example

A large company manufactures certain medical devices.
The devices must meet given specifications, and a sample
of devices is selected at random for testing. In a given
quarter, 3000 devices are manufactured. It is known from
past experience that the probability of a nonconforming
device is 0.001 when the manufacturing process is in con-
trol. Fifteen devices are randomly selected from the pro-
cess, measured, and determined if they meet specification.
The quality control scheme is set up that if less than two
devices are found defective, then the entire lot is consid-
ered acceptable. What is the probability that this lot of
devices will be acceptable?

4.1.1. Solution. Let a ‘‘success’’ be a nonconforming
unit. Further, let X represent the number of nonconform-
ing units. The necessary values are

n¼ 15;

p¼ 0:001;

x¼ 2:

The lot will be acceptable if Xo2. The probability of the
lot being acceptable when the sample is of size 15 taken is
P(Xo2):

PðXo2Þ¼PðX ¼ 0ÞþPðX ¼ 1Þ

¼

15

0

0

@

1

Að0:001Þ0ð1� 0:001Þ15�0

þ

15

1

0

@

1

Að0:001Þ1ð1� 0:001Þ15�1

¼ 1ð1Þð0:999Þ15þ 15ð0:01Þð0:999Þ14

¼ 0:9999:

Therefore, the probability of getting less than 2 noncon-
forming units out of the 15 selected is 0.99.

4.2. Expected Value, Variance, and Standard Deviation

For a binomial random variable, X, with parameters p and
n defined previously, the expected value (or mean), vari-
ance, and standard deviation are given as (respectively)

m¼EðXÞ¼np

s2¼VðXÞ¼npð1� pÞ

s¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

npð1� pÞ
p

:

4.2.1. Example. Consider the manufacturing example
given previously. The probability of a defective device is p
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¼ 0.001. If n¼ 3000 devices manufactured, what is the
average number of defective devices?

4.2.1.1. Solution. First this experiment is binomial.
The device will either be defective (success) or nondefec-
tive (failure). Assume the devices are independent of one
another and the probability of a success (defective) is con-
stant from device to device. The probability that it is de-
fective is p¼ 0.001. The number of devices manufactured
in the time period of interest is n¼ 3000. Therefore, the
expected number of defective devices is found to be

EðXÞ¼np¼ 3000ð0:001Þ¼ 3:

In other words, one would expect, on the average, three
devices to be defective out of a lot of 3000.

(Note: In this situation, ‘‘defective’’ is considered a suc-
cess only because it is the outcome of specific interest,
which often seems counterintuitive, but when applying
the binomial distribution, the success may not always be
the positive outcome.)

The variance for the number of defective devices is

s2¼ 3000ð0:001Þð0:009Þ¼ 2:997:

The standard deviation for the number of defective de-
vices is

s¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

npð1� pÞ
p

¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

3000ð0:001Þð0:999Þ
p

¼
ffiffiffiffiffiffiffiffiffiffiffiffi

2:997
p

ffi 1:731:

5. THE POISSON DISTRIBUTION

The Poisson distribution is used when there can be more
than one characteristic on any given item drawn from a
population and one needs to know the number of individ-
ual characteristics found. The Poisson distribution is used
to model occurrences in a given length, time, area, volume,
and so on. Some examples include

* The number of flaws in a piece of sheet metal.
* The number of people arriving at the emergency.
* The number of calls to a help desk.
* The number of cracks in a stretch of highway.
* The number of errors on a billing statement.

The properties for a Poisson distribution are:

1. The distribution of interest is discrete.

2. An infinite (but countable) number of possible out-
comes can exist (X ¼ 0, 1, 2, y.).

Let l represent the mean number of counts in an in-
terval (where l40). Furthermore, let X represent the

number of counts in the interval or length of interest.
Then the probability that x counts occur in an interval is

f ðxÞ¼PðX ¼ xÞ¼
e�llx

x!
for x¼0; 1; 2; . . . :

5.1. Example

A radioactive sample is placed in a scintillation counter
and the number of radioactive atoms counted. From past
experience, it is believed that the average number of at-
oms counted in 1min is 340. What is the probability that
300 atoms would be counted within 1min?

5.1.1. Solution. For this problem, l¼340 and x¼280.
The probability that 300 atoms would exist is

f ð300Þ ¼PðX¼ 300Þ

¼
e�340 340300

300!
¼ 0:002:

Therefore, the probability that the count would be 300 is
approximately 0.002.

Often, it is of interest to find the probability of a group
or subset of possible outcomes. The next example illus-
trates this situation.

5.2. Example

Consider the previous example dealing with radioactive
atoms and decay. What is the probability that the count
within 1min would be at most 300? Assume the average
number of counts is still l¼ 340.

5.2.1. Solution. For this problem, l¼340 and x¼300.
But now, we are interested in the probability P(Xr300).
This probability would be found by summing the proba-
bilities of each possible outcome x¼ 0, 1, 2, y, 300.

PðX � 300Þ¼PðX¼ 0ÞþPðX¼ 1Þ þ � � � þPðX¼ 300Þ

¼
e�340 3400

0!
þ

e�340 3401

1!
þ � � � þ

e�340 340300

300!

¼ 0:0148:

Therefore, the probability that at most 300 counts are
recorded within 1min is approximately 0.015. It is recom-
mended that a statistical package be used for calculations
such as these. In this example, Minitab 14 was used.

5.3. Expected Value, Variance, and Standard Deviation

Let X follow a Poisson distribution with parameter, l. The
expected value (or mean), variance, and standard devia-
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tion are

m¼EðXÞ¼ l

s2¼VðXÞ¼ l

s¼
ffiffiffi

l
p

:

5.4. Consistent Units of Measure

In the previous example, the time interval of interest was
1min. It is important to adjust the values of interest so
that the unit of measure is consistent with the information
provided. For example, if the problem states:

* ‘‘the average number of atoms in one minute is 200’’

but then asks:

* ‘‘what is the probability that 1800 atoms will be
counted in ten minutes?’’

To answer this question, you will have to adjust your
value of l. In this example, the value of l must represent
10min time intervals, not 1min. Specifically, l¼ 200(10)
¼ 2000.

5.5. Poisson Approximation to the Binomial

The Poisson distribution can also be used to approximate
the binomial if nZ100 and npo10. As n gets larger, the
Poisson distribution and binomial distribution are approx-
imately equal resulting in l¼np.

5.5.1. Example. In manufacturing catheters, a com-
pany has been experiencing a nonconformity rate of 7
per 100 devices. What is the probability of finding 5 or
fewer nonconforming catheters in 100 devices taken from
the next time period’s production?

5.5.1.1. Solution. To begin, this problem is binomial.
Two possible outcomes exist, conformity/nonconformity.
Let a ‘‘success’’ in this case be a nonconformity and define
x as the number of nonconforming devices. The sample
size of interest is n¼ 100 and the probability of a success is
then p¼ 7/100¼ 0.07 (the rate of 7 nonconforming devices
per 100 produced as given in the problem statement). We
are interested in finding the probability P(Xr5). The bi-
nomial distribution or the Poisson distribution can be
used. The Poisson is valid because nZ100 and npo10.
Using the Poisson distribution as an approximation to the
binomial, the necessary information is

* l¼np¼ 100(0.07)¼ 7.
* X¼ 0, 1, 2, 3, 4, 5 (the number of nonconforming de-
vices).

The probability of interest is then

PðX � 5Þ¼PðX¼ 0ÞþPðX¼ 1Þ

þPðX¼ 2ÞþPðX¼ 3Þ

þPðX¼ 4ÞþPðX¼ 5Þ

¼
e�770

0!
þ

e�771

1!
þ

e�772

2!

þ
e�773

3!
þ

e�774

4!
þ

e�775

5!

¼ 0:30:

Tables are available in numerous textbooks displaying
the appropriate probabilities for the binomial distribution
and for the Poisson distribution. Tables could have been
used to find the solutions to the examples provided. It is
again recommended that available commercial statistical
packages be used for these and other calculations when
available.

6. CONTINUOUS DISTRIBUTIONS

Continuous distributions are probability distributions
used when the parameter being measured can be ex-
pressed on a continuous scale. Examples include the di-
ameter of piston rings, tensile strength, output voltage,
and so on. The probability distribution of a continuous
random variable can be described by a probability density
function (pdf), often denoted by f(x). For a continuous ran-
dom variable, X, the probability that X will lie between
any two real values, a and b, is the area under the curve
modeled by f(x) from a to b (where aoXob). The area un-
der the curve, f(x), can be found by integrating f(x) with
respect to x from a to b. In other words:

Pða � X � bÞ¼

Z b

a

f ðxÞdx;

where

* f(x)Z0,
*

R1

�1
f ðxÞdx¼1:

It should be noted that f(x) P(X¼ x) for the continuous
distribution as it was for the discrete distribution. In fact,
for any continuous distribution, it can be shown that P(X
¼ x)¼ 0. As a result, the following equalities hold true for
continuous distributions:

Pða � X � bÞ¼Pða � XobÞ

¼PðaoX � bÞ

¼PðaoXobÞ:

In this section, several continuous distributions will be

4 PROBABILITY DISTRIBUTIONS



presented and illustrated with examples. The distribu-
tions that will be discussed are the:

* Uniform
* Gaussian (Normal)
* Exponential
* Lognormal
* Weibull

6.1. Continuous Uniform Distribution

The continuous uniform distribution is one that has an
unvarying or uniform probability distribution between
any two real values, a and b. An example of the uniform
distribution between two points 20 and 25 is given in Fig.
1.

The uniform distribution is very useful in engineering
applications and simulation. The uniform distribution
over the interval [0, 1] is used extensively in simulating
random variables for computer models and as well as
other applications. In general, the uniform distribution
for a random variable, X, is described by the pdf:

f ðxÞ¼
1

b� a
; a � x � b:

The above function can be integrated to find probabili-
ties associated with the uniform distribution.

6.1.1. Example. When providing estimates for inci-
dence rates (such as disease rate, fatality rate, accident
rates) the amount of error or uncertainty must be quan-
tified. It is important to determine how far off our estimate
may be from the true rate. This problem is significant
when only a random sampling of rates is used to calculate
the estimate. Suppose the error (or uncertainty) in the es-
timate is uniformly distributed over the range [2%, 3.4%].
What is the probability that the true level of uncertainty is
less than 3%?

6.1.1.1. Solution. The probability can be found by inte-
grating over the pdf for the uniform distribution between
the values 2% and 3%:

PðXo3%Þ¼

Z 3

2
f ðxÞdx

¼

Z 3

2

1

b� a
dx¼

Z 3

2

1

3:4� 2
dx

¼ 0:714:

Therefore, approximately a 71% chance exists that the
error in the estimate will be less than 3%. (Note: The in-
tegration was conducted over the interval [2, 3], which is
correct because the pdf is not defined for any values less
than 2%. Probabilities for any percentages outside the
range [2%, 3.4%] will be zero.)

6.2. Expected Value, Variance, and Standard Deviation

Let X follow a uniform distribution between two points, a
and b. The expected value (mean), variance, and standard
deviation of the random variable X are:

m¼EðXÞ¼
aþ b

2

s2¼VðXÞ¼
ðb� aÞ2

12

s¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ðb� aÞ2

12

s

:

6.2.1. Example. Consider the uncertainty rates in the
previous example. The average level of uncertainty is

m¼EðXÞ¼
aþ b

2
¼

2þ3:4

2
¼ 2:7%:

The variance of the uncertainty level is

s2¼VðXÞ¼
ðb� aÞ2

12

¼
ð3:4� 2Þ2

12

¼ 0:1633%2:

The standard deviation of error (level of uncertainty) is

s2¼
ffiffiffiffiffiffiffiffiffiffiffi

VðXÞ
p

¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

0:1633
p

¼ 0:4041%:

6.3. Gaussian Distribution (Normal Distribution)

The most widely applied distribution is of course the
Gaussian distribution (also known as the normal distri-

X

1/
5

252423222120
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0.225

0.200

0.175

0.150

Figure 1. An example of a continuous uniform distribution.
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bution). The Gaussian distribution is a symmetrical and
bell-shaped. The parameters of the normal distribution
are the population mean denoted by m, and the population
variance denoted by s2. Figure 2 displays a normal distri-
bution.

Many practical problems involve the normal distribu-
tion and its parameters, m and s2. Many situations exist
that will call for the calculation of probabilities from a
normal distribution. The probability density function for
the normal distribution is given by

f ðxÞ¼
1
ffiffiffiffiffiffi

2p
p

s
e�

x�mð Þ2

2s2 ; for �1oxo1:

To find probabilities concerning a Gaussian distribution,
f(x) can be integrated over the region of interest. However,
it is unnecessary to carry out this integration in order to
find the probabilities of interest. To answer questions in-
volving the normal distribution, a standard distribution is
employed. This standardized distribution can be used for
any problem involving the normal distribution.

6.4. Definition

A normal distribution with mean, m ¼ 0 and variance, s2

¼ 1 is referred to as a standard normal distribution and
its random variable is denoted by Z. Assume the random
variable, X, follows a normal distribution with mean m and
variance s2. Let a random variable, Z, be computed as

Z¼
X � m
s

:

Then the random variable Z also follows a normal dis-
tribution but with mean m ¼ 0 and s2 ¼ 1.

6.5. Computing Probabilities for Single Observations from
Normal Distributions

The standard normal distribution will be used to find
probabilities for various problems involving normal ran-
dom variables. Probability tables for the standard normal

distribution are available in numerous engineering statis-
tics textbooks (1).

6.5.1. Example. The opening and closing pressures of
airways (lung units) during inflation and deflation are
important variables in respiratory studies. Studies have
shown that probability distribution function for airway
closing pressure follows a normal distribution. Suppose it
was found that the average pressure was found to be ap-
proximately 3 cmH2O with a standard deviation of
1.3 cmH2O (see Refs. 2 and 3). What is the probability
that a single airway closing pressure would be less than
4 cmH2O?

6.5.1.1. Solution. To begin, let X represent the closing
pressure so that XBN(3 cmH2O, 1.693 (cmH2O)2). The
probability of interest is P(Xo4). We standardize X in or-
der to work with the standard normal distribution and
ZBN(0, 1).

P Xo4ð Þ¼P
x� m
s

o
4� 3

1:3

� �

¼P Zo0:769231ð Þ

¼ 0:779:

Therefore, the probability that the pressure would be
less than 4 cmH2O is 0.779.

6.6. Computing Probabilities for the Sample Mean from
Normal Distributions

In the previous example, the authors interested in finding
the probability that a single observation would be less
than some value. Often, it is desirable to find probabilities
involving the sample average, �X.

6.7. Definition

If the random variable, X, follows a normal distribution
with mean m and variance s2, then the sample mean, �X, for
a sample of size n taken from a normal population also
follows a normal distribution with mean m but with vari-
ance s2/n. The standard deviation of �X is s=

ffiffiffi

n
p

and is
called the standard error of the mean. In other words, if

X � Nðm; s2Þ;

then

�X � N m;
s2

n

� �

for a sample of size n.
It also follows that the standard normal random vari-

able, Z, can be computed as

Z¼
�X � m
s=

ffiffiffi

n
p

X

f(
x)

0.4

0.3

0.2

0.1

0.0

Normal Distribution

Figure 2. Graphical display of a normal distribution.
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(Note: If the population variance s2 is not given or known,
use the sample variance, s2 as an estimate for s2.)

6.7.1. Example. Consider the lung units example de-
scribed previously. What is the probability that ten such
lung units (airways) would have an average pressure less
than 4 cmH2O?

6.7.1.1. Solution. As before, let X represent the closing
pressure so that XBN(3 cmH2O, 1.693 (cmH2O)2). The
probability of interest is now P( �Xo4).

P �Xo4
� �

¼P
�x� m
s=

ffiffiffi

n
p o

4� 3

1:3
�
ffiffiffiffiffiffi

10
p

 !

¼P Zo2:43ð Þ

¼0:993:

The probability that the average pressure of 10 units
would be less than 4 cmH2O is 0.993.

The normal (or Gaussian) distribution is the single
most important distribution in many fields of study.
Much of the hypothesis testing and confidence interval
construction depends heavily on the assumption of nor-
mality of the data under study, the residuals, or that, at
the very least, the random variable of interest follow a
normal distribution.

6.7.2. Central Limit Theorem. The central limit theorem
states that given a distribution with a mean m and vari-
ance s2, the sampling distribution of the mean �X of a
sample of size n approaches a normal distribution with a
mean m and a variance s2/n as n-N.

The properties of this theorem hold true regardless of
the shape of the original distribution from which the sam-
ple was drawn. For most original distributions, the sam-
pling distribution of the sample mean approaches a
normal distribution very quickly as n increases. It should
be noted that n is the size of the sample taken (for which �X
is calculated) and not the number of samples taken. Often,
one will find in the literature that n430 for the central
limit theorem to apply, which is a general rule of thumb
and holds for most situations. The more nonnormal the
original distribution, the larger the sample size n may
have to be for the sampling distribution of �X to be approx-
imately normal.

The central limit theorem allows the normal distribu-
tion to be used for approximating many other distribu-
tions, even discrete distributions. Next, the normal
approximation to the binomial and Poisson distributions
is presented.

6.8. Normal Approximation to the Binomial Distribution

Suppose X follows a binomial distribution with mean m¼
np and s2¼np(1�p). Then

Z¼
X � np
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

npð1� pÞ
p

follows approximately a standard normal distribution.
This relationship holds true if both np45 and
np(1�p)45.

6.9. Normal Approximation to the Poisson Distribution

Suppose X follows a Poisson distribution with mean m¼ l
and s2¼ l. Then

Z¼
X � l
ffiffiffi

l
p

follows approximately a standard normal distribution.
This relationship holds true if l45.

These approximations become quite useful in quality
control and acceptance sampling. Control charts in quality
control are often implemented to monitor the number of
nonconforming items or counts of interest. Several stan-
dard control charts in use are based on normal approxi-
mations to discrete distributions such as the Poisson. For
more information, the reader is referred to Montgomery
(4).

7. LOGNORMAL DISTRIBUTION

The lognormal distribution can be used to model various
situations, such as response time, time to failure data, and
time to repair data. The lognormal distribution

* is skewed-right (largest portion of the data in the left
tail);

* is a distribution of the random variable whose loga-
rithm follows the normal distribution; and

* assumes only positive values.

The pdf for the lognormal distribution is

f ðxÞ¼
1

xs
ffiffiffiffiffiffi

2p
p e

�
lnðxÞ�mxð Þ

2

2s2x ; x > 0

and f(x) ¼ 0 otherwise. The lognormal distribution is il-
lustrated in Fig. 3.

A transformation of lognormal data will result in data
that now follows a normal distribution. After this trans-
formation, the normal distribution can be used to find
probabilities, construct confidence intervals, and conduct
tests of hypothesis that are based on normal theory.

7.1. Description

Given the following properties:

* X is a random variable that could be any positive real
number.

* Let Y¼ ln(X). Y follows a normal distribution with
mean mY and variance s2Y.
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X follows a lognormal distribution with the following
mean and variance:

mX¼EðXÞ¼ emY þ ð1=2Þs
2
Y

VðXÞ¼ s2X¼ e2mY þ s2
Y ðes

2
Y � 1Þ:

7.1.1. Example. Let X be a random variable that follows
a lognormal distribution. Let Y¼ ln(X), where Y is nor-
mally distributed with mean mY¼ 4 and variance s2Y¼ 2.
What is the mean and variance of X?

7.1.1.1. Solution.

mX¼EðXÞ¼ emY þð1=2Þs
2
Y

¼ e4þ ð1=2Þ2¼ e5¼148:413

VðXÞ¼ s2X ¼ e2mY þs2
Y ðes

2
Y � 1Þ

¼ e2ð4Þþ 2ðe2 � 1Þ¼ e10ðe2 � 1Þ

¼ 140728:33:

An example of the lognormal distribution and its use-
fulness will be provided in the section in this chapter en-
titled ‘‘Distribution Fitting Techniques.’’

8. EXPONENTIAL DISTRIBUTION

The exponential distribution is a continuous probability
distribution often used to model problems in reliability
such as the lifetime of a component or time to failure of a
system or component. The exponential model is appropri-
ate for many situations to model ‘‘time between events.’’
The shape of the exponential distribution is skewed as
opposed to being symmetrical. An example of the expo-
nential distribution with a mean of two is given in Fig. 4.

The probability density function for the exponential
distribution is

f ðxÞ¼ le�lx 0 � xo1

and f(x)¼ 0 otherwise. The lower case x is an actual, ob-
served value. In biomedical applications, the exponential
distribution is also important in modeling survival rates
also. The survival function is given as

PðX > tÞ¼ 1� PðX � tÞ

¼ 1�

Z t

0
le�lxdx;

which represents the probability of a subject or object sur-
viving beyond a certain time t.

8.1. Expected Value, Variance, and Standard Deviation

The expected value or mean of the exponential distribution
with parameter l is given by

m¼
1

l
:

The variance of the exponential distribution with pa-
rameter l is given by

s2¼
1

l2
:

The standard deviation is then

s¼
1

l
:

8.1.1. Example. Ten certain medical devices have been
tested after being randomly selected from a manufactur-
ing process. The devices are run until they fail. It is be-
lieved that the life of the devices is exponentially
distributed. Let X represent the life of a single device. In
thousands of hours, the devices failed at 15, 14, 18, 17, 16,

X

f(
x)
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Lognormal Distribution

Figure 3. Graphical display of a lognormal distribution.
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Figure 4. Graphical display of an exponential distribution.
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19, 14, 15, 14, and 20. It is desirable to find the probability
that the device will last more than 20,000 hours of use.

For this set of data, the mean of the life of the motors is
E(x)¼Sx/n¼ 162/10¼ 16.2. As m¼ 1

l ¼ 16:2, solving for l it
is found that l¼ 1/16.2. The probability that a single mo-
tor from this manufacturing line will last more than
20,000 hours is then

PðX > 20Þ¼ 1�

Z 20

0

1

16:2
e
�x
16:2dx

¼ e�1:234
�

�

20

0
¼0:291:

8.2. Relationship Between the Exponential and Poisson
Distributions

A direct relationship exists between the exponential dis-
tribution and the Poisson distribution. The Poisson distri-
bution models the number of events that occur in a given
interval. On the other hand, the exponential distribution
models the time between the same events [or perhaps the
distance between the events, depending on the interval
being measured (time? length?, etc.)]. The parameter l is
the same for both distributions. Figure 5 displays count
data that follow a Poisson distribution. The time (or
length) between occurrences follows an exponential distri-
bution.

9. WEIBULL DISTRIBUTION

The Weibull distribution is also a skewed right distribu-
tion (in most cases) that is similar in appearance to the
lognormal and it is highly flexible. The Weibull distribu-
tion is widely used in reliability applications involving
failure rates. It has also been found to be useful in bio-
medical engineering as a potential model for telomere
shortening. The shape and dispersion of the Weibull dis-

tribution depends on two parameters, b (called the shape
parameter) and y (called the scale parameter). Both pa-
rameters are greater than zero. An example of the Weibull
distribution with b¼ 2 and y¼ 1 is given in Fig. 6.

9.1. Description

The pdf for this distribution is

f ðxÞ ¼
bxb�1

yb
e�ðx=yÞ

b
; x � 0

and f(x)¼ 0 otherwise. In general, the probabilities from a
Weibull distribution can be found from the cumulative
Weibull function

PðX � xÞ¼FðxÞ¼ 1� e�ðx=yÞ
b
;

where

* b40 and is called the shape parameter.
* y40 and is called the scale parameter.

The exponential distribution is a special case of the
Weibull distribution. The Weibull and the exponential dis-
tributions are equivalent when b¼ 1.

9.1.1. Example. Suppose the time to failure in hours of
an electrical component that is exposed to exceptionally
high temperatures has a Weibull distribution with shape
parameter, b¼ 0.4 and scale parameter, y¼ 2 (measure-
ments are in hours). It may be important to find the prob-
ability that the time to failure of the circuit is at least 4
hours.

Let X represent the time to failure of an electrical cir-
cuit. We are interested in finding P(XZ4).

Figure 5. Graphical illustration of occur-
rences following a Poisson distribution.
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Using the cumulative Weibull function, one can find
P(Xo4):

P X > 4ð Þ¼ 1� PðX � 4Þ

¼Fð4Þ¼ 1� 1þ e�ð4=2Þ
0:4

¼ 0:26727:

The probability that the component will fail after 4
hours is 0.26727.

9.2. Expected Value, Variance, and Standard Deviation

The expected value or mean of the Weibull distribution is

EðXÞ¼ m¼ yG 1þ
1

b

� �

:

The variance of the Weibull distribution can be found
using

VðXÞ¼ s2¼ y2G 1þ
2

b

� �

� y2 G 1þ
2

b

� �� 	2

:

The standard deviation of the Weibull distribution is
then

s¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

y2G 1þ
2

b

� �

� y2 G 1þ
2

b

� �� 	2
s

;

where G(n)¼ (n� 1)! is the ‘‘gamma function.’’
(Note: If n is not an integer, the gamma function can

still be calculated. It is suggested that a statistical pack-
age such as Minitab be used for these calculations.)

9.2.1. Example. Consider the previous example. The
shape parameter was b¼ 0.6 and scale parameter was y
¼ 2 (measurements are in hours). The average time to

failure for this particular Weibull distribution is then

EðXÞ¼ m¼ yG 1þ
1

b

� �

¼ 2G 1þ
1

0:4

� �

¼ 2G 3:5ð Þ

¼ 2ð3:323Þ

¼ 6:646:

The average time to failure is approximately 6.6 hours.
(The value G(3.5) was calculated using the ‘‘gamma func-
tion’’ in Minitab).

A second example of the Weibull distribution and its
usefulness will be provided in the next section.

10. DISTRIBUTION FITTING TECHNIQUES

When a sample of data is collected and must be analyzed,
it is often important to determine the type of distribution
the data most closely fits first. From this, the parameter(s)
of the distribution must be estimated from the raw data.
Numerous techniques are available to determine whether
the data follows a specified distribution. Some of the more
popular goodness-of-fit tests include

* Anderson–Darling
* Cramér–von Mises
* Kolmogorov–Smirnov
* Shapiro–Wilk

Each test has its own strengths and weaknesses. Al-
though the theoretical details are beyond the scope of this
text, the implementation of the tests is quite simple. In
general, the hypotheses being tested by any test are

H0: The data follow a particular distribution.

H1: The data do not follow that particular distribution.

The hypotheses can easily be tested by computing p-
values for hypothesis testing using the distribution-fitting
tests. P-values are probabilities resulting from assuming
the null hypothesis is true, running the test, and seeing if
the sample data could have come from the distribution
assumed to be true. If the data could have come from the
distribution that is assumed to be true, then the probabil-
ity (p-value) would be very large. A small p-value (often
less than 0.05) would lead to rejecting the null hypothesis
(H0) in favor of the alternative hypothesis (H1). A larger p-
value (say greater than 0.05), would lead to not rejecting
the null hypothesis (H0) – giving support to the assump-
tion that the data do follow that particular distribution.
For more details on probability plotting, see Montgomery
and Runger (1).

In this section, a simple graphical technique, probabil-
ity plotting, will be presented along with the results of at

210

0.9

0.8

0.7

0.6

0.5

0.4

0.3

0.2

0.1

0.0

x

f(
x)

Figure 6. Graphical display of a Weibull distribution.
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least of the above-mentioned tests to determine the best-
fitting distribution. The authors will work specifically
with continuous distributions to illustrate the techniques.

10.1. Probability Plotting

Probability plotting is a graphical technique employed to
determine the type of distribution from which a set of data
may have come. Probability plotting is based on assuming
a specific distribution. In general, the data are plotted
against percentiles that are computed assuming a partic-
ular distribution. The steps in constructing the probability
plot for a set of data of size n are:

1. Rank the n data points in increasing order (let i ¼ 1,
2, y, n).

2. For each ordered data point, calculate the value (i-
0.5)/n.

3. The horizontal axis of the probability plot represents
the actual data points.

4. The vertical axis of the probability plot represents
the calculated value found in step 2.

The interpretation of the plot is simple. If the plotted
data lie approximately along a straight line, then that
distribution may be a good fit for the sample data. We will
look at probability plots for the normal, Weibull, and log-
normal distributions. However, probability plotting can be
implemented for any continuous distribution. It is sug-
gested that the plots be constructed using some standard
statistical package. In this chapter, Minitab is employed to
construct these plots.

Finally, many standard statistical packages will also
provide p-values from at least one of the above-mentioned
goodness-of-fit tests. In the following examples, the An-
derson–Darling test is reported along with the probability
plot for the data.

10.1.1. Example. The length of telomeres (the ends of
chromosomes) will shorten with cell division for various

reasons in human somatic cells (see Ref. 3). However,
length can also be added back. The distribution of telo-
mere length is important to model and several distribu-
tions have been suggested as appropriate models of this
variable. The authors in Ref. 5 test three different distri-
butions: the normal, lognormal, and the Weibull.

Suppose a sample of such lengths have been recorded
and the distribution that this sample came from is impor-
tant to determine. First, it will be tested to see if the nor-
mal distribution would be a good fit for telomere length.
Specifically, the hypotheses to be tested are:

H0: The distribution of telomere length follows a nor-
mal distribution.

H1: The distribution of telomere length does not follow
a normal distribution.

The lengths are first plotted on a normal probability
plot shown in Fig. 7. Also reported is the p-value for the
Anderson–Darling (AD) test.

In Fig. 7, the data do not appear to fall along a straight
line. A curvature in the data appears to exist. Therefore,
the normal distribution does not appear to be a good fit for
telomere length. To further support this finding, the p-
value for the Anderson–Darling test is examined. In the
box in the upper-right-hand corner, the P-value is re-
ported as 0.019. This p-value is very small and, as stated
previously, a small p-value leads to the rejection of the null
hypothesis (H0). So, the hypothesis that the normal dis-
tribution is a good fit is rejected and it is concluded that
the normal distribution does not apply to the telomere
length given this set of data.

As the normal distribution does not appear to apply
based on this sample, the lognormal distribution is tested
next. The hypotheses of interest are:

H0: The distribution of telomere length follows a log-
normal distribution.
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Figure 7. Normal probability plot for telo-
mere length data.
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H1: The distribution of telomere length does not follow
a lognormal distribution.

The sample data are now plotted on a lognormal prob-
ability plot shown in Fig. 8. The p-value for the Anderson–
Darling (AD) test is again reported for the lognormal dis-
tribution assumption.

In Fig. 8, the data again do not appear to fall along a
straight line. Curvature in the data appears to exist.
Therefore, the lognormal distribution does not appear to
be a good fit for telomere length. To further support this
finding, the p-value for the Anderson–Darling test is ex-
amined, which is reported as 0.015. This p-value is very
small and, as stated previously, a small p-value leads to
the rejection of the null hypothesis (H0). So, the hypoth-
esis that the lognormal distribution is a good fit is rejected

and it is concluded that the lognormal distribution does
not apply to the telomere length given this set of data.

Finally, the Weibull distribution is examined for this
particular set of data. The hypotheses of interest are

H0: The distribution of telomere length follows a Wei-
bull distribution.

H1: The distribution of telomere length does not follow
a Weibull distribution.

The Weibull probability plot along with the p-value for
the AD test is displayed in Fig. 9.

In Fig. 9, the data again appears to fall along a straight
line. Therefore, the Weibull distribution does appear to be
a good fit for telomere length. To further support this find-
ing, the p-value for the Anderson–Darling test is exam-
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Figure 8. Lognormal probability plot for telo-
mere length data.
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ined, which is reported as 40.250, which is a larger p-
value and, as stated previously, a large p-value does not
lead to the rejection of the null hypothesis (H0). So, the
hypothesis that the Weibull distribution is a good fit is not
rejected.

11. SUMMARY

Probability distributions are important for modeling and
explaining phenomenon such as those that occur in all ar-
eas of biomedical engineering. In this chapter, several
probability distributions have been introduced and illus-
trated with examples. Many other distributions exist, both
discrete and continuous, that will also find applications in
engineering. The reader is referred to many available en-
gineering statistics textbook for further reading on these
distributions and different applications of the distribu-
tions presented in this chapter.
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1. INTRODUCTION

A prosthetic limb, or ‘‘prosthesis,’’ is an external device
that is worn on the body for the purpose of replacing a
missing or absent limb or extremity, with the intent of re-
storing aesthetics or function. The decision to be fitted
with a prosthesis is largely a personal one—someone with
upper-extremity limb loss may have satisfactory function
without a prosthesis and may choose to do without,
whereas someone with lower-extremity limb loss may re-
quire a prosthesis in order to walk. Sometimes, persons
with limb loss may choose to wear a prosthesis for cos-
metic reasons, owing in part to the negative or discrimi-
nating attitudes individuals with disability may
encounter in society. On the other hand, prostheses are
also designed to provide functional restoration, although
the replacement is never as good as the anatomical limb it
is designed to replace. When fitting a prosthesis to a pa-
tient, the prosthetist should try to match the device design
to the individual’s needs, functional level, and personal
rehabilitation goals. Ideally, the device is simple in design,
easy for the patient to learn to use, and should function
dependably with little need for repair or replacement (1).
Additionally, it should fit well, be comfortable to wear, be
easy for the user to don and doff, be lightweight, and ad-
just to accommodate small fluctuations in the user’s size.

In ancient civilizations, limb loss typically resulted
from accidental amputation, war, disease, congenital de-
formity, or judicial judgment. Prostheses were necessary
for the fulfillment of functional, cosmetic, psychological, or
even spiritual needs, although they were probably fitted to
individuals for various combinations of these reasons.
They were required to enable users to function in society
and to provide for themselves, and were particularly im-
portant for ambulation in persons with lower limb loss.
Additionally, prosthetic limbs were often fitted to provide
the wearer with a sense of wholeness, improving cosmesis,
and reducing the cultural stigma associated with disabil-
ity that could destine the afflicted as an outcast of society.

The oldest surviving prosthesis is a cosmetic wooden
hallux that was discovered on a female Egyptian mummy,
probably fitted about 1000 B.C. (2). The device may not
have been a functional device worn while the woman was
living, but may have instead been the creation of a burial
priest to restore body image in preparation for the after-
life. The earliest prosthetic legs—peg legs—evolved out of
necessity from crutches, designed so they could be worn on
the leg using crude sockets in order to free the arms and
hands for carrying objects while walking. During the Dark
Ages, armorers made prostheses for officers with amputa-
tions in order to conceal their deficit from enemies and to
provide function during battle (3). Some of the devices
were fairly advanced, but were usually heavy and cum-
bersome. The Teutonic knight Goetz von Berlichingen was

fitted with a prosthetic hand that had jointed, locking fin-
gers that were designed to hold a shield or sword in battle
(2,3). During the Renaissance period (circa 1560), the
French surgeon Paré developed the kneewalker peg leg
for soldiers with amputation, a transfemoral prosthesis
resembling armor for wealthy officers, and prosthetic
hands with locking fingers. In 1696, the Dutch surgeon
Verduyn introduced an improved transtibial prosthesis
with a leather thigh corset, metal hinges at the knee, and
a solid ankle wooden foot. The concept of an ischial
weight-bearing socket was introduced in 1790 by Gavin
Wilson of Edinburgh (2), who also developed a prosthetic
hand capable of holding a knife, fork, or pen (3). In 1816,
James Pott developed a transfemoral prosthesis with ki-
nematically-coupled knee and ankle joints that dorsiflexed
the ankle as the knee was flexed, thereby increasing foot
clearance during swing. The leg became known as the
‘‘Anglesea leg’’ after it was fitted onto H.W. Bayley, Mar-
quess of Anglesea, who lost his leg at the battle of Waterloo
in 1815 (2,3). Body-powered control of a prosthetic hand
using elbow and shoulder motion was introduced by Peter
Baliff, a Berlin dentist, in 1816 (2,3). At about the same
time, Baliff also developed a type of stance-control knee
joint that locked during weight bearing on the prosthesis
but was unlocked and allowed flexion during swing phase
of gait.

Significant advancements in prosthetic limb research
and development have generally resulted in the aftermath
of major wars or similar large-scale national or interna-
tional tragedies because of the large demand imposed by
persons who suffered limb loss. During the Civil War, J.E.
Hanger, who became a lower-limb amputee while serving
in the Confederate army, created an articulated prosthetic
foot by placing rubber bumpers in solid feet, and he also
introduced and popularized a wooden socket (3). Prior to
World War I, the development and manufacture of pros-
thetic limbs were lacking in scientific foundation. During
World War I, research and development in prosthetics sig-
nificantly increased, primarily in Germany and Austria,
and new procedures for amputee care and prosthetic fit-
tings were pioneered in France and England (3). Prior to
World War II, an organized research program for artificial
limbs had never existed. However, the number of service-
men who sustained amputation increased dramatically
during World War II because of the use of land mines and
high explosives. In 1945, the U.S. government mandated
the National Academy of Sciences to develop a prosthetics
research program, which included the Department of Vet-
erans Affairs (VA). The VA supported the development of
the patellar-tendon bearing socket for below-knee pros-
theses and the quadrilateral socket for above-knee pros-
theses. Also during this period, the suction socket for
transfemoral amputees was introduced into American
prosthetic practice through a series of lectures at schools
and clinical trials, and the benefits of polycentric and hy-
draulic knee construction were recognized. The first myo-
electric arm system was developed by Reinhold Reiter in
Germany during the 1940s (4). The thalidomide tragedy
stimulated research in externally powered prostheses, es-
pecially in Germany, Sweden, England, and Canada, be-
ginning in about 1960 (5). The Vietnam War stimulated
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the development and implementation of myoelectric up-
per-limb prostheses, modular endoskeletal prostheses,
and other refinements in prosthetic design, including the
application of thermoplastic materials to prosthetic fabri-
cation. Recently, the Iraq and Afghanistan conflicts have
encouraged the use of microprocessor-controlled knee
joints for returning veterans with transfemoral amputa-
tions, which has stimulated further research and devel-
opment of other sophisticated prosthetic components.

2. INCIDENCE OF LIMB LOSS

According to data from the Vital and Health Statistics
National Health Interview Survey (6), there were
1,285,000 persons in the United States living with limb
loss (excluding fingers and toes) in 1996, yielding a prev-
alence rate of 4.9 per 1,000 persons (0.49%). In 1994, in the
United States, there were a reported 173,000 lower-limb
prostheses in use, compared with 21,000 upper-extremity
prostheses (7). There were roughly 185,000 surgical am-
putations performed during 1996 in the United States
(excluding tips of fingers or toes) (6). Limb amputation is
often performed as a result of trauma, infection, diabetes,
vascular disease, cancer, or other diseases. The incidence
rate of amputation in 1996 was 46.2 per 100,000 persons
attributable to dysvascular disease (88.1%), 5.86 per
100,000 persons resulting from trauma (11.2%), and 0.35
per 100,000 secondary to malignancy of a bone or joint
(0.7%) (8). Peripheral vascular disease and diabetes are
the primary reason for amputation of the lower-extremity,
whereas trauma accounts for most upper-limb amputa-
tions. The prevalence rate of amputation is highest among
people aged 65 years and older at approximately 19.4 per
1,000. The number of lower-limb amputations far exceeds
that of upper-limb amputations; of the 185,000 amputa-
tions in 1996, there were approximately 26,000 involving
the upper-limb (14.1%) and 159,000 involving the lower-
limb (85.9%) (6). Finger amputations accounted for 23,000
of the upper-extremity amputations. The incidence of
lower-limb amputations may be subdivided as follows:
toe amputations 59,000 (37.1%); through-foot amputa-
tions 18,000 (11.3%); other amputations below the knee
42,000 (26.4%); transfemoral amputations 36,000 (22.6%);
and other 4,000 (2.5%). If finger amputations, toe ampu-
tations, and ‘‘other’’ amputations are removed from the
data, it can be determined that in 1996 there were 3,000
upper-limb amputations and 100,000 lower-limb amputa-
tions. The birth prevalence of congenital limb deficiency
for 1996 was 25.64 per 100,000 live births; the cause of
congenital limb loss is frequently unknown.

3. AMPUTATION LEVELS

The level of amputation or limb loss involving the upper or
lower extremities is generally described using the prefix
trans—meaning ‘‘across, or through’’—and refers to a
transection through the axis of a long bone. For example,
the term ‘‘transfemoral amputation’’ would refer to an
amputation that transects the femur. In limb segments
where two long bones are present, the larger of the two

bones is used to identify the level. A transradial amputa-
tion would refer to amputation through both the radius
and the ulna. Transtibial, transfemoral, transradial, and
transhumeral amputations are often subclassified as
‘‘long,’’ ‘‘medium,’’ and ‘‘short,’’ depending on the relative
length of the residual limb from the most distal intact
joint. Resection of a limb through a joint is referred to as a
‘‘disarticulation,’’ and typically occurs at the wrist, elbow,
shoulder, ankle, knee, or hip. Partial hand amputations
are those involving any or all of the digits or the radial or
ulnar borders of the hand. The forequarter, or interscap-
ularthoracic, amputation is the most proximal level of up-
per-limb amputation possible, in which the clavicle and
scapula are often sacrificed in addition to the remainder of
the arm. In the lower extremity, a partial foot amputation
is one occurring distal to the ankle joint, and may include
partial or total toe amputations. Generally, with exception
of the hallux, loss of the toes will lead to relatively little
disability that usually can be compensated for with simple
shoe corrections. A hemipelvectomy refers to the loss of a
leg that also involves any part of the pelvis (ilium, is-
chium, or pubis).

The physical level of limb loss is a primary consider-
ation of the prosthetist when fabricating a prosthesis for
his patient, and is a primary determining factor in the
eventual rehabilitation outcome that may be achieved.
Whenever possible, the surgeon performing an amputa-
tion will usually attempt to salvage as much of the limb as
is commensurate with good practice. Amputation levels
that involve fewer joints, occur at more distal levels, and
produce longer limb segments generally induce less dis-
ability. In lower-limb amputees, higher levels of amputa-
tions have been shown to correspond directly with the
energy required to walk (9).

Biomechanically, a longer residual limb segment cre-
ates a longer lever arm for applying forces and moments to
the prosthesis, enabling greater forces to be distributed
and borne on the residual limb by the socket while facil-
itating increased control of the prosthesis. Amputations
that produce short lever arms are more difficult to fit, and
often reduce the functional ability of the patient. In trans-
humeral amputations that leave a very short humerus,
the lever arm of the residual limb is usually ineffective for
control of a prosthesis. In those cases, the amputee is often
treated as if he had a shoulder disarticulation. Conversely,
in some cases, longer residual limbs may limit the selec-
tion of prosthetic components that can be fitted. For ex-
ample, persons with long transtibial amputations may be
restricted in their choice of prosthetic feet and ankle com-
ponents because of inadequate space allowance.

4. LOWER-LIMB PROSTHESES

Lower-limb prostheses are generally prescribed with the
intent of restoring ambulatory ability. Therefore, the cos-
mesis (i.e., appearance) of the device is usually considered
to be of lesser importance than its function during walk-
ing. Some of the functions of walking that the prosthesis
should address include stability in stance phase, the abil-
ity to shorten in swing phase to achieve adequate foot
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clearance, and shock absorption. Prosthetists will attempt
to fit an individual with prosthetic components that are
best suited to their needs and that are able to maximize
the patient’s rehabilitation potential while minimizing
disability. Even after appropriate fitting with the prosthe-
sis, the person typically undergoes gait training with a
physical therapist in order to learn to effectively use their
new limb and to establish patterns of walking that closely
resemble those of able-bodied individuals. An amputee
could be fitted with the best prosthetic technology avail-
able, but if they are unable to use it correctly and effi-
ciently, then it does them little good.

Different types of prostheses are prescribed for the dif-
ferent stages of rehabilitation after amputation. In the
weeks immediately following amputation, the residual
limb undergoes dramatic changes in volume, so the pa-
tient will not receive their permanent prosthesis until
their residual limb volume has stabilized. However, early
fitting of a prosthesis after amputation is considered to be
important for the future rehabilitation of the patient (10).
Generally, three types of lower-limb prostheses exist: (1)
the postoperative prosthesis, (2) the intermediate pros-
thesis, and (3) the definitive, or ‘‘permanent,’’ prosthesis.
Some prosthetists ignore the distinction between the post-
operative and the intermediate prostheses, and instead
classify any prosthesis fitted before the definitive prosthe-
sis as being ‘‘preparatory.’’

Early postoperative fitting of a prosthesis is generally
performed within the first few days after amputation sur-
gery and may occur before the patient even leaves the op-
erating table (11). The postoperative prosthesis is
relatively simple, consisting of a rigid dressing, such as
a plaster or fiberglass cast, and a pylon and prosthetic
foot. Fitting a patient with a prosthesis immediately after
amputation can expedite the rehabilitation process and
provide physiological and psychological benefits. These
patients are often encouraged to stand and bear partial
weight on the residual limb within the first couple of days,
and can achieve limited mobility within the first couple of
weeks after surgery. Postoperative prostheses have been
shown to facilitate the healing response, resulting in a
shorter hospital stay after amputation, decreased severity
of phantom pain, and reduced edema in the residual limb
(11). Furthermore, early prosthetic fitting has been corre-
lated with the comfort and ease-of-use of prostheses in
experienced users (12).

The intermediate prosthesis, like the postoperative
prosthesis, is designed to allow for early ambulation and
to further promote residual limb shrinkage and shaping.
It is typically used for 3–6 months following amputation,
during which time the residual limb undergoes a signifi-
cant change in its volume because of reduction in swelling
and edema. The purpose of the intermediate prosthesis is
largely therapeutic, enabling the user to learn indepen-
dent ambulation and independent donning and doffing, to
develop an understanding of socket fit, to become aware of
the pressure tolerance of their residual limb, and to learn
who to call if problems develop (1). Gait training that en-
courages partial weight bearing on the prosthesis enables
the residual limb to become conditioned to the loads that
will be applied during ambulation. Depending on the

needs of the patient, an intermediate prosthesis can some-
times be converted to a definitive prosthesis with cosmetic
modifications made by the prosthetist.

The fitting of a definitive prosthesis can occur as soon
as 3 months after amputation, although it may not take
place until 12 months postamputation, depending on an
individual’s circumstances. One of the primary consider-
ations for proceeding with the fitting of the definitive
prosthesis is that the residual limb should no longer ex-
hibit significant changes in volume. Once this condition is
met, the decision to fit a definitive prosthesis is primarily
a subjective one, based on the overall perception that the
patient has reached a plateau in activity level and pros-
thetic wear time with their temporary prosthesis.

The definitive prosthesis will be constructed with ei-
ther an exoskeletal design or an endoskeletal design. Exo-
skeletal transtibial prostheses are hollow with a rigid
plastic laminate exterior that provides load-bearing sup-
port between the foot and socket (Fig. 1). Although they
have a hard exterior, they are colored to match the skin
tone of the wearer. Exoskeletal prostheses are often pre-
scribed for persons who work outdoors. Endoskeletal pros-
theses are much more common, having a structural

Figure 1. Exoskeletal transtibial prosthesis with supracondylar
cuff suspension.
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‘‘skeleton’’ of aluminum or titanium pipe (i.e., ‘‘pylon’’) that
connects the prosthetic foot to the socket (Figs. 2 and 3).
The modular design of endoskeletal prostheses allows for
easy adjustability by the prosthetist and permits various
components to be replaced periodically without having to
sacrifice the whole prosthesis. Furthermore, some modern
prosthetic components, such as shock-absorbing pylons,
can only be fitted into endoskeletal prostheses. The endo-
skeletal prosthesis is often covered with a cosmetic foam
‘‘skin’’ that is intended to look and feel like natural skin
and tissue. The prosthetist is able to customize the cos-
metic finish of the prosthesis so that the shape and the
color match that of the user’s sound limb. On the other
hand, with the increased acceptance of disability in our
society, many prosthetic users choose to forego the cos-
metic cover.

Lower-limb prostheses will at a minimum consist of a
socket and a prosthetic foot with some means of connect-
ing the two, and they must apply a method of suspension
to hold the prosthesis onto the residual limb. Someone
with limb loss proximal to the knee joint will also require a

prosthetic knee unit (Fig. 3). A replacement prosthesis
may be required for a user because of atrophy in the re-
sidual limb, weight gain or loss, or excessive wear of the
prosthesis. Adult amputees often require a new prosthesis
every 1–2 years for the first several years after amputa-
tion (12,13), although as the residual limb matures, a
prosthesis may typically last 3–5 years. It is not unusual
for children to need a new prosthesis every year because of
their rapid growth. Decisions regarding a patient’s pros-
thetic prescription depend on a number of factors, includ-
ing their age, gender, weight, activity level, residual
anatomy, rehabilitation goals, and any underlying medi-
cal conditions that may affect prosthetic fitting or usage.
Additionally, consideration must be given to the patient’s
vocational needs and avocational desires, experience
walking with a prosthesis, durability of components,
weight of components, cosmesis, and cost.

Figure 3. Transfemoral prosthesis. Suspension system consists
of combination of modified Silesian band system and suction sus-
pension.

Figure 2. Endoskeletal transtibial prosthesis.
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4.1. Prosthetic Alignment

Prosthetic alignment is the process that is used for spatial
positioning of the prosthetic components with respect to
each other and to the residual anatomy of the patient. For
a transtibial prosthesis (Figs. 1 and 2), the prosthetic foot
must be aligned to the prosthetic socket, whereas for the
transfemoral prosthesis (Fig. 3), the prosthetic knee unit
must also be taken into consideration and positioned rel-
ative to the socket and foot. In transfemoral prostheses,
knee stability is achieved by aligning the knee axis so that
the line of action of the load borne by the prosthesis passes
anterior to the knee axis and forces the prosthetic knee
against a mechanical stop in the fully extended position.
Prosthetic alignment determines the stability of the user
on the prosthesis while standing and during the stance
phase of walking, and the relative ease with which the
user is able to walk with the prosthetic limb. The princi-
ples of alignment provide guidelines for fitting a wide va-
riety of users, but it is up to the prosthetist to fine-tune the
alignment to best suit the needs and capabilities of the
patient.

Alignment is generally performed in two stages: (1)
‘‘bench,’’ or ‘‘static,’’ alignment, and (2) ‘‘dynamic’’ align-
ment. Bench alignment is the initial positioning that the
prosthetist uses to position the prosthetic components
with respect to each other and is performed before the
prosthesis is fitted on the patient. Dynamic alignment is
used to fine-tune the relative positioning of the compo-
nents and is performed while the patient walks on the
limb. The goal of alignment is to align the foot relative to
the socket so that load-bearing forces through the residual
limb are coincident with the ground reaction force vector
(14). This reduces moments during stance phase that
would tend to rotate the prosthesis relative to the resid-
ual limb and create high pressures within the socket. Dur-
ing the process of dynamic alignment, the prosthetist
makes adjustments to the positions and orientations of
the components based on a visual gait analysis and from
feedback provided by the user about the comfort and feel
of the prosthesis during walking. Poor prosthetic align-
ment produces gait deviations that can make walking un-
comfortable, causes high pressures on the residual limb
that may produce skin breakdown, and may increase the
energy required to walk.

4.2. Prosthetic Sockets

The prosthetic socket is a customized component that pro-
vides the connection between the residual limb and the
prosthesis. No other prosthetic component is as crucial in
assuring a comfortable and well-functioning prosthesis as
the socket (15). Socket fit and comfort are generally re-
garded as being the most important issues among users of
lower-limb prostheses (12,16). The prosthetic socket
serves to transfer forces safely and comfortably from the
prosthesis to the residual limb through soft tissues that
are not ideally suited for load bearing. Furthermore, the
socket must be designed to control weight-bearing, sus-
pension, and ambulation stability. Intimate fit between
the residual limb and the prosthesis is required to maxi-
mize loading and minimize the relative vertical, trans-

verse, and rotational displacements. However, an exact
mold of the residual limb does not necessarily produce a
well-fitting socket. While fitting and fabricating the
socket, the skillful prosthetist uses contouring and pad-
ding to distribute forces on the residual limb in the most
appropriate manner. Anatomic sites with substantial
muscle and fat tissue can tolerate higher pressures than
bony prominences and areas containing superficial blood
vessels and nerves. Pressure on the residual limb should
be minimized, a principle that is achieved to some degree
through a socket design that increases the tissue area over
which force is applied. Prosthetic discomfort to the wearer
and skin problems are usually attributed to poor socket fit
(17). Even with a well-fitting socket, some users will have
significant volume fluctuations that occur in their residual
limbs during the course of a day, and they may find it
necessary to add or remove prosthetic socks to maintain fit
and comfort of their prosthesis.

Conventional fabrication of a prosthetic socket can be a
time-consuming and labor-intensive process, but is re-
quired if the prosthetist is to provide the patient with a
well-fitting socket. Initially, the prosthetist will take mea-
surements of a patient’s residual limb and cast it using
plaster bandages to make a negative model, referred to as
an ‘‘impression.’’ Plaster is poured into the impression
and, after it has hardened, the plaster bandages are re-
moved and the prosthetist is left with a positive plaster
model of the patient’s residual limb. The prosthetist will
modify the positive model to create a socket that will pro-
vide relief areas over bony prominences and other regions
that are sensitive to loading. The prosthetist will remove
plaster in those regions of the cast that correspond with
greater soft tissue coverage of the residual limb that are
more pressure tolerant and where increased load bearing
is desired. Similarly, relief is built into the socket by add-
ing plaster to those areas of the residual limb where lower
forces are desired. After the prosthetist is satisfied with
the modifications to the positive model, the prosthetic
socket and liner are fabricated over the positive model.
Most prosthetic sockets today are fabricated with thermo-
setting plastics, primarily acrylic resins, which are lami-
nated with layers of natural or synthetic cloth. The
sockets can be sanded, ground down, drilled, and riveted,
and they are pigmented in order to approximate the pa-
tient’s skin color.

4.3. Transtibial Socket Designs and Suspension

The patellar tendon-bearing (PTB) socket is one of the
most common types used for transtibial prostheses in
America. The objectives of the PTB socket design are to
load the pressure-tolerant areas of the limb, relieve the
pressure-sensitive areas, place the limb in a flexed posi-
tion for increased anterior weight bearing, and maintain
total contact with the limb (18). Total contact denotes a
firm, gentle force exerted by the socket over the entire
area of the residual limb and is used to contain the volume
and prevent swelling (1,19). The PTB socket derives its
name from an inward contour built into the socket that is
intended to bear significant load through the patellar ten-
don of the residual limb. However, other major load-bear-
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ing surfaces besides the patellar ligament exist that are
used in the PTB socket design. For the PTB socket to be
effective, it is important to load all of the areas of the re-
sidual limb that are weight-tolerant (20). Weight-tolerant
areas include the patella tendon, medial tibial flare, re-
sidual pretibial musculature of the anterior compartment,
the gastrocnemius muscle belly, and the fibular shaft.

A soft liner may be added as an interface between the
residual limb and the hard socket to increase comfort and
protect soft tissues. Liners may be fabricated out of a
polyurethane foam, although in recent years there has
been increased popularity of gel and silicone elastomer
liners. Liners reduce average and peak pressures on the
residual limb (21) and improve the weight-bearing capa-
bility between the prosthesis and the user (22). Further-
more, they reduce skin breakdown (23,24) and can
improve comfort and suspension when used with a pin-
lock system (25,26). Problems that are associated with the
use of silicone liners include itching, perspiration, skin
rash, and odor, but all of these problems are less likely to
occur if the user practices good hygiene and washes his
residual limb and liner daily (27).

Prosthetic suspension is the means by which the pros-
thesis is held onto the residual limb, and it contributes to
the comfort and safety of the prosthesis. A prosthesis with
good suspension feels much lighter and allows the ampu-
tee to ambulate with greater confidence. Many different
kinds of prosthetic suspension exist for transtibial pros-
theses, and each offer distinct advantages and disadvan-
tages that must be considered according to the patient’s
individual needs and the condition and shape of their re-
sidual limb. The supracondylar cuff suspension uses a cuff
or strap that is attached to the prosthetic socket and fas-
tens about the thigh (Fig. 1). It provides adequate suspen-
sion for the majority of persons with transtibial
amputation.

Advantages of the supracondylar cuff include its ad-
justability and ease of donning and doffing by the user.
The PTB supracondylar suprapatellar (SPSC) suspension
is built into the prosthetic socket, using high anterior and
medial-lateral walls that encompass the femoral condyles
and patella to hold the prosthesis onto the residual bony
anatomy. The PTB SPSC suspension aids in knee stability,
rotation control, pressure distribution, and reduces pi-
stoning. Sleeve suspension is another type of transtibial
prosthesis suspension, using an elastic sleeve to hold the
prosthesis onto the leg. The sleeve fits snugly over the
proximal aspect of the prosthesis and is rolled over the
thigh so that it overlaps the skin by several inches. It pro-
vides a simple and effective means of suspension, is light-
weight, easy to replace, and enhances cosmesis by hiding
proximal socket trimlines. The pin-lock system provides
one of the most secure methods of suspension, producing
increased stability, improved comfort, increased range of
knee motion, and reduced pistoning between the residual
limb and the prosthesis. It requires the use of a closed-end
liner of silicone, urethane, or thermoplastic elastomer that
is rolled directly onto the residual limb. The prosthesis is
suspended from a pin attached to the distal end of the
liner, and a locking mechanism built into the distal end of
the prosthetic socket prevents the pin from slipping out. A

button must be depressed to allow the locking mechanism
to release the pin. A pin-lock system is generally not rec-
ommended for persons whose residual limbs have exces-
sive soft tissue, because they may have difficulty donning
the prosthesis and engaging the pin with the locking sys-
tem.

Recently, a vacuum-assisted socket system (VASS) was
introduced that uses an air evacuation pump that is acti-
vated as the user loads the prosthesis, which creates an
elevated vacuum between the prosthetic liner and the
socket wall. Some evidence suggests that the VASS in-
creases suspension and proprioception, reduces volume
fluctuations in the residual limb, and increases the com-
fort of prosthetic fit (28). The primary disadvantage of the
VASS is its weight, which some users may find contributes
to increased fatigue over the course of a day.

4.4. Transfemoral Socket Designs and Suspension

For persons with transfemoral amputations, two primary
socket designs exist—the quadrilateral socket and the is-
chial-containment socket (Fig. 4) (15). The particular
socket style is selected based on the patient’s anticipated
activity level, comorbidities, residual limb condition, and
the skill and familiarity of the prosthetist. The similarities
between the quadrilateral and ischial containment sock-
ets include the suspension, socket volume, distal socket
design, and socket alignment in initial flexion and adduc-
tion (29). The primary difference between the two socket
types is direct ischial bearing in the quadrilateral socket
as opposed to ischial containment in the other.

The quadrilateral socket was introduced in the 1950s
and derives its name from its four-sided shape when
viewed transversely (Fig. 4). Each of the walls is designed
to have specific functions that relate to tissue containment
and loading. In the quadrilateral socket, strong emphasis
exists on individual anatomy of soft tissues and underly-
ing bony structures, and direct ischial bearing on a brim or
shelf of the socket. Rotational stability is dependent on
muscle channel contours built into the socket. Integrity of
the adductor magnus is the key to good function, so quad-
rilateral sockets tend to be more successful on persons
with longer residual limbs.

Figure 4. Transverse plane views of quadrilateral (left) and is-
chial containment (right) sockets that were fabricated for the
same patient.

6 PROSTHETIC DEVICES AND METHODS



The ischial containment socket design has narrower
medial-lateral (M-L) and larger anterior-posterior dimen-
sions than the quadrilateral socket to gain better control
of the femur and maintain its alignment (Fig. 4). For this
reason, they are sometimes referred to as ‘‘narrow M-L
socket’’ designs. The ischial containment socket uses a
‘‘bony’’ or ‘‘skeletal lock’’ between the greater trochanter,
the ischium, and the femur, increasing comfort for the
user while providing a more stable mechanism to control
M-L stability. Compared with the quadrilateral socket, the
ischial containment socket has been reported to decrease
energy expenditure during walking (30); reduce the stride
width, side-sway, and pressure over the ischial tuberosity
while increasing the freely selected walking speed (31);
and decrease lateral trunk lean while improving coronal
plane residual limb positioning (32). Ischial containment
sockets can be successfully fitted on all types of transfem-
oral residual limbs. Compared with quadrilateral sockets,
they tend to be more successful on persons with short,
fleshy residual limbs, and they are considered better for
high-activity sports participation and running.

Three primary systems for suspension in transfemoral
prostheses exist (1): a Silesian band, a hip joint and pelvic
band, and suction. The Silesian band system consists of a
soft belt made of cotton webbing or Dacron materials (Fig.
3). It is attached proximally on the lateral wall of the
socket and encircles the sound side of the pelvis, anchor-
ing on the proximal anterior aspect of the socket with a
buckle. In addition to suspension, the Silesian band may
also be used to assist with rotary control of the prosthesis
during stance phase. A variation on the Silesian band is
the total elastic suspension belt. Fabricated out of neo-
prene, the total elastic suspension belt runs at oblique
angles anteriorly and posteriorly about the pelvis and
pulls superiorly on the most proximal aspects of the
socket, holding it securely to the body.

A hip joint and pelvic band may be indicated for those
transfemoral amputees who need more extensive suspen-
sion or if lateral hip stability during stance phase is re-
quired. When the user has weak hip abductors or a short
residual limb, lateral stabilization of the hip joint is re-
quired to hold the body upright while load bearing occurs
on the prosthesis. The hip joint and pelvic band suspen-
sion creates a longer lever arm for the hip abductors to act
on, reducing the amount of muscle force required to
achieve lateral stability. This system is designed primar-
ily for standing and walking, and users often find that it
can be uncomfortable for sitting.

Suction suspension is one of the most desirable forms of
suspension for the definitive transfemoral prosthesis be-
cause it provides positive suspension without the bulk and
discomfort of a waist belt (15). A one-way valve, located at
an anteromedial position on the socket (Fig. 3), allows air
to be expelled from the socket when the residual limb is
inserted, causing a vacuum to be created relative to at-
mospheric pressure. The prosthesis is suspended by a
combination of friction, negative pressure, and muscle
contractions, enabling the patient greater range of motion
and giving a more cosmetic result than is possible with
other means of suspension. Suction suspension tends to
work better with compact, muscular residual limbs. In

transfemoral prosthesis users who have difficulty donning
their prosthesis, a silicone liner with a pin-lock system
may be used. Active amputees may use the total elastic
suspension belt occasionally as an auxiliary suspension
when they participate in sporting activities.

4.5. Computer-Aided Prosthetic Socket Design and
Fabrication

Computer-aided design and manufacture (CAD/CAM) of
prosthetic sockets, used commercially for about 20 years
now, can provide considerable savings in time and effort by
the prosthetist. Conventional socket fabrication is time-
consuming and labor-intensive, but necessary for the pros-
thetist to produce a well-fitting socket for his patient.
CAD/CAM technology may enable the socket design and
manufacture process to become more efficient, effective,
and objective (17).

The CAD/CAM process involves three fundamental
steps (33). Dimensional information of the residual limb
must first be acquired and input to the computer. Some of
the basic CAD systems use the traditional impression pro-
cedures, with the inside of the negative model being dig-
itized for importation into a software application for
socket design. More advanced systems use scanning to
digitize the residual limb topography directly into the
computer. Next, the prosthetist manipulates the numeri-
cal information about the residual limb with software in
order to perform his socket modifications, a process re-
ferred to as ‘‘rectification.’’ Most modern CAD software has
rectification templates that will automatically perform
this operation. Once the desired modifications have been
made, the data are sent to a computer-controlled milling
machine and the positive model of the patient’s residual
limb is carved from a plaster blank. Thereafter, the pros-
thetist uses traditional means to fabricate and fit the
prosthetic socket.

Greater precision is required for using CAD/CAM to
create transtibial sockets because of the distinct bony
anatomy that must be accommodated. Transfemoral am-
putees have residual limbs with a larger volume of soft
tissue covering and padding to the bone, so some pros-
thetists have learned to forego the process of digitizing the
residual limb when developing CAD sockets (34). Instead,
they have found that simple physical measurements from
patients, combined with the CAD templates and modifi-
cations, will often allow for successful fitting of transfem-
oral CAD/CAM sockets.

Some larger prosthetics delivery companies and
health-care providers have central fabrication facilities
that use CAD/CAM technology for prosthetic socket fab-
rication. Practitioners at smaller offices will take an im-
pression of the patient’s residual limb, digitize the
negative model, and send the numerical data via modem
to the central fabrication facility. The socket is rectified
using CAD software, fabricated by CAM, and is shipped to
the field office within a few days. Central fabrication CAD/
CAM facilities are also attractive for use in developing
countries with relatively few prosthetists, because it en-
ables the delivery of a large number of high-quality limbs
to areas of great need with relatively low cost (34).
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Some of the newest CAD/CAM technologies fabricate a
prosthetic socket directly from the rectification software
via computer control (35). These systems promise addi-
tional savings of time and effort by eliminating the con-
struction of a positive model of the residual limb. These
CAM systems may also enable the fabrication of sockets
with different desired mechanical properties in different
regions of the socket, depending on the design and fitting
requirements.

4.6. Direct Skeletal Attachment of Prosthetic Limbs

One of the most radical new prosthetic developments is
direct skeletal attachment of limb prostheses through
osseointegrated implants (17). Osseointegration incorpo-
rates nonvital titanium components into living bone for
the purpose of providing an attachment mechanism for
prostheses (36). Originally developed in the field of oral
surgery for dental and oral reconstruction of patients who
had lost teeth, osseointegration is now being used for the
attachment of maxillofacial and limb prostheses. This
method of suspension is appealing for limb prostheses be-
cause it eliminates the need for a prosthetic socket. The
prosthesis can be attached to the percutaneous titanium
fixture, which transfers load from the prosthesis directly
to skeletal bone. Many of the issues related to prosthetic
socket wear are completely eliminated with this imple-
mentation. However, new problems are introduced that
must be addressed, such as the long-term risk of infection
that results from the passage of the fixture across the skin
barrier and the response of biological tissues to the ab-
normal stresses that are induced at the point of attach-
ment.

4.7. Prosthetic Feet

A prosthetic foot is generally intended to replace the an-
atomical foot and ankle joint during standing and walk-
ing. The ideal prosthetic foot should imitate perfectly the
human foot in form and function, but this is not possible
with current technology (37). The normal anatomical foot
and ankle use many joints for walking, principally the
talocrural joint, allowing for plantarflexion and dorsiflex-
ion of the ankle, and the subtalar joint, which allows in-
version and eversion of the foot. The desired functions of
the prosthetic foot are joint simulation, shock absorption,
stable weight bearing, muscle simulation, and cosmesis
(19). Compliance in the foot and ankle contributes to shock
absorption, which is required to absorb the impact of heel
contact and weight acceptance without transmitting ex-
cessive forces to the residual limb. Able-bodied walking is
characterized by muscle contractions about the ankle that
provide for variable stiffness in accordance with changing
demands over the stance phase, while enabling the heel,
ankle, and forefoot rockers to be effectively used (38). An-
kle compliance is especially beneficial for enabling the foot
to easily accommodate to changes in surface orientation
when walking on uneven terrain. Stable weight bearing is
required for stability of standing and the stance phase of
walking. The plantarflexor muscles are believed to provide
some degree of push-off during late stance phase to add
energy to the body and facilitate forward progression, and

they facilitate the progression of the center of pressure
under the foot throughout stance phase in order to mod-
ulate roll-over shape (39). Finally, although prosthetic feet
are usually designed to provide improved function, good
cosmesis is an issue of important concern for a number of
users.

Four primary types of prosthetic feet exist: the Solid
Ankle Cushioned Heel (SACH) foot, the single-axis foot,
the multi-axis foot, and the dynamic response foot (19).
Selection of a particular prosthetic foot should reflect con-
sideration of the patient’s physical and psychological at-
tributes and financial resources or insurance coverage
(40). The preferences and skills of the patient’s prosthe-
tist must also be taken into account, which will ultimately
affect the fabrication, alignment, and subsequent adjust-
ment of the prosthesis.

The SACH foot (Fig. 5) has been the traditional foot of
choice for children and elderly adults. It is often used in
postoperative and intermediate prostheses. The SACH
foot is considered to be a good foot for household am-
bulators and persons with poor balance, or in situations
where funding is of concern, but it may not be a good
choice for individuals who desire to be active. The foot is
designed with a solid wood, plastic, or aluminum internal
keel that extends from the ankle to the toe break, and it is
covered with a molded external foam covering. The SACH
foot is nonarticulated, but the compression of the cush-
ioned heel wedge—available in different densities—simu-
lates ankle joint plantarflexion. Forefoot dorsiflexion is
simulated by flexible belting that is embedded in the foot
distal to the internal keel. The SACH foot is the most fre-
quently recommended prosthetic foot because it is light-
weight, durable, low-cost, and has relatively good
cosmesis.

The single-axis foot (Fig. 6) is an articulating design
that provides ankle plantarflexion and dorsiflexion by ro-
tation about a joint axis at the position of the anatomical
ankle joint. Rotation about the ankle serves to provide
shock absorption at heel contact and increases stance sta-
bility. Additionally, plantarflexion/dorsiflexion may facili-
tate ambulation up and down slopes, and plantarflexion

Figure 5. SACH feet.
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increases stability at the knee during initial contact and
during the single support phase of gait by enabling the
foot to achieve foot flat earlier in stance phase. The resis-
tance of plantarflexion/dorsiflexion motion can be varied
with adjustable bumpers. As a result of the moving com-
ponents, the single-axis foot tends to require higher main-
tenance and has increased weight.

The multi-axis foot (Fig. 7) provides more ankle motion
in all planes than any other type of prosthetic foot. This
increased motion is especially good for stabilizing and ac-
commodating gait on uneven terrains, although some us-
ers may initially find this motion disconcerting, especially
if they are transitioning from a SACH or single-axis foot.
The joint simulation is provided by various bumpers,
which are adjustable depending on the needs of the indi-
vidual user. The bumpers also provide for increased shock
absorption at initial contact and during the loading re-
sponse phase of gait, and may serve to reduce torque and
shear forces on the residual limb. Disadvantages include
heavier weight, increased maintenance, decreased cosme-
sis, and less stability during standing.

Dynamic-response feet are designed for active individ-
uals (Fig. 8). These feet have a flexible keel with spring-
like properties, enabling them to store energy during the
stance phase of walking as the keel is loaded, and recoil as
the feet are unloaded to return the stored energy. This
behavior increases the range of simulated ankle motion

(41–43), reduces shock, and serves to store and return
more energy during stance phase (44–46) compared with a
SACH foot. They also appear to decrease impact loading to
the sound leg (47), and may reduce the energy required to
walk (46). Their construction typically consists of graphite
composite, Delrin, Kevlar, polyurethane elastomer, or flex-
ible rubber. Dynamic-response feet create a more fluid
motion during the stance phase of walking, thereby pro-
ducing an aesthetically pleasing gait. Furthermore, dy-
namic-response feet are the preferred type of foot for
active amputees who want a foot that not only has good
walking characteristics, but enables them to run and par-
ticipate in sporting activities (48). Disadvantages of dy-
namic-response feet include higher cost and decreased
stability during standing.

The alignment of the prosthetic foot is set by the pros-
thetist at the time they fit and deliver the prosthesis to
their patient. Prosthetic alignment is affected by the
height of a shoe’s heel, so prosthetic users need to wear
shoes with similar heel heights if they are to walk with
their prosthesis properly. Recently, new prosthetic feet
have become commercially available that allow the user to
easily change the plantarflexion/dorsiflexion angle of the
foot to accommodate shoes with different heel heights.
These feet are especially popular with female amputees,
who are able change from flats to high-heels relatively
quickly.

4.8. Prosthetic Knee Units

A number of different types of prosthetic knee units are
currently on the market, but their functions are funda-
mentally similar: At a minimum, prosthetic knee units
must provide stability during stance phase to ensure that
the user is safely supported on their prosthesis, and they
must flex during swing phase to shorten the prosthesis
and allow the user to advance the limb from behind to in
front of the body. However, different prosthetic knee de-
signs offer different features above and beyond these min-
imum requirements, and selection of a particular knee
joint depends on an individual’s functional needs and abil-
ities. Michael (49) suggested that the ideal prosthetic knee

Figure 8. Dynamic-response feet.

Figure 6. Cut-away of a single-axis foot.

Figure 7. Multi-axis feet.
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unit should mimic the anatomical knee joint’s function
during gait, and thus should:

* Be just stable enough to accept weight in early stance
phase;

* Absorb shock and allow smooth forward progression
of the body via controlled knee flexion during the
loading response phase;

* Support the body on a bent knee during midstance;
* Begin flexion during single-limb weight bearing late

in terminal stance phase; and
* Respond instantly in the swing phase to a faster pace

and to variable cadences, continuing the smooth, en-
ergy-efficient forward progression of the body.

Prosthetic knees are classified according to their de-
signs and the features they provide (1,14,49–52). Some
prosthetic knee units offer ‘‘swing phase control,’’ which
simulates the normal action of the anatomical knee’s flex-
ors and extensors during able-bodied gait. This feature
enables prosthetic users to walk with a variable cadence,
and with a greater range of walking speeds (53). Swing
phase control is provided by a fluid-filled cylinder that
changes resistance in proportion to the velocity of knee
flexion/extension, which enables the knee unit to auto-
matically adjust during swing phase so there is greater
resistance to knee motion at faster speeds and less resis-
tance at slower speeds, producing a smoother gait with
near normal gait parameters. Furthermore, swing phase
control may encourage a more normal pattern of hip mo-
tion because the user will be less inclined to compensate
for prosthetic knee deficiencies that might occur with
changing walking speeds. Pneumatic devices have been
found to be best suited to low- to moderatively active in-
dividuals, whereas hydraulic mechanisms are suitable for
a broad range of activity levels. Disadvantages of swing
phase control mechanisms include increased weight,
higher cost, and greater maintenance.

Prosthetic knee units with ‘‘stance control’’ use mech-
anisms that increase resistance to knee motion during
weight bearing (49). They provide additional safety and
stability during stance phase, particularly if the user loads
a partially flexed knee while they are walking. Stance
control mechanisms are frequently used in persons un-
dergoing initial gait training, in individuals who have lim-
ited control over their knee joint during stance phase
because of weakened hip musculature, and in limited am-
bulators who are unable to initiate or control prosthetic
swing phase. A significant drawback to some stance con-
trol knees is that they must be completely unloaded before
knee flexion can occur, which can make it difficult for the
user with a unilateral amputation to sit down unless body
weight is completely shifted to the sound leg. As a result,
stance control mechanisms may be impractical for some
bilateral transfemoral amputees, although a single unit
could feasibly be used on only one side. Users of stance
control devices may also find it difficult to initiate swing
phase on the prosthesis while it is partially loaded, which
may encourage them to use compensatory strategies and
thus increase the energy that must be expended to walk.

Another disadvantage of these knees is that they require
periodic maintenance of the brake or resistance mecha-
nism.

The ultimate in stance stability is achieved with a
manual-locking knee joint. The knee is unlocked for sit-
ting when the user pulls on a lever or cable. The manual-
locking knee is considered a last resort by prosthetists,
and they are fitted only if it is felt that the patient would
be at great risk of falling with an articulating knee joint.
The manual-locking knee joint is locked in a fully ex-
tended position during walking, forcing the user to have a
pronounced limp or lurch. An individual walking with a
manual-locking knee joint will be required to use compen-
satory actions such as hip hiking, circumduction, or vault-
ing in order to achieve sufficient foot clearance during
prosthetic swing phase, which reduces gait aesthetics and
increases energy expenditure (49). Manual-locking knee
joints are typically prescribed for minimal ambulators,
and can be useful for standing and transfers. These de-
vices are intended for persons who simply cannot walk
with any other type of knee joint because of poor control or
very weak hip musculature.

Single-axis knees—sometimes called ‘‘constant fric-
tion’’ knees—are the most basic of prosthetic knee designs
(Fig. 9). They are simple hinge mechanisms that allow for
free knee flexion, with a friction adjustment that is set by
the prosthetist according to the swing phase requirements
of the patient. The lack of swing-phase control permits
only a single fixed cadence, and the lack of stance control
requires that the user rely on their own muscle power to
some degree in order to stabilize the device during stand-
ing and walking. The primary advantages of single-axis
knees include low cost, lightweight, reliability, and rela-
tive durability because of their simplicity. Single-axis
knees are prescribed for children, who tend to be very en-
ergetic and outgrow their prostheses quickly, and for in-
dividuals who tend to walk at the same speed all of the
time. As a result of their simplicity and reliability, single-
axis knees are also a good choice for persons who do not
live close to a prosthetic facility and cannot come in reg-
ularly for maintenance of their prosthesis.

Polycentric knee units (Fig. 10) are characterized by
multiple axes of rotation that produce complex knee mo-

Figure 9. Single-axis knees.
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tion, having an instantaneous center of rotation that is
dictated by the knee flexion angle. Four-bar linkage knees
are the most common type of polycentric knees (49), but
designs that incorporate five, six, and even seven linkages
also exist. The knee units can be designed to produce a
desired path of the center of rotation, or ‘‘centrode,’’ which
affects stance phase stability and ease of swing flexion.
These knee units offer several distinct advantages over
single-axis knees. Stability in polycentric knee units is in-
herent to the design, and some units can support body
weight even while partially flexed. They can offer both ex-
cellent stance stability and ease of swing phase knee flex-
ion. Polycentric knee units exist that are designed to offer
improved cosmesis by enabling the instant center of rota-
tion to be placed near to the knee joint’s anatomical posi-
tion, a feature that is especially beneficial for individuals
with relatively long residual limbs that do not permit a
knee unit to be physically placed at the level of the knee’s
anatomical axis of rotation (54). Polycentric knee units
have also been shown to offer increased foot clearance
during swing phase compared with a single-axis knee
(54,55), which may decrease the likelihood of the user
stubbing their toes and tripping during prosthetic swing.
Four-bar linkage knees may also allow for a closer leg-
length equality in unilateral transfemoral amputees (55).
The length of the transfemoral prosthesis is often fabri-
cated to be slightly shorter than the length of the sound
leg to aid clearance during swing phase, but because of the
greater floor clearance afforded by four-bar knees, the
prosthetic length can be made closer to the full length.
Furthermore, the additional foot clearance provided by
polycentric knees may offer particular advantages for per-
sons with bilateral amputations, enabling them to reduce
or eliminate compensatory actions for swing phase toe
clearance. Disadvantages of polycentric knees include
their increased weight, higher cost, and greater need for
maintenance compared with single-axis knees.

The newest development in prosthetic knee designs are
microprocessor-controlled devices (50). These units do not
use motors to power knee rotation, but they adjust dam-
ping in the knee to improve swing or stance phase control
as appropriate for the user as they walk. Transducers in

the knee units, such as strain gauges and goniometers,
monitor loading and the state of the knee, and the micro-
processor adjusts the knee’s performance accordingly dur-
ing gait through feedback to operate mechanical and
hydraulic systems. Some microprocessor knee units are
able to compensate and adapt to the demands of walking
on stairs, slopes, and irregular terrain (55–59). Walking
speeds have been shown to increase with some micropro-
cessor-controlled knees (60), and energy consumption may
be reduced (57,58). An apparent psychological advantage
develops in some users who become accustomed to walk-
ing with these knees. Many users exhibit greater confi-
dence during walking because of the consistency of the
microprocessor-control, and preliminary evidence exists
that indicates the cognitive demand is reduced so the
wearer is able to walk naturally without having to think
about using the prosthesis (59). Some of the newer micro-
processor-controlled knees currently on the market use
adaptive control to automatically adjust to a user’s gait
over time, so less setup and fine-tuning of the device is
required by the prosthetist. Emphasis, too, is being placed
on developing knees that are less costly, less complex, and
more dependable than earlier microprocessor-controlled
designs. The primary disadvantage of these devices at
present is their cost to the user or insurance provider. To
date, the benefits of these knees have not been clearly and
objectively demonstrated through well-controlled research
studies that document the outcomes of persons who use
them. Some clinicians and consumers may be under the
impression that the most expensive prosthetic component
provides the maximum benefit, but this is not necessarily
true. Some very simple and relatively low-cost compo-
nents exist that provide significant functional restoration.

4.9. Shock-Absorbing Components

Walking requires that load be transferred relatively
quickly from the trailing to the leading leg, which neces-
sitates a reduction in impact forces that may occur in the
leading leg. At heel contact and during the loading re-
sponse phase of able-bodied walking, shock absorption is
provided by soft tissues such as the heel pad and cartilage

Figure 10. Polycentric knees. The two knees on
the right are designed to provide stance-phase
knee flexion.
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between joints, and by actions such as stance-phase knee
flexion, pelvic obliquity, and ankle plantarflexion. Pros-
thetic legs tend to be relatively stiff, providing little or no
shock absorption to the user unless the prosthetist pro-
vides components designed for that particular purpose.
There are some single- and multi-axis prosthetic feet that
provide shock absorption through the ankle plantarflexion
action that occurs during early stance phase. However,
shock absorption is not the primary motivation behind the
design of these feet. Two types of components exist that
are specifically intended to provide shock absorption:
shock-absorbing pylons and stance-phase flexion knee
units.

Shock-absorbing pylons (Fig. 11) are a general class of
components that are fitted into the shank section of pros-
theses and shorten telescopically with applied load,
thereby decreasing limb stiffness (61). These units have
a discrete stiffness setting that is adjusted by the prosthe-
tist according to the weight and activity level of the am-
putee. Subjective feedback from users generally indicate
that they perceive a reduction of shock forces in their re-
sidual limbs, especially at faster walking speeds, when
stepping down stairs or from a curb, and when jogging
(61,62). Furthermore, they may reduce the energy cost of
walking and increase gait efficiency (63,64). One potential
problem of the shock-absorbing pylon design is that the
duration of telescopic shortening extends beyond the load-
ing response phase when shock absorption is required,
which may produce a dynamic leg length discrepancy in
the prosthesis during stance phase that could cause prob-
lems with swing leg toe clearance in the contralateral
limb. When fitting these devices, the prosthetist must an-
ticipate the shortening that will likely occur in the pros-
thesis during stance phase and make the prosthesis
slightly longer than they normally would. Making the

prosthesis too long, however, will cause foot clearance
problems in the prosthesis during swing phase. Shock-ab-
sorbing pylons have been shown to provide the most ben-
efit for dynamic ambulators who routinely walk at speeds
comparable with those of able-bodied ambulators (61).

Stance-phase knee flexion units (Fig. 10) permit con-
trolled flexion during early stance phase when shock ab-
sorption is required (65,66). These knee units are an
attractive option for transfemoral amputees because
they replicate an anatomical mechanism for shock absorp-
tion that occurs in able-bodied gait. The stance-phase knee
flexion is generally limited to about 15 degrees and occurs
against a rubber bumper, which serves to absorb energy
and reduce the impact forces associated with load transfer
while providing a positive flexion stop. After flexing in
early stance phase, the knees fully extend by the middle of
stance phase, restoring the prosthesis to standing length.
These knee units are multi-linkage designs that have sep-
arate mechanisms that provide for swing phase and
stance phase knee flexion. Stability in stance phase is as-
sured by their inherent designs, so users do not need to be
concerned about the knee collapsing under them as they
load it. Unfortunately, some users find the stance flexion
feature to be disconcerting, and many adopt walking pat-
terns that prevent the stance phase flexion from occur-
ring, thus eliminating any potential shock-absorption
benefits. Stance flexion knees should probably be pre-
scribed early in an amputee’s rehabilitation before they
become accustomed to walking with other types of knee
units. Experienced prosthetic users who are fitted with
one of these devices may have to undergo extensive gait
retraining to learn how to use the knee unit properly.
Stance-phase knee flexion units are best used for moder-
ate to very active users.

5. UPPER-LIMB PROSTHESES

A prosthesis is frequently not required for independence
by someone with unilateral upper-limb loss, providing the
contralateral limb is healthy and can adequately compen-
sate for the disability. Using the residual limb without a
prosthesis offers the advantage of providing the amputee
with tactile feedback transmitted by the residual sensory
receptors in the skin. Persons with limb loss from birth
will often learn to adapt and function well without pros-
theses. However, persons who sustain an amputation later
in life will usually choose to be fitted with a prosthesis.

An upper-extremity prosthesis may consist of passive
components, fitted purely for aesthetic reasons, or it may
consist of moveable components that must be controlled by
the user for the purpose of restoring lost function. Pros-
theses consisting of passive components have higher reli-
ability because of fewer moving parts. They tend to be
more popular for sports, and a number of specialized ter-
minal devices are available to facilitate participation
(48,67).

Unlike lower-extremity prostheses, mechanisms for
powering and controlling upper-limb prostheses are of
foremost concern. Upper-limb prostheses are either me-
chanical or electromechanical systems, and therefore will

Figure 11. Shock-absorbing pylons.
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require either body-powered or electric-powered control,
respectively. Prosthetic control may also rely on a combi-
nation of body and electric power, and are known as ‘‘hy-
brid’’ systems. In prosthetics, control concerns how to
create inputs that will cause an artificial limb to behave
in a desired way (68). Control signals are usually of bio-
mechanical or bioelectric origin. With arm prostheses, the
primary feedback method is visual feedback of output po-
sition to the prosthesis user. Nearly all upper-limb com-
ponents require some sort of control scheme for their use,
unless they are passive devices.

For persons with unilateral limb loss, the prosthesis
will be considered an assistive device to the sound limb,
which assumes the dominant role. In this case, the pros-
thesis is important for gross prehension, to hold and sta-
bilize objects while the sound limb performs the fine motor
prehension activities (69). Transradial prostheses gener-
ally consist of a socket that fits onto the residual limb, an
extension that forms the forearm, and a terminal device
(Fig. 12).

Transhumeral prostheses have an additional extension
forming the humeral segment and some type of elbow
component (Fig. 13). Prostheses for shoulder disarticula-
tion and higher levels of amputation may also include a
prosthetic shoulder joint. In persons with higher levels of
amputation, such as a shoulder disarticulation, consider-
ation should be given to a lightweight, passive device that
provides cosmesis by restoring normal body symmetry. On
the other hand, individuals with bilateral arm amputa-
tions, particularly at higher levels, often desire to attain
maximum function with their prostheses, even if aesthet-
ics must be reduced.

5.1. Body-Powered Control and Harnessing

The term ‘‘body-powered’’ acknowledges that the force re-
quired to operate the prosthetic components comes from
mechanical transmission of force generated by muscles
remote from the amputation site (70). Body power for
prosthetic operation is appealing because it has the inher-
ent advantages of being simple, reliable, and intuitive for
the user, and it enables faster operation than current ex-
ternally powered devices (1). Generally, body-powered
components are lighter and less complicated than exter-
nally powered alternatives, making them less expensive
and more durable (70). For these reasons, many rehabil-
itation professionals prefer to fit body-powered compo-
nents whenever feasible.

Figure 12. Transradial prosthesis on user. The Figure 8 harness
across the back provides suspension of the prosthesis and enables
body-powered control of the terminal device.

Figure 13. Transhumeral prosthesis on user.
Note the two control cables anterior and posterior
to the prosthetic socket, one providing elbow posi-
tioning and the other controlling the terminal de-
vice.
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The functions of control and suspension are closely in-
terrelated in body-powered upper-limb prosthetic applica-
tions (71). The prosthesis is suspended on the residual
limb by the intimacy of socket fit and by a ‘‘harness,’’
which is a system of Dacron straps (Fig. 12). In the well-
designed harness, the straps also enable the user to con-
trol the prosthetic components through body movement.
Body power is applied through the harnessing of available
motions to produce desired prosthetic control or function
(1). Bowden cable control systems harness the motions
and forces generated by gross body movement to actuate
and control, typically, a mechanical hook or hand (i.e., ter-
minal device) (69).

In body-powered, cable-driven artificial limbs, force
and excursion underlie the use of functional body power.
Force exerted through the cable by muscles produce func-
tioning of the prosthetic components. Excursion is impor-
tant because the distance the cable is pulled will
determine the magnitude of the resulting motions at the
prosthetic elbow or terminal device. Whether transhumer-
al or transradial, glenohumeral (shoulder) flexion is gen-
erally considered to be the best overall movement to
produce adequate excursion and force. Another source of
body power is shoulder elevation/depression, which is
used primarily for locking and unlocking elbow joints in
high-level amputees. Scapular abduction (retraction) and
protraction also produce good excursion with which to op-
erate a terminal device or flex the elbow of a prosthesis.

The transradial prosthetic control system (Fig. 12) is a
one-cable or ‘‘single-control’’ system. Proximally, a stain-
less-steel cable attaches to the harness, and, distally, it
attaches to the terminal device. The cable is enclosed in a
housing, which serves to reduce friction, prevent interfer-
ence between the cable and clothing, and maintain a con-
stant length of the control cable. The most common
harness for the transradial amputee is a figure 8 harness,
named because the webbing is arranged to form a hori-
zontally oriented figure of 8 (71). On the side opposite the
prosthesis, the axilla loop wraps superiorly and anteriorly
over the shoulders, passes inferiorly and posteriorly along
the axilla, and intersects posteriorly on the patient at the
midpoint between the scapulae of the shoulders (1). On
the side of the body with limb loss, the anterior support
strap fastens directly to the prosthesis and provides pri-
mary suspension of the prosthesis. The posterior strap on
the prosthetic side—the control attachment strap—origi-
nates at the axilla loop and terminates at the proximal end
of the prosthetic control cable that is used to control the
terminal device. The control attachment strap permits the
use of scapular and shoulder flexion on the amputated side
for operation of the terminal device. The posterior junction
of the axilla loop with the anterior support and control
attachment straps—the point of intersection in the har-
ness—may be sewn together, or connected with a stain-
less-steel ring, referred to as a ‘‘Northwestern ring.’’ The
harness should be tight enough to activate the terminal
device, yet loose enough to be comfortable and allow the
amputee freedom of movement of both arms and both
shoulders. The primary motor source for the transradial
figure 8 harness is glenohumeral flexion. An increase in
the angle of glenohumeral flexion pulls on the control ca-

ble to open the terminal device, and rubberbands close the
terminal device as the amputee extends the shoulder and
relaxes tension on the cable.

Transhumeral prostheses (Fig. 13) are usually operated
with two independent control cables (71). One cable serves
to both flex the elbow joint and operate the terminal de-
vice, whereas the second cable permits the user to lock and
unlock the prosthetic elbow joint. The typical harness for
the transhumeral prosthesis is similar to the transradial
figure 8 harness, but with the addition of an anterior sus-
pensory strap and an elbow lock cable strap attached to it.
Standard transhumeral harnessing requires biscapular
abduction and glenohumeral flexion/extension for control
of the prosthesis. Biscapular abduction opens and closes
the terminal device whenever the elbow is locked, and
flexes and extends the elbow when it is unlocked. In some
cases, glenohumeral flexion may be used instead of biscap-
ular abduction for controlling the terminal device. Gleno-
humeral extension is used to lock and unlock the elbow,
which operates using a type of mechanical toggle switch.
This control system is called ‘‘dual control,’’ because two
cables are required to operate the elbow and terminal de-
vice. As a result of the increased excursion required to
operate a transhumeral prosthesis, attention to the details
of fitting the transhumeral harness is greater than that of
the transradial harness. Precision in the location of the
harness and control system components is essential for
achieving satisfactory comfort and function.

5.2. Externally-Powered Prostheses and Control

‘‘External power’’ refers to prosthetic components that are
operated with a power source that is external to the body.
These systems involve designs that typically incorporate
battery-powered electronic devices, although historically
pneumatic and hydraulic systems have also been used.
Modern electronic prostheses will generally incorporate
rechargeable nickel-cadmium or lithium-ion batteries that
must be charged each night.

An externally-powered prosthesis is often the only al-
ternative available when limitations in an individual’s
strength or excursion make body power impractical. Per-
sons with very high-level amputations often lack sufficient
excursion to operate any body-powered components, so the
only other functional option is an externally-powered
prosthesis. A fully electric arm requires far less physical
effort to operate than a body-powered prosthesis, but it
may require more conscious control and be significantly
heavier to wear.

Most externally-powered prostheses are fitted on per-
sons having transradial or wrist disarticulation amputa-
tions. Externally-powered prostheses typically require
less harnessing than body-powered prostheses. When
used with a self-suspending socket, the transradial pros-
thesis requires no harnessing, which increases comfort for
the user and enables the prosthesis to be used in body
configurations that are not possible with harness-actuated
devices.

Electrically-powered prostheses are controlled by two
primary means. The preferred method, called ‘‘myoelectric
control,’’ uses the existing neuromuscular system in the
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residual limb for actuation and control of electromechan-
ical components (Fig. 14) (69). Special surface electrodes
mounted in the prosthetic socket record the surface EMG
signals from antagonistic muscle groups (68). Circuitry
within the prosthesis processes the EMG signal to provide
digital or proportional control of electrical components.
Basic operation of myoelectric-controlled systems is as fol-
lows: a small, electrical potential from a muscle—the
electromyogram (EMG)—is directed to a controller that
drives an actuator whose output is monitored by the hu-
man operator (72).

Most externally-powered transradial prostheses are
single-degree-of-freedom systems that use EMG signals
from the wrist extensor group to open the terminal device,
whereas signals from the wrist flexors will cause it to
close. This type of synergistic control is appealing because
it creates a natural, intuitive means of control for the user.
Muscles that are used to control the prosthetic component
are similar in action to those that would be used to move
the anatomical counterpart the component is designed to
replace. A myoelectric prosthesis requires no cables for
control, and for most transradial amputees should not re-
quire any straps or harnesses for suspension. Further-
more, minimal physical effort is required for their
operation, and they rarely need adjustment (73). Some of
the functional limitations of myoelectric systems include
the lack of feedback provided to the user about the joint
being controlled, and the user is often unable to simulta-
neously control two or more prosthetic functions. Com-
pared with body-powered prostheses, myoelectric
prostheses are heavier and generally require more main-
tenance because of their increased complexity (72).

The second method for controlling externally-powered
prostheses is switch control. These systems use some type
of electromechanical switch to operate the electrical pros-
thetic component. Most require only very small move-
ments or forces by the user, and are generally
incorporated into a harness or are pushed or pulled di-

rectly by a bony prominence. Switch control is less intu-
itive than agonist-antagonist myoelectric control, but is
often the only practical alternative for higher-level ampu-
tees. This type of control is typically indicated when lim-
ited body motion and forces are available, making Bowden
cable control impractical, and EMG potentials or electrode
sites are inadequate or inappropriate for control of a com-
ponent (69).

Electronic upper-limb prostheses were originally de-
signed as switch-based systems, with an on-and-off control
scheme to actuate electronic terminal devices, wrist rota-
tors, and elbows (74). Second-generation systems allowed
for greater flexibility and adjustability by the prosthetist,
incorporating input signal threshold manipulation, EMG
signal amplification, and proportional control. The latest
generation of electronic prostheses use programmable mi-
croprocessors. The implementation of microprocessor-
based electronics for upper-limb prostheses is consider-
ably different than the microprocessor-based components
in lower-limb prostheses, which are primarily intended to
provide variable impedance in response to the demands of
walking. In upper-limb prostheses, the microprocessors
are used to enhance control of the prosthesis through sig-
nal processing and fine-tuning by the prosthetist. Specif-
ically, they allow for an infinite range of adjustment of
myoelectric characteristics for control, more complex fil-
tering of the EMG signal, real-time signal analysis, and
ease in changing control thresholds and sensitivity of the
prosthesis as the user’s abilities change over time. One of
the principal advantages of microprocessor-based hands is
that they provide multiple control options in a single elec-
tronics package, allowing the method of control and input
characteristics of a unit to be modified to best accommo-
date the user’s abilities through the various stages of
prosthetic management.

5.3. Sockets

Unlike lower-limb prosthetic sockets, upper-limb sockets
do not provide weight bearing, so different considerations
for fabrication and fitting exist. Sockets play a crucial role
in the positioning and control of the prosthesis in the up-
per limb, so it must enable all possible remaining motion
of the residual limb to be efficiently used. Ultimately, the
socket is a major determinant of functional effectiveness
and an indispensable component required for positioning
and control of the prosthesis and its moveable components
(75). The socket should provide an intimate, total contact
fit to the residual limb to resist rotation and enable the
user to control the prosthesis effectively, and it should dis-
tribute forces associated with prosthetic usage (1). Addi-
tionally, the total contact design discourages swelling of
the residual limb and facilitates proprioception with the
prosthesis. When taking the impression, the prosthetist
must pay careful attention to provide adequate pressure
relief for bony prominences. For persons with transhumer-
al and transradial limb loss, a hollow prosthetic extension
is used to fill the void distal to the socket and restore the
limb segment length so it will be comparable with the
sound side. Transradial sockets are sometimes suspended
with a harness, although some socket designs exist (e.g.,

Figure 14. Myoelectric transradial prosthesis. The electrode em-
bedded within the socket detects surface EMG activity.
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the Münster socket) that allow for self-suspension over
bony prominences in persons with transradial limb loss.

5.4. Terminal Devices

The terminal device is a prosthetic component that is in-
tended to replace lost hand function, and it is often con-
sidered to be the most important component in the
functional upper-limb prosthesis (69). It is positioned at
the distal end of an upper-extremity prosthesis and is
generally used for grasping or prehension, although pas-
sive devices are sometimes used for cosmesis. The termi-
nal device of choice is usually either a split hook or a hand,
but specialized components are available that have been
designed for particular applications, such as sporting ac-
tivities. Terminal devices are designed to be interchange-
able and typically have had a screw connector on their
proximal end that enables the user to change them out as
necessary or as desirable. Modern systems use quick-dis-
connect coupling systems that enable users to change ter-
minal devices with the push of a button.

Body-powered terminal devices are functionally classi-
fied as being either ‘‘voluntary-opening’’ or ‘‘voluntary-
closing.’’ In a voluntary-opening device, biscapular abduc-
tion or glenohumeral flexion opens the terminal device
and rubber bands close it as the abduction or flexion is
reduced. Voluntary-opening terminal devices are often
preferred because, once an object is grasped, the user
can relax tension on the cable and the prehensor main-
tains its grip, provided the magnitude of the pinch force
developed by the rubber bands or springs is great enough.
Voluntary-closing prehensors are less prevalent even
though their operation is considered to be more natural
by many users. Voluntary muscular contraction closes the
prehensor, and opens it when muscle force on the cable is
relaxed. Therefore, prehensor pinch force is directly re-
lated to the force of muscle contraction. As a result of the
force feedback they provide, they are often used in sports
prostheses. The primary disadvantage of this method of
control is fatigue. The user must maintain tension on the
control cable in order to hold an object in the terminal de-
vice, which may be tiring if the object is held for extended
periods of time.

Split hooks (Fig. 15) tend to be more functional than
prosthetic hands, but are less cosmetic (70). The hooks
have a sleek profile and tend to cause less visual obstruc-
tion than a hand when picking up objects. They allow for

finer prehension ability and more gripping patterns than
the typical hand. Prehension patterns with split hook de-
signs include tip, lateral, hook, and cylindrical. Hooks
have an operating lever, or ‘‘thumb,’’ that serves as the
distal site of cable-attachment. Cable tension on the
thumb moves one of the ‘‘fingers’’ relative to the other sta-
tionary finger, opening the device to allow an object to be
grasped. Hooks are available in stainless steel or alumi-
num alloy. The stainless-steel hooks weigh more and are
usually reserved for the heavy-duty user. Weight is an
important consideration when selecting the terminal de-
vice for an upper-limb prosthesis, especially because of its
distal proximity. Residual limb length is a related factor
that must be simultaneously considered when selecting a
terminal device. Externally-powered split hooks are also
available and are very functional.

Many users express desire to be fitted with prosthetic
hands (Fig. 16) because they are concerned about appear-
ance. Almost all hands have a three-jaw chuck or palmer
prehension grip pattern that uses the thumb and first two
fingers. Prosthetic hands, being physically larger, bulkier,
and heavier than hooks, often block or obscure the sight of
the user because of the contours of the hand and fingers,
which can make it difficult for grasping and manipulating
objects. Hands are less efficient than hooks, as they tend to
suffer from frictional losses because of the plastic shell and
cosmetic glove that covers the mechanisms within the

Figure 15. Split hook terminal devices.

Figure 16. Prosthetic hand.
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hand (70). A cosmetic glove is applied over the inner hand
shell of a passive hand and can be replaced when it dete-
riorates from use. A user can decide to exchange the hook
and hand depending on a particular social situation.

Electric hands are the most popular externally-pow-
ered components because they are cosmetically appealing
and they offer a powerful grip with minimal effort required
by the user (76). Unlike body-powered hands, electric
hands can be quite functional because the efficiency of
the motor can overcome frictional losses without extra ef-
fort by the user, resulting in a very secure grip. Powered
hands have motors that drive the thumb or index and
middle fingers. The prehension force of electric hands is
equal to or greater than that of the average adult ana-
tomical hand, and nearly double that of a body-powered
mechanical hand or split hook (69). Nearly all electric pre-
hensors include some mechanism for maintaining the ap-
plied pinch force in the absence of a control signal and
without additional power to the motor, similar to the func-
tion of a vice. This mechanism also prevents the fingers
from being pried open by external forces while an object is
being grasped. Electrically-powered prosthetic hands that
are proportionally controlled, using EMG potentials from
antagonist muscle groups within the residual limb, are the
most acceptable and functional upper-limb prosthetic de-
signs for individuals with complete hand deficiencies (69).
Nonetheless, in spite of the advances that have been
made, electric hands still suffer from a multitude of short-
comings compared with the anatomical hand, underscor-
ing the technological limitations of the designs and the
deficiencies in our understanding of the human hand, es-
pecially with regard to control (77).

5.5. Wrist Units

Prosthetic wrist units are designed to serve two basic
functions: to attach a terminal device to the forearm of the
prosthesis and to permit the user to preposition the ter-
minal device prior to operation (70). Wrist flexion, partic-
ularly useful for activities at the body’s midline, is
typically more easily performed with the remaining
hand than with the prosthesis. Therefore, prosthetic wrist
flexion is seldom necessary for the unilateral amputee,
unless the remaining limb has proximal joint involvement
that restricts motion. The bilateral amputee, on the other
hand, is sometimes prescribed a prosthetic wrist flexion
device for his dominant side.

The ability to pronate and supinate the forearm is com-
pletely lost in transhumeral amputees, but transradial
amputees with more distal amputations may retain some
limited capacity for pronation and supination, although
the motions will probably be considerably less than nor-
mal. Friction wrist units can enable the user with unilat-
eral amputation to substitute for pronation and
supination by manually rotating the terminal device
with the remaining normal hand. Bilateral amputees
can preposition the terminal devices by using one termi-
nal device to position the other. Rotational wrist units are
available that are cable-controlled and provide positive
locking.

5.6. Elbow Mechanisms

The presence or absence of the anatomic elbow joint sig-
nificantly impacts the prosthetic fitting and rehabilitation
potential of the patient. External elbow hinges are used to
provide stabilization and facilitate suspension and move-
ment in transradial amputees, particularly those with
higher levels of limb loss (Fig. 12). For persons with trans-
radial amputations in the distal third of the forearm, flex-
ible elbow hinges of metal, leather, or Dacron webbing are
often used to enable users to take advantage of residual
forearm pronation and supination. With amputation at
more proximal transradial levels, active pronation and
supination from the residual limb is unlikely, so rigid el-
bow hinges are typically used. Single-axis hinges are used
to provide rotational stability between the prosthetic
socket and residual forearm during active prosthetic use.

Prosthetic elbow joints are fitted to persons with trans-
humeral amputations to replace the missing anatomic
joint (Fig. 13). Loss of the anatomic elbow joint requires
a mechanical substitute that provides a range of con-
trolled flexion and extension through a range of approxi-
mately 135 degrees (70). Persons with elbow
disarticulations or very long transhumeral amputations
generally require outside-locking hinges in order to set the
proper length of the humeral section of the prosthesis and
to position the elbow joint axis at the desired level. These
units enable the user to lock the elbow as desired in dis-
crete positions of elbow flexion. Inside-locking elbow units
are used in persons with short- to mid-length transhu-
meral amputations; these units are often the main com-
ponent of body-powered transhumeral prostheses. In
addition to being able to lock the elbow in flexion, many
inside-locking units incorporate a friction-held turntable
that substitutes for internal and external humeral rota-
tion, allowing manual prepositioning of the prosthetic
forearm. An individual with a very short transhumeral
amputation or a shoulder disarticulation may require a
spring-loaded elbow flexion assist unit to be added to aid
elbow flexion when the forearm and terminal device are
lifted against gravity.

5.7. Improved Control of Upper-Limb Prosthetics

Research in upper-limb prosthetics is currently focusing
on improved systems that relegate control to the subcon-
scious level of the user, enable multifunctional control of
prostheses, provide sensory feedback from the prosthesis
to the user, and allow for improved interface of prostheses
to the human body. Much work remains to be done on im-
proved capture and processing of control signals for the
purposes of controlling more advanced prosthetic technol-
ogies.

One method of control that has yet to see widespread
use is extended physiological proprioception (EPP). EPP is
a control scheme in which a mechanical linkage between
an intact anatomical joint and the prosthesis supplies
force, position, and velocity feedback to the user (68,78).
Using EPP control, the prosthesis becomes an extension of
the body, in a similar manner as an able-bodied person
using a hammer or tennis racket. Significant improve-
ment in the function of upper-limb prostheses may be
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achieved through the use of tunnel cineplasty, in which
loops are surgically created in residual limb muscles to
externalize its force and excursion (79).

Muscle cineplasty is actually a technique that has been
around for decades, but technological advances since it
was practiced indicate that it may be a procedure worth
revisiting. Connecting a muscle to a prosthetic component
via a controller that further embodies the concept of EPP
would enable the physiological sensory feedback inherent
in the skin, muscle, and other tissues of the cineplasty to
inform the user of the state of the prosthesis. Multiple
miniature forearm tunnel cineplasties, each with an EPP
controller, might enable meaningful independent multi-
finger control of hand prostheses.

Improved myoelectric control is being explored through
surgical techniques involving neuromuscular reorganiza-
tion (80). Nerves that would normally control muscles dis-
tal to the amputation site can be surgically grafted to
intact muscles near or in the residual limb to enable ad-
vanced control schemes to be realized. Considerable re-
search effort is also being conducted to develop prosthetic
devices that are controlled by implantable sensors that
interface directly with the nervous system (81), enabling
more sophisticated independent control of prosthetic de-
vices from multiple muscle sites (82). Osseointegration,
already mentioned as a potential means of interfacing
lower-limb prostheses to the skeleton, may offer greater
promise for upper-extremity prostheses because loads
borne through the interface implant are significantly
less than those in the lower limb (36).

6. SUMMARY

Limb prostheses are intended to restore function and cos-
mesis in persons with limb loss. The complexity and func-
tionality of prosthetic components have advanced
significantly as technology has improved and knowledge
about human movement has increased, but a state-of-the-
art artificial limb is still a relatively poor substitute for an
anatomical one. Lower-limb prostheses are generally in-
tended to restore ambulation, a periodic activity in which
the primary concern for the device is for the provision of
natural, efficient movement. They typically consist of pas-
sive components, although over the past decade several
new developments in prosthetic knee mechanisms have
occurred that incorporate microprocessors in order to im-
prove swing phase characteristics and provide greater
stability during stance phase. The goals for fitting up-
per-limb prostheses are distinctly different from those for
use in the lower limb, because they are intended to be
primarily used for discrete reaching and grasping tasks.
Therefore, emphasis is placed on the means for controlling
and positioning prosthetic joints, providing power to limb
components, and on gripping capability of terminal de-
vices.

Future innovations in limb prostheses will involve a
more intimate interface of robotics technologies with the
human anatomy, demanding the development of more so-
phisticated, intuitive means for control of devices, with
greater sensory feedback to the user. Lower-limb pros-

thetic components will incorporate improved auto-adap-
tive or reflexive capabilities, enabling the limbs to monitor
the demands of walking and make appropriate adjust-
ments to joint position and impedance, thereby improving
safety to the user while minimizing cognitive burden. Fur-
ther developments in motor design and efficiency, coupled
with improved energy-storage capabilities of batteries,
will lead to lower-limb prosthetic joints that provide power
during walking, reducing the metabolic demand for a user
who already has an impaired anatomy. For upper-limb
prostheses, research efforts are aimed at the development
of devices and techniques that enhance limb and compo-
nent function, provide more sophisticated and intuitive
methods of control with finer precision, and enable secure
and stable methods for interfacing limbs to the body, all
with the ultimate purpose of enabling greater indepen-
dence for the user. The ability to provide fine physiological
control of independent finger positioning, combined with
feedback of tactile, temperature, and pressure information
on the prosthesis, will enable users to achieve a higher
degree of prosthetic hand function that will be more life-
like in appearance and natural in use. Although the field
of prosthetics has been around for centuries, the science is
relatively new and just beginning to blossom. The future
provides much opportunity for technological advance-
ment, potentially yielding significant benefit to persons
with limb amputation.
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1. INTRODUCTION

Genomics is driving the effort to predict protein structure.
The ability to determine protein structure will accelerate
the development of antimicrobial agents (1–3). This is of
enormous interest to the pharmaceutical industry. There
are several international structural genomics initiatives
(3). The goal of these initiatives is to provide numerous
protein structures and improve the process for obtaining
protein structures (4).

The Critical Assessment of Methods of Protein Struc-
ture Prediction (CASP) is a community-wide experiment
that presents an opportunity to assess protein structure
prediction techniques (5). Unpublished targets are used by
groups to test their algorithms of structure prediction.
Carefully developed analysis techniques are used to eval-
uate the results. The general categories are comparative,
fold recognition, and new fold or ab initio models (5).
Because of the increasing overlap between the categories,
there is not a strict adherence to the groups. This article
attempts to describe the general concepts of the main
protein folding prediction methods.

The rest of the paper is organized as follows: The next
section explains the homology-based comparative methods
for protein folding prediction. Ab initio and folding recog-
nition methods are then described. A section is dedicated
to structure prediction methods that include machine
learning approaches such as neural networks as well as
all atom models. Finally, a conclusion is provided.

2. HOMOLOGY-BASED COMPARATIVE MODELS

There is a variety of knowledge-based techniques. Some
are well-known secondary structure prediction tools, se-
quence-based identification of potential conformations of
short sequences, and methods that model three-dimen-
sional (3-D) structures from fragments and predict the
secondary structure (6). To develop a comparative model of
a protein, a homologous protein from a protein structural
database is aligned to the target. Identifying a homologous
domain can be the basis for a model with varying degrees
of accuracy (7). However, many proteins, especially those
found in eukaryotes, have structural components that
have not been described. Typically, the template with the
highest sequence identity is used to develop a model.
Sometimes the best models are developed from experi-
mentally determined structures that are very similar to
the protein, generally 460% identity. Some accuracy can
be obtained with template sequences that have moderate
homology, 30–60% (7). However, using only sequence
homology does not always produce an accurate 3-D struc-

ture even in cases where the evolutionary relationships
are obvious (8).

3. AB INITIO MODELS

Although comparative models rely on homologous struc-
tures in protein databases, ab initio models do not.
Although all successful ab initio implementations use
some information from structural databases, ab initio
models differ from knowledge-based models. Ab initio
methods generate a novel fold and are also known as
new fold methods (9). Ab initio models can, but do not
always, start with potentials based on physiochemical
interactions. Knowledge-based potentials can be used to
determine whether an amino acid sequence will fold into a
prescribed native protein structure (10). Potentials may be
generated from statistics and physics-based energy func-
tions. This requires information from protein databases.
This is one reason ab initio models overlap with knowl-
edge-based models. Some ab initio methods may use a
reduced model of the proteins to begin developing a model.
The topology of the optimized energy landscape is an
integral part of the search for the best-predicted structure
(2). As the native state is reached, the correlation between
the energy function and the measure of similarity weak-
ens (6,11–14). To compensate for a flattened landscape,
some groups incorporate extensive filtering and clustering
techniques.

Ab initio methods to predict tertiary structure can be
roughly grouped into two groups. In one group, the
methods include Monte Carlo and deterministic energy
minimization and genetic algorithms (15). These methods
attempt to drive the conformation to a lower energy with
each iteration. The success of the implementation depends
heavily on a very efficient energy function. The function
has to discriminate the native structure from all other
possible structures, and it must direct a random starting
configuration toward the native structure. These methods
emulate the physical process of protein folding (15). The
second set of methods generates a set of trial structures
that is evaluated by an energy function (15). The structure
with the lowest energy is presumed to be the native
structure.

4. FOLD RECOGNITION MODELS

It is difficult to draw the line between ab initio and
knowledge-based methods because most ab initio models
use protein database information. There is also an in-
creasing amount of overlap between comparative and fold
recognition models. This is mainly due to advances in
sequence similarity detection techniques (16). Fold recog-
nition, or threading, involves the comparison with known
folds to produce a structural model. In fold recognition,
models are typically generated by mapping the protein
sequence onto template structures. The accuracy of the
sequence alignment is a critical factor in determining
model quality (17).
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5. STRUCTURE PREDICTION MODELS

A wide range of models is being implemented to attempt to
solve the question of protein structure. The following is a
brief description of the approaches some groups are tak-
ing. Additional information on the techniques presented
at CASP is available from the Protein Structure Predic-
tion Center (18).

5.1. Comparative Models

The PROTINFO server allows users to predict the tertiary
structure of a protein based on comparative modeling, fold
generation, and de novo methods developed by the authors
(19). Users can also submit nuclear magnetic resonance
(NMR) chemical shift data and request protein secondary
structure assignment generated by a neural network that
combines the chemical shifts with secondary structure
predictions.

5.2. Ab initio Models

Ab initio can be implemented in several ways. A hierar-
chal approach to ab initio folding prediction that relies on
a high coordination lattice was developed by Skolnick et
al. (20–22). Their method uses multiple sequence compar-
isons, threading, clustering, and refinement. The profile
output from the multiple sequence alignments is used as
input to the threading algorithm. The threading algo-
rithm is limited by the inaccuracy of the scoring function
(23,24). Improvements may result from the use of multiple
sequence alignments and sampling of conformational
space with replica exchange Monte Carlo. The method
can be used with little modification for either fold recogni-
tion or ab initio folding.

The Baker group implemented an ab initio method
involving local structures that are approximated from
the conformation’s known proteins. Segments are
matched using a Monte Carlo procedure with a Bayesian
scoring function (25). Further improvements in prediction
accuracy were obtained by incorporating nonlocal inter-
actions into predicted tertiary structures (11).

An ab initio model for tertiary protein structure pre-
diction is based on the fragment assembly and global
optimization (26). A total of 50 to 100 conformations of
tertiary structure are often generated by minimizing an
energy function. Diverse low-lying energy functions are
sampled using the conformation space annealing method
(26). The linear parameters are optimized so that the
native-like conformations are more energetically favor-
able than the non-native conformations (26).

5.3. Artificial Neural Networks

An artificial neural network is an information processing
system that is based on the human nervous system (27).
Biological neural activity is characterized by neurons, the
cells of the nervous system, which are interconnected by
synapses. An artificial neural network (ANN) is composed
of adaptive processing units referred to as nodes or
neurons (28). There may be multiple layers of nodes. Input
is fed into nodes (29). ANNs are among the leading

methodologies in the quest to predict protein structure.
When neural networks were first applied to the protein
structure problem, the results were a significant improve-
ment over other systems previously used (30).

The backpropagation feed-forward algorithm is the
most commonly used ANN algorithm. It is described as a
gradient descent method to minimize the total squared
error of the output computed by the network (29). It has
three stages: (1) the feed-forward of the input training
pattern, (2) the calculation and backpropagation of the
associated error, and (3) the adjustment of weights. Back-
propagation networks can be used to solve problems in a
variety of areas.

During the feed-forward, the input units broadcast the
input signals to nodes in the hidden layers. Each node
calculates its activation to form a response for the given
input signal. Each output unit compares its activation
with the target value to determine the associated error.
Based on the error, a factor is computed and distributed to
all connecting nodes in the previous layer. This value is
used to update the weights between the hidden layer and
the input layer (29).

Zhang et al. developed a model that uses contact order,
long-range order, and total contact distance as inputs
(31,32). They use an ANN to examine the relationship
between folding rate and protein structure. Total contact
distance is the most accurate predictor, but there is a large
deviation. They conclude that the TCD correlation only
exists with the folding rate of some proteins. This method
was best suited for faster folding proteins.

In an implementation developed by Peterson et al.,
protein data downloaded from the Protein Data Bank
(PDB) underwent an extensive quality check (33). The
input layers of the ANN contained 15, 17, 19, or 21 nodes.
The hidden layer contained 50 or 75 units. A technique
described as ‘‘output expansion’’ is used. Output expan-
sion is the ‘‘simultaneous prediction of secondary struc-
ture class assignments for residue i and several residues
in the immediate vicinity of residue i’’ (33). Output is
produced by a sequence-to-structure network. This output
is the input to a structure-to-structure network that out-
puts a three-category secondary assignment. One hun-
dred combinations were generated for each of the eight
architectures. Using the Q3 score to evaluate the results,
the performance of the networks was 84.6%, 69.0%, and
82.2% for helix, sheet, and coil structures.

The main disadvantage of ANNs is the fact that the
knowledge contained in the model is not transplant and
the reasoning presented by a neural network cannot be
easily extracted. This lack of transparency has limited the
ANNs in protein analysis applications, where the access to
the knowledge contained in the model is vital.

5.4. All Atom Models

Several researchers have examined all-atom Gō poten-
tials. In the all-atom models, better side-chain packing has
increased folding cooperativity (29,34). Other groups have
studied sequence-dependent bead models. In these mod-
els, mean force potentials derived from physical principles
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or Miyazawa and Jernigan statistical potentials (9) laid
over Gō potentials replace the Gō interactions (25,35–43).

Generalized ensemble simulations are based on the
assumption that a Monte Carlo or molecular dynamics
simulation will lead to a uniform distribution of a chosen
physical quality (16,44). This approach attempts to en-
hance sampling in protein folding simulations by alleviat-
ing the problem of multiple-minima that are found in the
energy landscape of an all-atom model of protein. The
models produced had lower energy than the native struc-
ture. The influence of the solvent on the protein had to be
included to obtain a more accurate result.

5.5. Minimalist Models

Minimalist models attempt to predict protein structure by
developing residue-based models. The number of degrees
of freedom is reduced in these models as compared with
all-atom models.

Other models that attempt to predict protein structure
focus on the kinetics of protein folding. Minimalist Gō
models ‘‘minimize energetic roughness on the free energy
surface’’ (45). However, because Gō models do not rely on
amino acid sequences, there is no quantitative connection
to experiment data. The advantages of minimalist protein
models are their ability to rapidly collect significant
statistics about folding pathways and kinetics, their ease
of characterization with coarse-grained order parameters,
and their focus on the physics of the problem to connect
with experimental observables for a target protein (45).

Lu et al. developed a method for protein prediction that
uses an off-lattice model to calculate protein folding (46).
They employed a minimization function called ‘‘relative
entropy.’’ Minimization only took into account consecutive
Ca and, a generalized form of the content potential. Eight
small proteins were tested. Results from small proteins
correspond to typical ab initio method results. This
method has a problem common to other minimization
methods: The prediction is dependent on the initial con-
formation. There is some indication that the energy mini-
mization method failed to determine the native
conformation of a protein.

6. SUPPORT VECTOR MACHINES

Support vector machines (SVMs) are classifiers that are
highly similar to regular neural networks but are known
to have desirable generalization performances. As these
models are more transparent than sigmoid type, neural
networks have recently become popular in several sensi-
tive applications such as protein structure and function
prediction. It is anticipated that in many protein structure
prediction methods, SVMs replace other classifiers such as
linear methods and ANNs.

7. CONCLUSIONS

Prediction of the protein secondary and tertiary structure
is a fundamental problem in molecular biology. A variety
of methods are applied for protein folding prediction.

These methods often use some elements of machine learn-
ing such as neural networks to boost the generalization
capabilities of the prediction methods. Many practical
fields of medicine such as rational drug design heavily
depend on protein folding prediction methods.
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1. INTRODUCTION

Research in proteomics involves studying the structure,
expression, localization, interactions, and cellular roles of
all proteins within a particular organism or subcomponent
thereof (1). Researchers coined the term ‘‘proteomics’’ in
the early 1990s (2) to describe a new approach to studying
proteins, focusing on high-throughput analyses and on
breadth rather than depth. Proteomics researchers aim to
use experimental techniques that trade accuracy for vo-
lume in order to build up a complete picture of the function
of large groups of proteins. Key research in the field
focuses on the development of new high-throughput tech-
niques and the computational machinery needed to ana-
lyze the data those techniques produce.

Proteomics has the potential to dramatically impact
medicine. Scientists at the National Institutes of Health
made headlines when they announced in 2002 that they
could diagnose ovarian cancer using mass spectrometry-
based proteomics (1). The pharmaceutical industry is also
heavily involved in proteomic research. As most drugs
target and inhibit the functions of specific proteins, drug
discovery benefits greatly from proteomic assays that
permit the identification or quantification of many pro-
teins simultaneously.

As of this writing (2005), proteomics is growing the way
genomics grew in the 1990s, when a series of sequencing
projects created an ocean of genome sequences for re-
searchers to analyze. In addition, the number of those
genetic sequences in Entrez (a database of molecular
biology-related information) is starting to saturate,
whereas the number of proteins being cataloged in Entrez
is still growing exponentially each year. This growth
suggests that increasingly advanced techniques will be
needed to deal with ever-larger proteomic datasets.

Although much of the engineering and statistical
methodology developed for functional genomics (3) can
be recycled for use in proteomics, the field has no shortage
of interdisciplinary problems amenable to attack by re-
searches ranging from electrical engineers to biophysi-
cists. A few of the open problems include the fabrication of
effective, accurate protein arrays (instruments to measure

protein expression; see the section of the same name
below) (4), design and construction of robots to automate
repetitive tasks (5), and novel machine learning techni-
ques for data analysis (6).

2. PROTEOMICS: MOLECULAR AND CELLULAR BIOLOGY
FOUNDATIONS

This section summarizes some core molecular and cellular
biology concepts that underlie the study of proteomics (7).
Proteins are the biochemical machines responsible for life.
Proteins read, copy, and organize the genetic code stored
in DNA, digest nutrients, attack pathogens, and direct
growth. Protein-based signals enable cells in a multicel-
lular organism to communicate; structural proteins hold
that organism together. Many open research problems in
modern biology and medicine are, fundamentally, ques-
tions about the functions of proteins.

A protein is a chain of linked amino acids, the precise
ordering of which determines its structure and function.
Amino acids are biomolecules with four invariant compo-
nents: a central carbon atom, to which the other compo-
nents are bound; a hydrogen atom; an amino group (NH2);
and a carboxyl group (COOH). A variable component,
called the R group, determines the type of each amino
acid (the hydrogen atom below the carbon is the R group in
Fig. 1). There are 20 standard R groups (for the 20 amino
acids) and several additional variants. In a protein, the
amino group of each amino acid is linked to the carboxyl
group of the next amino acid, forming a chain. Some
proteins have a few tens of amino acids, others, such as
huntigtin, responsible for Huntington’s disease, are com-
posed of thousands.

Proteins can be categorized by shared functions, struc-
tures, or subsequences. Common functions include hand-
ling metabolic chores, providing structural support, and
participating in signaling pathways, to name a few. The
common structures a-helix (a twisted chain of amino acids)
and b-sheet (a plane made of adjacent chains of amino
acids) are often observed as components of larger struc-
tures. Common (well-conserved over the course of evolu-
tion) subsequences are regularly used to track evolution of
organisms. Conserved sequences and the structures to
which they give rise can be thought of as being made of
modular units (called ‘‘motifs’’ or ‘‘domains’’) that confer
specific properties and functions. Some motifs are well
preserved across millions of years of evolution, through
many different organisms. Many examples of preserved
functions may be found in Gene Ontology, a controlled
vocabulary of common functions (http://www.geneontolo-
gy.org). Branden and Tooze’s Introduction to Protein
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Figure 1. Examples of amino acid and protein structure.
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Structure (8) contains many examples of highly conserved
structures.

Approximately 40% of the human genome encodes
proteins with no known function (9). Assigning functions
to these proteins and their interactions is one challenge of
proteomics.

Proteins are created in a two-step process. First, DNA
is transcribed into RNA. Then, the RNA is translated into
protein. Both transcription and translation are copying
processes; neither involves changing the DNA or RNA
template for the copying. This process, in which informa-
tion flows from DNA to RNA to protein, is called the
‘‘central dogma’’ of molecular biology. Any time after it is
translated, a protein may be altered by a variety of
posttranslational modifications. The study of these mod-
ifications is another major component of proteomics.

Nearly every cell in an organism contains a copy of that
organism’s complete genome, but each cell expresses
(synthesizes proteins from) only a subset of that genome.
Genes that encode proteins essential to basic cellular
functions are expressed in nearly all cells, whereas those
with highly specialized functions are expressed only in
certain cell types. (Some proteins found in liver cells would
never be expressed in the brain, for instance.) These
subsets of expressed proteins may be called proteomes.
Although every organism has one genome, a multicellular
organism may have many proteomes.

Analysis of the most recent version of the human
genome suggests that humans have between 20,000 and
25,000 genes—only slightly larger than the approximately
19,000 genes in the genome of the worm Caenorhabditis
elegans (10). This suggests that the vast difference in
complexity between humans and worms cannot be ex-
plained merely by the fact that humans have more genes.
Proteomics may provide one means of explaining that gap,
by showing how the interactions between proteins give
rise to human complexity.

3. PROTEOMICS: METHODS AND TECHNOLOGIES

3.1. Overview of Proteomic Technologies

The workhorse of proteomics is the mass spectrometer, an
instrument used to count and measure the mass-to-charge
ratios of ions (charged particles). The following sections
discuss how proteomics researchers inject proteins into a
mass spectrometer, how they are measured inside the
instrument, and how one can use the gigabytes of data
produced by the instrument to identify, sequence, and
quantify proteins.

Mass spectrometry (MS) is not the only analytical
method in proteomics. After the sections on MS is a section
on protein array analysis, which is another technology
used to identify and quantify (but not sequence) many
proteins simultaneously. Further sections discuss protein
databases and the discovery of protein–protein interac-
tions using laboratory techniques such as yeast two-
hybrid analysis and computational techniques such as
data mining of the literature.

3.2. Approaches to Mass Spectrometry-Based Proteomics

Research in mass spectrometry has grown rapidly in
recent years. The field of mass spectrometry in general
has grown over 2.5 times over the past decade in terms of
PubMed-related publications measured as discussed be-
low. This compares with a one-third increase in overall
PubMed research article publications. Part of this growth
is due to mass spectrometry’s new applications in proteo-
mic domains (as opposed to classic analytical chemistry-
affiliated molecular studies) such as proteome mining,
post-translational modifications (PTMs), and protein–pro-
tein interactions. The immense amounts of data generated
by mass spectrometry-based proteomics have paved the
way for systematic identification of proteomes and intra-
cellular dynamics. Mass spectrometry is also easily adap-
table to high-throughput formats, a fact that has made it
the method of choice for protein identification and char-
acterization (11). Although an exhaustive review is beyond
the scope of this article, the following will give an overview
of the relevant technology and biomedical applications
within the context of this section.

There are three main components in any mass spectro-
meter: the ion source, the mass analyzer, and the detector.
The source produces ions from the biological sample, the
mass analyzer resolves the ions [in a mass-to-charge (m/z)
ratio-dependent manner], and the detector detects the
ions resolved by the mass analyzer. From an ion’s point
of view, mass spectrometry converts a sample into ions,
groups those ions by mass-to-charge ratio, and measures
the intensity of each collection of ions with a common m/z
ratio.

The most straightforward use of mass spectrometry in
proteomics would be to ionize a mixture of proteins, spray
it into a mass spectrometer, and use the mass-to-charge
ratios to identify and quantify every protein in it. This
approach, called ‘‘top-down’’ proteomics, is not without its
proponents, as modern instruments are becoming increas-
ingly accurate with the large masses involved in top-down
experiments (12,13). If every protein had a unique mass
and mass spectrometers were absolutely accurate, then
one would need no other methods. However, in contem-
porary mass spectrometers, measurement accuracy de-
creases as the absolute mass increases, making accurate
identification of large proteins difficult. Many different
proteins may have masses within the margin of error for
these measurements. PTMs, discussed above, further
muddy the water—many PTMs change the mass of a
protein but do not change its sequence. An active area of
research involves looking at the statistical issues involved
in top-down protein identification.

An alternative approach is ‘‘bottom-up’’ or ‘‘shotgun’’
proteomics, in which proteins are chopped into peptides
(short sequences of amino acids) before identification, a
process called ‘‘digestion.’’ Bottom-up proteomics has three
major advantages over the top-down approach. First, as
mass spectrometers are more accurate for smaller masses,
they are better at resolving small peptides rather than
large proteins. Second, the bottom-up approach also
greatly reduces the chance that PTMs will trip up the
identification process: If enough peptides are unmodified,
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the protein can be identified, regardless of how many
modifications were made to the other peptides. Finally,
in tandem mass spectrometry (in which select ions are
broken into fragment ions and the fragments are sent for
another round of mass spectrometry), the bottom-up
approach yields easier-to-analyze fragment spectra be-
cause peptides have fewer components to break apart
than do intact proteins.

In the bottom-up approach, the peptides are sprayed
into the mass spectrometer and their m/z ratios are
measured. Trypsin, the protease most commonly used to
digest protein samples into peptides, cleaves proteins at
very predictable amino acid locations. If one knows the
genome sequence of the organism that provided the
protein sample (which is the case for most model organ-
isms used in biological research), one can calculate the
mass of all possible fragments from all of the proteins in
the organism. In the process of peptide mass fingerprint-
ing (PMF), the unknown protein of interest is cut into
peptides by an enzyme such as trypsin. The absolute mass
of these peptides is measured with a mass spectrometer.
Using software, these masses are then compared with the
theoretical masses of peptides coming from that organism.
This process demands high sensitivity, resolution, and
accuracy (14). Sensitivity is required to measure masses
on the order of femtomole (10� 15) quantities with high
resolution to distinguish between ions of similar m/z
values. Although some peptide sequences of approxi-
mately six or more amino acids in length would have
unique masses within the proteome of an organism, using
additional peptide fragments can improve confidence in
the identification (15); in other words, a protein from
which several peptides were identified is more likely to
be present than one that had only one successful ‘‘hit.’’

Although mass spectrometry is a sensitive method for
identifying proteins, it is more difficult to use mass
spectrometry to accurately quantify proteins (16). The
intensity of a peptide peak depends linearly on the con-
centration of the peptide. However, different peptides have
different propensities for ionization. Thus, two peptides
present in equal amounts may show substantially differ-
ent intensities in the mass spectra. This problem has been
addressed by modifying one of the sample types with a
stable isotope (e.g., the experimental samples) while leav-
ing the other unchanged (e.g., the control samples). This
modification changes the molecular weight of the isotope-
based samples relative to controls, but not the mass
spectrometer’s behavior in terms of the peak intensities.
Quantitative differences in proteins are then determined
directly as the difference in peak area between the two
peptides in the mixed samples (i.e., control and cancer)
(17). A well-illustrated overview of the techniques of mass-
spectrometry-based proteomics can be found in the refer-
ence section of this article (18).

3.3. Analytical Polypeptide Separation (2-D SDS-PAGE and
HPLC)

Most biological samples (serum, blood, urine, and cell
lysates, to name a few) cannot be sprayed directly into a
mass spectrometer. First, biological samples often contain

a considerable amount of non-protein material, which
must be removed. Centrifugation is a common means of
removing the largest non-protein components (for in-
stance, the cell debris left over in a cell lysate). Many
samples need further processing to remove salts and other
small-molecule contaminants.

The resulting pure-protein mixtures are also often too
complex for direct analysis with a mass spectrometer; if
they were analyzed all at once, the sheer quantity of
proteins would overload the detector. Proteomics re-
searchers avoid this problem by separating proteins in
advance according to their physical or chemical proper-
ties.

Popular protein separation methods include two-di-
mensional (2-D) gel electrophoresis (e.g., sodium dodecyl
sulfate-polyacrylamide gel electrophoresis, or SDS-PAGE,
for short), preparative isoelectric focusing (IEF), and high-
performance liquid chromatography (HPLC). HPLC and
mass spectrometry (HPLC-MS) is a combination that has
lent itself well to automation, and it is thus expected that
HPLC will likely dominate polypeptide separation in the
long run (although 2-D SDS-PAGE is still prominent today
(17)).

In 2-D SDS-PAGE, proteins are loaded onto a gel and
subjected to an electric field. The chemical properties of
the gel prompt the proteins to separate in one dimension
by their isoelectric point (i.e., the pH where protein has
zero net charge) and in the other dimension by their
molecular weight. The result is the separation of proteins
into spots on a gel containing sample proteins. The
intensity of each spot is proportional to the protein
abundance. The stained gel image can be analyzed using
imaging analysis techniques, and a section of the gel
containing an isolated protein can be cut out for further
analysis by other methods such as mass spectrometry. A
practical application of this method would be to compare
samples from differing cellular states (diseased and nor-
mal). This comparison can give scientists insight as to
which proteins differentiate the two states and should be
further investigated. SDS-PAGE has some major short-
comings. Generally, if a protein mixture is to be character-
ized in an SDS gel by MS, it requires some partial
purification to reduce complexity before analysis. Despite
significant technical improvements, protein separations
patterns are often not reproducible. Also, SDS gels per-
form poorly in detecting low abundance proteins.

Integrated systems for performing 2-D SDS-PAGE are
entering the marketplace. Contemporary systems include
facilities for robotic sample preparation, 2-D gel electro-
phoresis, gel extraction via precision robots, ionization
labeling, and mass spectrometry peptide fragments ana-
lysis. In these systems, data generated from all instru-
ments are presented with using a graphical user interface.
These systems are useful for high-throughput analysis,
contributing to significant increases in processing power
(19). There are major shortcomings, however, in such
systems. An example is the homogenous treatment of
samples with no feedback control mechanism. For in-
stance, a laboratory technician doing a gel protein diges-
tion would match the amount of protease (an enzyme used
to cleave the protein into peptides) used to digest a spot on
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the gel to the amount of protein in the spot by observing
the spot’s intensity directly with the naked eye. Intelligent
systems capable of such adjustments have not yet reached
the market (19).

In bottom-up proteomics, 2-D SDS-PAGE is commonly
used before protein digestion. By contrast, HPLC is com-
monly used to separate the peptides resulting from a
digestion (in which proteins are chopped into smaller
pieces with a protease such as trypsin). HPLC involves
pumping the peptides through a chromatography system
that gradually releases them over a time interval (typi-
cally in the range of an hour) depending on their physical
or chemical characteristics. Some characteristics used
include

* Hydrophobicity: lacking attraction to water
* Strong cation exchange: net positive charge
* Strong anion exchange: net negative charge
* Size separation: size/molecular weight
* Special affinity: interaction with particular func-

tional groups

Multidimensional liquid chromatography systems, also
known as tandem liquid chromatography (LC/LC) sys-
tems, pump a sample through two or more steps of LC to
separate the peptides based on multiple attributes. Multi-
dimensional LC coupled with tandem mass spectrometry
(LC-LC-MS/MS) is used in the analysis of very complex
mixtures of peptides, in which the additional LC step
reduces the number of peptides entering the mass spectro-
metry at the same time. This method is commonly known
by the acronym Multi-Dimensional Protein Identification
Technique, or MudPIT (20).

LC is not without its challenges however. A major
limitation of HPLC is that one cannot generally achieve
the chromatographic resolution provided by some other
forms of chromatography such as gas chromatography.
Also, HPLC is not readily interfaced with a mass spectro-
meter because the liquid phase presents problems with
the high vacuum required for mass spectral analysis.
However, progress has been made in this area and LC-
MS has become a vital tool in many proteomic labora-
tories.

3.4. Ionization Methods

Three prominent mass spectrometry ionization methods
used in proteomics are Electrospray Ionization (ESI),
Matrix Assisted Laser Desorption and Ionization
(MALDI), and Surface-Enhanced Laser Desorption and
Ionization (SELDI). In ESI mass spectrometry, a potential
is applied to create a fine mist of charged droplets (includ-
ing the dissolved peptide sample) that are subsequently
dried and sprayed into the mass analyzer. The mist is
often the output of an HPLC and includes digested
proteins as well as the protease used to cleave them. In
contrast to MALDI, ESI produces highly charged ions
without fragmentation of the ions into the gas phase
(21). MALDI mass spectrometry is normally used to
analyze relatively simple peptide mixtures, whereas inte-

grated HPLC ESI systems (HPLC-ESI) are preferred for
the analysis of complex samples.

The first step in the MALDI ionization source is the
addition of the sample to a chemical matrix. The matrix
includes photon absorbing molecules with a specific
amount of chromophore, sensitive to light at a specific
wavelength. The mixture is then placed on a small slide
and allowed to dry. The dried mixture is a crystal lattice
containing the desired sample to be analyzed. The crystal
is then struck with a laser beam. The matrix molecules
absorb the energy emitted by the laser, causing their
temperature to increase. This excess heat causes the
sample peptide to transform into gas phase (22). Each
peptide tends to (generally) pick up a single proton,
creating a positive ion. This is significant because the m/
z ratio is thus precisely the mass (Z¼1). This is in
contrast to ESI where a peptide sample can pick up tens
of protons, causing various peptides with the same mass to
have differing m/z ratios. In any case, the ion then enters
the mass analyzer where their m/z ratio-dependent beha-
vior possible to differentiate between peptides present in
the sample (e.g., see Equation 1). SELDI is similar to
MALDI; the ionization into the gas phase via photon
absorption from a laser source remains the same. They
differ in that SELDI sample plate surfaces are designed to
react with peptide molecules with particular properties.
Consequently, peptides with select physical and chemical
attributes are retained, increasing their chance of becom-
ing ionized and providing another layer of filtering (and
decreasing required spectrum bandwidth), which helps in
the identification of the peptides by a database search (23)
or in creating diagnostically useful proteomics profiles.

SELDI has become increasingly popular since a study
from Liotta et al. was first published in Lancet (24,25)
involving diagnosis of ovarian cancer without actually
identifying any proteins. As shown in Fig. 2, the field of
SELDI (indexed under MALDI in MeSH), measured in
terms of papers, has grown very rapidly since being
‘‘introduced’’ as a category within MeSH in the 1990s.
The subset of MALDI/SELDI papers affiliated with pro-
teomics has exhibited even faster growth.

As alluded to earlier, mass spectrometry is also a
clinical tool and has been used in numerous disease
studies (25–27). In an HIV study (28), MALDI was used
to identify a family of proteins contributing to the CD8
antiviral factor, an important element in the pathology of
AIDS. SELDI technology has also been applied to serum
for cancer detection. Using machine learning techniques,
recent studies (25,29) predicted pathological states in
their respective domains, such as ovarian cancer and
preleukemia, solely using serum proteins. Rather than
identifying proteins, such early studies yielded accurate
diagnostic information based on the overall pattern of
protein expression. In the case of ovarian cancer, the
importance of early diagnosis is apparent in the high 5-
year survival rate (95%) of patients with cancer limited to
the ovary compared with the low 35–40% 5-year survival
rate for late-stage patients (25). SELDI has also been used
in diagnosis of neurological diseases such as Alzheimer’s
disease, Parkinson’s disease, multiple sclerosis, schizo-
phrenia, and many others (27).
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3.5. Mass Analyzers

Three basic types of mass analyzers are currently used in
proteomics research: the ion trap, time-of-flight (TOF),
quadrupole time-of-flight (Q-TOF), and Fourier transform
(FT-MS) ion analyzers. Each is different in design and
performance, and each has its advantages. They can be
used alone or arranged in tandem to take advantage of the
unique strengths of each in tandem mass spectrometry
(11).

In the ion-trap analyzers, ions are first confined within
a trap via electrically active electrodes on the top, bottom,
and middle (via a ring electrode). The ion trap collects the
ions for a certain time interval and then subjects them to
mass spectrometry or tandem mass spectrometry (MS/
MS) analysis. Ion traps are robust, sensitive, and rela-
tively inexpensive. They have produced a large percentage
of the proteomics identification–related results reported in
the literature (11). The FT-MS is similar to an ion trap, but
it employs a magnetic field for detecting ions in the trap
(30). FT-MS instruments have high resolution and are
excellent for measuring low abundance proteins as well as
complex peptide mixtures. This is because the supercon-
ducting magnet has a stability of resolving few peptides
among a billion. Quadrupole and TOF instruments can at
best deliver a 1 per 10,000 resolution. However, current
models of FT-MS (owing, among other factors, to their
need for a cryogenically cooled superconducting magnet)
are extremely expensive and operationally complex. This,
coupled with their low-peptide-fragmentation efficiency,
has limited the use of FT-MS in proteomics research (22).
TOF analyzers (Fig. 3) measure the time the gas-phase

ions take to travel from the ionization source to the
detector, which is used to calculate to the m/z ratio (31).
TOF analyzers are not well suited for MS/MS (see below)
and have the disadvantage of being dependent on sample
quality for successful peptide identification (11). A quad-
rupole mass analyzer is a variant of TOF that consists of
four parallel metal rods that are arranged lengthwise.
These can be manipulated to allow ions of a specific m/z
ratio to pass between them for detection. The TOF analy-
zer is typically paired with MALDI (MALDI-TOF) or
SELDI (SELDI-TOF), whereas the quadrupole and Four-
ier transform methods use ESI sources. The equation
governing TOF analyzers with some common values
(e.g., for PBS II SELDI-TOF, Ciphergen, Fremont, CA) is
shown below:

m=z

U
¼aðt� t0Þ

2
þ b; ð1Þ

where:
t ¼ time of flight (ms)
m ¼ mass (Da)
z ¼ charge (C)
U ¼ voltage (e.g., 20,000 V)
a, b, c ¼ model constants (e.g., a¼ 0:272, b¼ 0,

t0¼0:0038).
An overview of tandem MS (MS/MS) is shown in Fig. 4.

First, peptide ions generated from an ESI source are
separated based on their m/z ratios. In the second round,
a single m/z is chosen and is subject to collision-induced
dissociation (CID)—the ions of that m/z are bombarded
with a charged gas, which causes them to fragment (32).
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The fragments are then scanned with the mass spectro-
meter. The resultant tandem spectra of amino acid com-
position can be searched against protein databases to
identify the protein (33). Matches from at least two
peptides derived from the same protein are typically
required to positively identify a protein (34), with each
additional match adding confidence to the identification.
Computational analysis of MS/MS spectra can also pro-
vide information about the nature and location of peptide
modifications (35). The extent and comprehensiveness of

the available databases are extremely crucial as database-
searching strategies can be applied only if the protein
sequence exists in the database. Sequest, developed at the
University of Washington, is the most widely used tool for
searching protein databases (36). Sequest, which is dis-
cussed further in the next section, is well suited for high-
throughput proteomics as it automatically extracts and
searches the MS/MS data against a protein database (37).
Other database-search tools include the newer Mascot,
published by Matrix Science and available for use on the
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Figure 3. SELDI-TOF Mass Spectrometry schematic.
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Figure 4. Steps involved in tandem mass spec-
trometry.
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Web, and the open-source OMSSA, published by the
National Center for Biotechnology Information.

3.6. Identification of Proteins from MS and MS/MS Data

With the output of an MS or MS/MS run in hand, one may
employ a variety of methods to try to identify the proteins
in the sample injected into the mass spectrometry instru-
ment. Popular approaches include peptide mass finger-
printing (searching databases for the masses of peptides),
MS/MS database searching (searching databases of theo-
retical MS/MS spectra, as does Sequest), and sequence tag
searching [partial sequences (‘‘tags’’) are derived from MS/
MS spectra and used to query sequence databases].

In a peptide mass fingerprinting approach, a protease
is applied in silico (in other words, virtually) to all entries
in a protein database (e.g., Swiss-Prot, OWL, or NCBInr)
to yield a list of peptides with corresponding theoretical
masses. Matches are made between observed peptide
masses obtained from MS and the theoretical masses
from the database. If several of these peptides uniquely
match the same protein, then the unknown sample pro-
tein can be identified. If there are multiple proteins in the
sample (as there often are), a scoring system is typically
used to rank the fidelity of each match. Most scoring
systems assign higher scores to those proteins with the
greatest number of peptide matches. This tends to give
bigger proteins a higher score, simply because they yield
more peptides upon digestion (15). Some probability-based
scoring systems have emerged (38); one such algorithm is
ProFound (39).

De novo sequencing involves measuring the distances
between peaks in the MS/MS spectrum of a fragmented
peptide, looking for distances that correspond to the mass
of a single amino acid (most amino acids have distinctly
sized masses; see Table 1), and chaining these together to
form a partial sequence. GutenTag is a well-known pro-
gram that implements this approach; experienced scien-
tists can sequence spectra by hand (albeit more slowly)
(40).

A peptide is a sequence of amino acids, and hence its
mass is the equal to the sum of the masses of the amino
acids that compose it. As the order of the amino acids is
important in determining a peptide’s structure/function,
permutations of a sequence of amino acids may yield
different peptides with the same masses. Some amino
acids (e.g., isoleucine and leucine) or modified amino acids
may have the equivalent masses (either due to identical
masses or limits in a measuring instrument’s precision).
In MS/MS, the peptides of a specific m/z are selected and
subject to CID, which breaks them into fragments. The
fragmentation process primarily gives rise to cleavage
products that break along peptide bonds. Because of this
simplicity in fragmentation, it is possible to use the
observed fragment masses to match with a database of
predicted masses for one of many given peptide sequences.
As an example, the peptide GVAGNEGAL might be frag-
mented into GVAG and NEGAL. If all GVAGNEGAL
peptides were fragmented into GVAG and NEGAL ions,
it would not be possible to recover the peptide’s sequence.
However, various GVAGNEGAL peptides will break at

different points along the sequence. The spectra of the
fragments (in which the fragments become peaks) can
then be analyzed to obtain the sequence by looking for the
aforementioned gaps between peaks that are the same
size as an amino acid and using them to reconstruct a
partial sequence tag. The de novo method is usually
followed by a search of an in silico digested protein
database, similar to PMF, to identify the protein the
peptide originated from.

A third approach to determining the sequences of
peptides is to use MS/MS data to search databases of
synthetic peptide digests. Sequest (41) and Mascot
(http://www.matrixscience.com) are two widely used pro-
grams that employ this approach. Sequest’s approach
generates identifications using two pieces of information:
the m/z ratio of the peptide before fragmentation (obtained
from the first mass spectrometry step) and the MS/MS
spectrum. Sequest looks up the m/z value of each peptide

Table 1. Amino Acids and Corresponding Molecular
Weights

Amino Acid Symbol Average Molecular Weight (Da)

Alanine A
71.0788

Arginine R
156.1876

Asparagine N
114.1039

Aspartic acid D
115.0886

Cysteine C
103.1448

Glutamine Q
128.1308

Glutamic acid E
129.1155

Glycine G
57.0520

Histidine H
137.1412

Isoleucine I
113.1595

Leucine L
113.1595

Lysine K
128.1742

Methionine M
131.1986

Phenylalanine F
147.1766

Proline P
97.1167

Serine S
87.0782

Threonine T
101.1051

Tryptophan W
186.2133

Tyrosine Y
163.1760

Valine V
99.1326
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being analyzed in a master list of peptides generated from
a computationally digested protein database, as in peptide
mass fingerprinting. Unlike PMF, Sequest’s approach
determines the peptide’s identity by comparing the theo-
retical MS/MS spectrum of each peptide in the list with
the observed MS/MS spectrum. (Sequest creates the the-
oretical MS/MS spectra from these peptides with a model
of how peptides fragment in the CID process.) Sequest
assigns a cross-correlation score (XCorr) to each theore-
tical peptide; the XCorr is used to select the best match.

3.7. Protein Arrays

Mass spectrometry is not the only high-throughput means
of identifying the proteins present in a sample: Protein
arrays provide an alternative approach. A prototypical
protein array consists of a set of probes bound to a surface.
Protein is applied to the surface and then washed away, so
that the proteins that did not stick to any probes are
removed. A variety of probes might be used—antibodies
(to test for the presence or abundance of proteins), other
proteins (to assess interactions), or drugs, other small
molecules, DNA, RNA, and substrates for enzymes (to
test binding). A single array might contain thousands of
probes.

Compared with traditional methods of surveying pro-
tein binding and interactions, protein arrays are highly
parallel and are often miniaturized. Their advantages
include speed, high sensitivity, economical reagent usage,
and abundance of data generated per experiment.

Array technology was first developed as a tool for high-
throughput gene expression analysis. By combining small
sample volumes and the ability to generate massive
amounts of data in a single experiment, gene expression
arrays have vastly accelerated the search for functional
effects of single nucleotide polymorphisms (SNSPs) and
modified gene expression in normal and diseased states.
Much interesting science has come from the study of gene
expression arrays. However, many array studies operate
under the assumption that changes in mRNA levels
ultimately correlate to changes in encoded protein levels.
This assumption is in many cases incorrect (42)—gene
expression analysis is no substitute for protein expression
analysis. (As biochemical changes in the cell are generally
correlated with the actions of protein, scientists tend to be
more interested in the latter than the former.) Gene
expression arrays also cannot provide information on

protein PTMs, something that a properly designed protein
array could do.

Protein arrays are typically built by immobilizing
proteins (or other probes, such as small molecules) on
surfaces such as glass, membranes, micro-liter wells, mass
spectrometer plates, and beads (or other particles). A
schematic for differential protein expression profiling
with a fluorescence detection system is shown in Fig. 5.
The surface chemistry of the array is designed to immo-
bilize the surface molecules. The target proteins are
exposed to binding molecules on the array. A detection
system is then used to indicate the abundance of the
target proteins. (One method might involve fluorescently
labeling the target proteins and scanning the array for
fluorescence after washing away an unbound protein.)
Depending on the experimental design, some software
(and even some hardware) in a protein array experiment
can be adapted from machinery for DNA arrays.

Protein analyte-antibody binding may be detected di-
rectly or via a secondary antibody in a sandwich assay
(Fig. 6). Direct labeling can be used for comparing distinct
samples using different fluorophores. The differences in
the target protein concentrations (within each capture
spot) can be then detected via wavelength fluorescence
analysis (43). (This is similar to a common method with
DNA microarrays: The control and experimental sample
are labeled with different fluorescent colors. Both are
applied to the array, and the excess is washed off; the
relative color of each probe is assessed to see which sample
bound more strongly.) Sandwich immunoassays are the
method of choice (providing high specificity/sensitivity) for
low-abundance proteins (femtomolar range (44)) when
antibodies for the protein are available (Fig. 7). This
method can also be used for the detection of protein

Detecting protein abundance

Adding sample mixtureCapture molecules

Appropriate surface chemistry

Bound proteins

Figure 5. Protein array detection system.

Proteins exposed to antibodies on array's surface

Fluorescent labelling of exposed
proteins is common

Proteins sandwitched by
pairs of antibodies

Figure 6. Capturing proteins.

8 PROTEOMICS



modifications. Cross-reactivity is an important issue for
this technology. Although antibodies are conceptualized as
being highly specific, unpredictable cross-reactions are
possible. Thus, the usefulness of individual reagents
depends on the relative level of cross-reaction and specific
reaction. The use of sandwich assays, in which antibody
pairs are used to bind and detect proteins, is one solution
to this issue. This adds specificity because it is unlikely
that both members of the sandwich will exhibit the same
cross-reactivity. In summary, the factors required from
such detection methods involve optimal sensitivity and
specificity, with low background noise to give a high
signal-to-noise ratio.

3.8. Yeast Two-Hybrid

Yeast two-hybrid (Y2H) is a molecular genetic technique
that is commonly used for high-throughput mapping of
potential protein–protein interactions. In its simplest
form, the transcription of a reporter gene (e.g., b-galacto-
sidase) is to signal that a (prey) protein has attached to a
second, bait, protein. To accomplish this, a multidomain
transcriptional activator of this reporter gene (e.g., Gal4)
is used. Hybrid proteins are produced in which the bait is
attached to one of these domains (i.e., DNA-binding
domain), whereas the other is attached to the second
domain (i.e., activating domain). If the bait and prey
proteins bind, then the transcriptional activator can func-
tion, and this results in transcription of the reporter
protein (which can then be measured). In this way, multi-
ple bait proteins can be screened against a large array of
prey proteins to find out which ones bind.

There are many related engineering issues in Y2 H.
The technology allows for high-throughput instrumenta-
tion design and analysis. Improving the quality of the
interaction measurement is another area of research.
There are currently many false-positives and false-nega-
tives. In fact, studies have estimated 50–90% are false-
positives (45). ‘‘Sticky proteins’’ may also bind to many
proteins without being biologically relevant. Technology
limitations may lead to the misfolding of proteins, which
then fail to interact (46).

3.9. Proteomic Databases

Extensive information on proteins gathered both from
proteomics experiments and from experiments in the
pre-proteomics era is available from public online data-
bases. One can roughly categorize the major databases of
interest to proteomics researchers as those containing
sequence data, structure data, interaction data, mass
spectrometry data, and the integration of the aforemen-
tioned data.

This section introduces the general content of each
database type and refers to the most popular databases
of each category. It should be noted that there are few
globally accepted standards for database structure and
implementation. Would-be database integrators often run
into the perennial problem with biological databases:
extensive redundancy and the lack of a common naming
system to help match records and remove redundancy.

3.9.1. Protein Sequence Databases. At their core, most
protein sequence databases contain the amino acid se-
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Figure 7. Random, scale-free, and hierarchical network architectures.
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quence of identified proteins. Some databases also include
identification tags and references to a related journal
article. Entrez and Swiss-Prot are among the most popu-
lar sequence databases.

Entrez (47) is a molecular sequence retrieval system
developed at the National Center for Biotechnology In-
formation (NCBI). Entrez Protein, a protein sequence
database, is just a small subunit of the Entrez system.
Entrez also provides access to biomedical literature, nu-
cleotide sequence databases, three-dimensional (3-D) mo-
lecular structures, complete genome assemblies, OMIM
(Online Mendelian Inheritance in Man, a database of
genetic diseases), and many other resources.

Swiss-Prot (48), another popular protein sequence da-
tabase, was established in 1986 through collaborative
efforts of the Swiss Institute for Bioinformatics (SIB)
and the European Bioinformatics Institute (EBI). The
Swiss-Prot system relies on the translations of DNA
sequences from the EMBL Nucleotide Sequence Database.
EMBL is a comprehensive database of DNA and RNA
sequences collected from the scientific literature, patent
applications, and submissions directly from researchers/
sequencing groups. TrEMBL is a computer-annotated
supplement of Swiss-Prot that contains translations of
EMBL nucleotide sequence entries (before being inte-
grated into Swiss-Prot). Swiss-Prot is known for a mini-
mal level of redundancy and a high level of integration
with other databases.

3.9.2. Protein Structure Databases. Protein structure
databases contain 3-D structural (e.g., secondary and/or
tertiary) information. One of the best known is the Protein
Data Bank (PDB) (49), an international repository of
experimentally determined 3-D structures of biological
macromolecules. The repository includes atomic coordi-
nates (typically determined using X-ray crystallography, a
highly accurate means of determining protein structure),
bibliographic citations, secondary structure information,
crystallographic structure, and nuclear magnetic reso-
nance (NMR) experimental data.

3.9.3. Protein Interaction. Many databases collect lists
of protein–protein interactions. The Database of Interact-
ing Proteins (DIP) (50) is a database of pairs that are
known to interact (e.g., two amino acid chains that bind to
each other). DIP contains the name and the PIR/SWIS-
SPROT/NCBI/EMBL unique identifier for each protein
and any available information about the interaction.
This may include the region involved in the interaction,
the dissociation constant, and the experimental methods
used to study the interaction.

BIND (51) is an another major interaction database. It
has three classifications for molecular associations: mole-
cules that associate with each other to form interactions,
molecular complexes, and pathways. Complexes are func-
tional combinations of two or more molecules, capable of
performing a specific function. Pathways are a sequence of
temporal events (interactions) that occur within cells. In
BIND, complexes and pathways are represented by mole-
cular complex objects and pathway records, respectively,

both of which are formed by linkage of two or more
interaction records.

The KEGG database (52) integrates data on molecular
interaction networks in biological processes as well as
chemical compounds and reactions. Metacyc/Ecocyc (53) is
another database that collates metabolic and other reg-
ulatory pathway information.

A recent new development in proteomics databases is
the Proteomics Standards Initiative (PSI) standard (54).
This initiative aims to define community standards for
data representation in proteomics. PSI is taking steps to
standardize mass spectrometry and protein–protein inter-
action data. The PSI–MI (molecular interactions) format
is a data exchange format for protein–protein interactions.
Although that initiative seeks to standardize the structure
of databases, the actual content is left ambiguous. Also,
data in its fields can vary somewhat across databases: In
databases supporting the PSI–MI format, the proteins
may be referenced by different identifiers ranging from
Uniprot identifiers, NCBI GI numbers, Ensembl identi-
fiers, and the International Protein Index (IPI). In addi-
tion, virtually no database contains all fields in the PSI–
MI specification.

Still more interaction databases have been drawn from
literature mining. In a literature-mining approach, text
processing software is applied to a large database of
biomedical literature (the NCBI’s PubMed abstracts, for
instance) to glean protein–protein interactions described
in the text. One recent approach combined text-mining
with some of the experimentally derived databases de-
scribed above (55).

3.9.4. Mass Spectrometry Databases. There are a few
nascent public mass spectrometry databases at this time.
The Open Proteomic Database (OPD) (56) and Peptide
Atlas Repository are two such examples. The OPD, at the
University of Texas-Austin, is roughly a collection of
1,200,000 spectra representing experiments from four
different organisms. The Peptide Atlas Repository (Insti-
tute for System Biology) contains the same type of data,
with additional quantitative filtering methods applied to
the received data.

3.9.5. Integration Databases. SeqHound (57) and Alias-
Server (58) are well-known examples of integration data-
bases, which combine data from multiple sources.
SeqHound combines sequence and structural information
with additional annotation data on the biomolecules in its
catalog. AliasServer provides a cross-reference service
that links the many different identifiers used by different
databases to refer to the same biomolecules. Both Seq-
Hound and AliasServer provide an application program-
mer interface (API) to aid the creation of computer
programs that access the databases over the Internet.

4. MODELING PROTEIN NETWORKS AND INTERACTIONS

Mass spectrometry, protein arrays (59), and the yeast two-
hybrid technique (60) can produce reams of raw protein–
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protein interaction data. Making sense of these data is a
major computational challenge in proteomics.

A natural representation for a collection of protein–
protein interactions is a graph. By way of review, a graph
G consists of a nonempty set of vertices V and a set of
edges E that potentially link vertices together. G¼ ðV;EÞ
where E¼fðu; vÞj u; v 2 Vg. A graph may be directed or
undirected. A directed graph is one in which each edge has
a direction (in other words, an edge from a to b is distinct
from an edge from b to a). Conversely, in an undirected
graph, an edge from a to b is the same as an edge from b to
a. The edges may also have associated numeric values,
typically called weights. (In a graph of cities and roads
between them, for instance, edge weights might corre-
spond to the speed limits on the roads.) The degree of a
vertex in a network is defined as the total number of
incoming and outgoing edges. Vertexes with high degree
are often called ‘‘hubs.’’ The degree distribution P(k) gives
the probability that a selected vertex has exactly k such
edges. The statistics of P(k) can be used to characterize a
graph, as discussed below.

Graphs appear frequently in the analysis of complex
systems. Elsewhere in biology, the genes in a regulatory
network and the metabolic chemicals in a cell are often
modeled as graphs. Maps of computers on the Internet,
transistors on a silicon chip, and people in social groups
(61) are also well suited to graph representations. The
theory of complex networks (62), originating in the mathe-
matics and physics community, has become increasingly
popular as a means of analyzing protein interaction net-
works.

If we consider the proteins to be a vertex set Vand their
interactions to be an edge set E, we can model protein–
protein interactions as a graph. Protein networks are
often represented as undirected graphs where a connect-
ing edge signifies a binding between two proteins.

Analysis of networks typically starts with classification
of the network architecture; protein networks are no
exception. Three common mathematical models for net-
work architecture include random networks, scale-free
networks, and hierarchical networks (63) (Fig. 7). In the
random network model, it is assumed that a fixed number
of nodes are connected to each other at random. The
vertices in random networks have Poisson degree distri-
butions. Most nodes have roughly the same number of
edges. The average path length ‘ � ln N, where N is the
total number of vertices.

Scale-free networks, by contrast, have a power-law
degree distribution. In scale-free networks, the probability
that a node has k links is PðkÞ � k�g, where g is the degree
exponent (64). Most nodes in scale-free networks have few
incoming/outgoing edges, whereas a handful of hubs have
many edges. Hubs can serve as gateways in terms of
network flow because they are linked to many other nodes.
The average path length in such networks ‘ � lnðln NÞ, so
messages may propagate more quickly random networks.

A scale-free network can be parameterized via a model
where the probability distribution of the number of edges
k is described as

PðkÞ¼ak�g: ð2Þ

Here, a is the proportionality constant and g is the degree
exponent (63). This construct results in a small number of
network hubs (nodes that have many interactions) rela-
tive to the more common nodes that have few links.

Modularity, local clustering, and scale-free topology are
jointly exhibited in many biological systems. Such systems
can be observed as combinations of recursive clusters
culminating in what is termed a hierarchical network. A
hierarchical design is formed through the interconnection
of sparsely connected nodes that are part of highly clus-
tered areas. Communication between the different highly
clustered neighborhoods is often mediated via hubs.

Studies have shown protein–protein interaction net-
works to be scale-free (65). Most proteins participate in
only a few interactions, whereas a few hubs participate in
many (61) (Fig. 8). Scale-free networks are vulnerable to a
targeted attack on a hub. In protein interaction networks,
it has been shown that knocking out high connected
proteins can cause catastrophic (lethal to organism) sys-
tem failure (66).

These models have been applied to protein–protein
interaction maps. Two early works (67,68) on the use of
high-throughput y2H approaches in identifying potential
protein–protein interactions between yeast proteins re-
sulted in the discovery of 183 and 692 protein–protein
interactions, respectively. Another study on C. elegans (69)
showed the utility of the y2H method in identifying 27
novel protein–protein interactions. In addition, it helped
to provide functional annotation for approximately 100
uncharacterized gene products in the worm via mapping
to orthologous clusters (70).

Another interesting area of current research is the
probabilistic prediction of protein interaction networks

Random network Scale free network with two hubs Hierarchial network
Figure 8. Subset of the yeast protein interaction
network (YHR200W is a hub here).
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(71). A study on yeast (72) correctly predicted the func-
tional category for 72% of the 1393 characterized proteins
with at least one partner of known function. This model
has also been applied to predict functions of 364 pre-
viously uncharacterized proteins in yeast. Experimental
data from various sources are used to construct a skeleton
of known interactions, and statistical inference methods
such as Bayesian networks can be used to predict or
ascertain interactions between proteins.

Recent research efforts have mapped protein interac-
tions into modules. Modules describe subgraphs (compris-
ing interacting proteins) required for a specific cellular
function. Understanding module function(s) requires di-
rect knowledge of the involved proteins, where the pro-
teins localized, and the module’s regulation mechanisms.
Integrating the information from different types of net-
works (metabolic, genomic, proteomic) can lead to a better
understanding of functional modules (73). Researchers
have also used protein–protein interaction maps to for-
mulate new biological questions and hypothesis and for
reducing problem complexity (74). The complete potential
of protein interaction maps has yet to be exploited. Much
promise resides in current interdisciplinary efforts aimed
at mining the rich data contained within such networks.

5. CONCLUSION

The abundance, submicroscopic size, and dynamic nature
of proteins have historically made them difficult to ex-
plore. On the other hand, these features also make
proteins an ideal complex system for engineering-based
analysis. Accurate sensors and signal processing methods
are needed to rapidly assay protein abundance and inter-
action. High-throughput robotic systems are needed to
increase efficiency and reduce the potential for error in
sample preparation and processing. Intelligent decision-
making systems for image analysis (e.g., for gels), feature
extraction, and other machine learning techniques will
reduce the burden on the scientist in analyzing experi-
mental results and make whole-organism proteome-based
experiments a reality.

Future research in proteomics will benefit from both
new data-gathering technology and new data-processing
methods. The field abounds with collaborative opportu-
nities: Whereas the design of a protein chip or novel
machine-learning algorithm may require skills in me-
chanical engineering or mathematics, the design of an
experiment and the interpretation of its results will
require the skills of a biologist or a biochemist. Innovative
approaches, ranging from constructing accurate cellular
models to building better detection instruments to formu-
lating experimental hypotheses, will drive the future of
proteomics. In this new era, proteomics is not merely
validating hypotheses but generating new ones.
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PULMONARY MECHANICS
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The function of the lungs is to exchange gases between the
environment and the blood. One principle step in this
process is the transfer of the gas between the environment
and the alveoli. In other words, lungs have to breathe, but
this takes pressure. For example, pressure is required to
drive gas along the pulmonary airways. Pressure is also
required to stretch the lung as it accommodates increased
gas volume. In a spontaneously breathing subject at rest,
these pressures are provided during inspiration by the
respiratory muscles and by the tendency of stretched
respiratory tissues to recoil to their resting configurations
during expiration. In a mechanically ventilated patient,
the pressures required to produce inspiration are provided
by a machine. Pulmonary mechanics is a general term
embodying those things that determine relationships
among gas pressures, flows, and volumes in the lung.

Pulmonary mechanics may change substantially in
certain lung diseases. For example, if the airways of the
lungs become narrowed during an asthma attack, their
resistance to air flow will increase. Conversely, in a
patient with severe emphysema, the parenchymal de-
struction that originates from the disease makes the lungs
more easily inflated than normal. The assessment of
pulmonary mechanics in patients is important for the
diagnosis of lung diseases and for following the progress
of therapy. It is also a key methodology in experimental
animals being used for research into the pathogenesis and
treatment of lung diseases.

The assessment of pulmonary mechanics can take place
at a variety of levels. At the simplest level, one can
consider empirical relationships between measured quan-
tities. However, although empirical measures constitute
the mainstay of clinical assessment of lung function, they
are nonspecific and usually give limited information about
exactly what pathology may exist in the lung and where it
is located. Potentially more information about the me-
chanical functioning of the lung can be obtained with the
paradigm of system identification. Here, the results of
applying a controlled perturbation to the lungs are inter-
preted using a mathematical model, which provides nu-
merical values for key parameters such as airway
resistance. However, this approach requires that the
model be a usefully accurate representation of the real
lung. Verifying that this is the case can be a significant
challenge because a model that captures the essential
elements of a healthy organ frequently fails to do so in
disease. Nevertheless, the system identification approach
at various levels of sophistication is widely used by
biomedical researchers.

1. COLLECTING PULMONARY MECHANICS DATA

What we know about pulmonary physiology is, like any
other branch of science, determined to a large extent by

what we can measure. In the case of respiratory me-
chanics, the things we need to measure are, for the most
part, pressures and flows of gas. Modern transducer
technology and the availability of laboratory computers
mean that these pressures and flows can be recorded with
great accuracy and temporal resolution (1). Consequently,
the quantitative relationships between respiratory pres-
sures and flows can be described and modeled in detail.

1.1. Measurement of Flow

The conventional device for measuring flow at the airway
opening (i.e., the mouth in a spontaneously breathing
patient or the entrance to an endotracheal tube in a
mechanically ventilated patient) is the pneumotacho-
graph, which consists of a known resistance (R) across
which a pressure difference (DP) is measured. The flow (V0)
through the device is then calculated as

V 0 ¼DP=R: ð1Þ

To satisfy Equation 1, the flow through the pneumota-
chograph must be laminar, which can be achieved with
either a fine-mesh screen or a parallel array of very small
conduits as the resistive element. The nature of the flow
profile inside a pneumotachograph is also affected by the
shape of the conduit leading into it, so it is advisable to
have straight lengths of tubing leading into the pneumo-
tachograph in both directions to condition the flow before
it reaches the point where DP is measured. Pneumotacho-
graphs should also contain a heating element so that
moisture will not condense in the resistive element and
change its characteristics during use.

Pneumotachographs typically have a frequency re-
sponse that is flat over the frequency range of normal
breathing. Depending on the design of the pneumotacho-
graph and the lengths of the connections to the associated
differential pressure transducer, significant degradation
in response may appear at a few tens of hertz, although
these can often be digitally compensated for up to more
than a 100Hz (2). The input impedance of a typical
pneumotachograph is sufficient not to influence the mea-
surement of V0 in humans and larger laboratory animals.
In mechanically ventilated mice, however, the flow of gas
traveling between a pneumotachograph and its differen-
tial pressure transducer may be significant compared with
the flow through the pneumotachograph, which imposes a
practical limit on the smallest useful pneumotachograph
that can be constructed (3).

1.2. Measurement of Volume

Changes in lung volume (V) during respiration can be
obtained by integrating V0 with respect to time (t). This
process can be done numerically on a computer, the simple
trapezoidal rule being sufficiently accurate for most appli-
cations at a data sampling rate of 100Hz. Integration of V0

invariably leads to a drift in the resulting V because of
several factors, including non-unity respiratory exchange
ratio, differences in temperature and humidity between
inspired and expired gas, and slight calibration errors.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



Accurately accounting for these effects is generally not
practical, so the usual practice is simply to remove the
linear trend in V over the epoch of interest. V can also be
measured directly by a volume displacement transducer
called a spirometer.

The measurement of changes in total body volume is
achieved with a body plethysmograph (often referred to as
a body box). Inside this sealed chamber, the subject sits or
lies (a typical adult unit might have a volume of 600L, an
infant unit commensurately less). Changes in total body
volume are reflected in changes in the pressure inside the
box according to Boyle’s law, or equivalently they are
measured by integrating the flow of gas leaving the box
through a calibrated resistance (pneumotachograph). This
process permits several measurements of clinical impor-
tance (4). For example, if the subject makes breathing
efforts against an occluded airway, the gas in the lungs
will be compressed and decompressed according to the
pressure developed. These pressures are measured just
behind the point of airway occlusion, whereas the com-
pressive changes in the volume of gas in the lungs lead to
equal and opposite changes in the volume of gas in the
box. The resulting changes in box pressure are then
related to the changes in airway pressure, again through
Boyle’s law, from which the absolute volume of gas in the
lungs can be calculated.

The volume of lung gas so determined can then be used
in another clinically important measurement. Here, the
subject breathes air from inside the box while flow is
measured at the mouth. To generate this flow, however,
the gas in the lungs must either be compressed or decom-
pressed to produce the necessary pressure gradient along
the airways. As before, the compressive volume change is
picked up in corresponding changes in box pressure. This
time, however, knowing the volume of gas in the lungs and
the amount by which it changes volume, one can use
Boyle’s law to determine the pressure change inside the
lungs at the level of the alveolus. The difference between
this pressure and the pressure at the mouth equals the
pressure drop across the pulmonary airways, which is
then divided by mouth flow to yield an estimate of airway
resistance.

1.3. Measurement of Pressure

Pressure at the airway opening (Pao) is essentially zero in
a spontaneously breathing subject and therefore of little
physiological interest. In a mechanically ventilated sub-
ject, however, Pao reflects the drive responsible for V0 and
V, and so it is a key mechanical variable. Pao is usually
measured laterally through a port in the conduit carrying
flow to the airway opening, which renders Pao susceptible
to being significantly underestimated by an amount DPB

caused by the Bernoulli effect (5):

DPB¼
brV 02

2p2gr4
; ð2Þ

where r is gas density, g is the acceleration of gravity, r is
the radius of the conduit, and b is a parameter greater
than or equal to 1.0 depending on the flow velocity profile.

DPB increases in magnitude by the inverse fourth power of
r, so it can quickly become a dominant factor as r shrinks.
The magnitude of the Bernoulli effect must always be
assessed in any situation involving the measurement of
lateral pressure in a flowing stream of gas, to be sure that
it is not giving rise to a significant artifact.

To assess the mechanical properties of the lungs in-
dependently from those of the chest wall, we need to know
the difference between Pao and the pressure in the pleural
space between the lungs and the chest wall. Pleural
pressure is not easy to measure and cannot be directly
obtained noninvasively. Fortunately, however, the pres-
sure inside the esophagus is a good reflection of pleural
pressure because the esophageal lumen is separated from
the outside surface of the lungs by only soft tissue.
Esophageal pressure (Pes) can be conveniently measured
by inserting a thin latex balloon on the end of a flexible
catheter into the lumen of the esophagus via the nose.
Multiple holes are made along the walls of that part of the
catheter inside the balloon, so that there is always some
communication between the catheter lumen and the bal-
loon. A small volume of air is pumped into the balloon (just
enough to make sure it clears the catheter, but not enough
to stretch the balloon walls), and a pressure transducer is
then attached to the proximal end of the catheter. This
device, which is known as the esophageal balloon, can be
in place for hours at a time and yields continuous mea-
surements of Pes.

The proper placement of the balloon in the esophagus
can be assessed by the so-called occlusion test (6), in which
a subject makes inspiratory breathing efforts against an
occluded airway. As there is no change in lung volume
during this maneuver, the swings in Pao and Pes should be
equal, so that plotting Pao against Pes should produce a
straight line with a slope of 1.0. In practice, the slope is
usually a few percent away from 1.0. Measured Pes signals
may then be corrected by division by the slope value,
which converts the measured signal to that which would
be obtained if the slope was 1.0.

Figure 1 depicts the major measurement sites for
respiratory data in a mechanically ventilated patient.

The direct measurement of sub-pleural alveolar pres-
sure (PA) in animals has greatly advanced the science of
pulmonary mechanics in recent years. PA is measured
with the alveolar capsule technique (7) in which a small
plastic capsule is attached to the exposed pleural surface
of the lung with cyanoacrylate glue. This process isolates a
small region of the pleural surface inside the capsule,
which is then punctured with a needle. If this is done
carefully, there is generally little bleeding from the punc-
ture holes (making the holes with a cautery needle
reduces the likelihood of bleeding). Finally, a small piezo-
resistive pressure transducer is lodged in the conduit
leading to the capsule chamber, which now communicates
directly with the alveoli just under the pleural surface. In
this way, PA can be measured in vivo at several sites
simultaneously.
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2. EMPIRICAL MEASURES OF PULMONARY MECHANICAL
FUNCTION

Most clinical assessment of lung function is based on a
phenomenon known as expiratory flow limitation (8,9).
The magnitude of the flow leaving the lungs does not
increase indefinitely with the expiratory pressure gener-
ated by the respiratory muscles, but it approaches a
maximum value that is not exceeded regardless of effort.
The maximum expiratory flow depends strongly on lung
volume and is decreased in diseases such as asthma and
bronchitis. Consequently, the shape and position of the
phase-plane plot of V0 versus V during a maximal expira-
tory effort is diagnostic of lung disease. The most common
parameter derived from this plot is the volume of air
expired in the first second of a forced expiration after a
maximal inspiration, which is known as FEV1.

Several mechanisms have been postulated to underlie
the phenomenon of expiratory flow limitation. At the
simplest level, flow limitation can be understood for the
viscous effects of gas flowing along collapsible airways.
Consider the intrapulmonary airways to behave like a
compliant conduit with most of its length located inside an
inflatable compartment. A positive pressure P (relative to
atmospheric) in the compartment causes it to empty by
creating a pressure gradient along the conduit. However,
P also impinges at every point along the outer walls of the
conduit, which creates a transmural pressure across the
walls of the conduit that increases from zero at its distal
end to P at the airway opening. As P increases inside the
compartment, the lumen of the conduit will start to
narrow at its downstream end, which will increase its
flow resistance. Flow becomes limited when anymore
increases in the driving pressure along the conduit are

offset by increased luminal narrowing. The precise point
along the airway that this limiting process takes place in
an actual lung (the so-called choke point) varies with lung
volume and the mechanical properties of the airways and
parenchyma.

Another explanation for flow limitation is based on the
Bernoulli effect mentioned above. As V0 along a compliant
airway increases, so does the decrement in lateral pres-
sure given by Equation 2, with concomitant narrowing of
the airway. Eventually, the rate of narrowing offsets the
rate of increase in driving pressure, which again leads to a
flow that does not increase with additional effort. In
reality, the Bernoulli effect may lead to the airway closing
completely. As soon as this happens, V0 and DPB both go to
zero and the airway reopens. The cycle then repeats,
which leads to airway flutter that may be audible.

Yet another explanation for flow limitation, and the one
that is currently accepted as the most relevant to the lung,
is that based on wave speed (10). The idea here is that flow
is transported along a compliant airway by the movement
of elastic waves in the airway wall. The velocity of these
waves then determines the maximum speed of bulk trans-
fer of gas through the airway. The wave speed n for small-
amplitude waves is given by (8)

n¼

ffiffiffiffiffiffiffiffiffiffiffiffi

A

r
dP

dA

s

; ð3Þ

where r is the gas density, A is the cross-sectional area of
the airway, and P is the transmural pressure across the
airway wall. Interestingly, Equation 3 is identical to that
governing maximal flow according to the Bernoulli me-
chanism described above (11).

Signal
conditioners

Antialiasing
filters

Analog−digital
converter

Computer
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Ptr
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Figure 1. Measurement setup for assessment of
pulmonary mechanics in a mechanically ventilated
patient shows gas flow (V0) measured with a penu-
motachograph, airway opening pressure (Pao) mea-
sured through a lateral tap, and esophageal
pressure (Pes) measured with a balloon catheter
placed in the esophagus.
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Maximal flow decreases with decreasing airway radius,
which explains why asthmatic people have a reduced
FEV1 compared with normal people. Maximal flow is
also decreased as the airway wall becomes less stiff, which
explains why maximal flow decreases with decreasing
lung volume; as volume decreases, so does the tension in
the alveolar walls that tethers the pulmonary airways,
which makes the airways more collapsible. This charac-
teristic explains why FEV1 is reduced in subjects with
abnormally compliant emphysematous lungs (12).

FEV1 is a sensitive parameter diagnostic of lung dis-
ease, but it has poor specificity in that a lower-than-
expected value can indicate either that the airways are
not as patent as they should be (obstructive pulmonary
disease) or that there was a problem in expanding the
lungs properly in the preceding maximal inspiration (re-
strictive pulmonary disease). When coupled with a mea-
sure of the total volume of gas expired during an entire
forced expiration, which is known as forced vital capacity
(FVC), one can differentiate between obstructive disease
(both FEV1 and the ratio FEV1/FVC are lower than
normal) and restrictive disease (FEV1 is lower than
normal but FEV1/FVC is normal) (8,9,13).

The great advantage of the forced expiratory maneuver
from a clinical standpoint is that it is completely noninva-
sive and requires only that the subject exhale forceably. It
is thus applicable to all patients except young children
and patients with certain neuromuscular pathologies. For
the same reason, however, forced expiratory maneuvers
have limited utility as a research tool in laboratory
animals. Linking changes in FEV1 and FVC to abnormal-
ities in lung structure is also nontrivial, although some
computational modeling studies have produced realistic
simulations (14).

3. SYSTEM IDENTIFICATION OF PULMONARY
MECHANICS

The assessment of pulmonary mechanics in both human
patients and experimental animals can be viewed as an
exercise in system identification in which an input (con-
ventionally V0) is applied to the lungs while a correspond-
ing output (conventionally Pao) is measured. V0 and Pao
are then related to each other through an appropriate
mathematical model of the lung. The particular nature of
the input V0 determines what information about lung
mechanical function will be obtained, and consequently
which model should be invoked to embody this informa-
tion.

Provided the mechanical behavior of the lung can be
considered linear, it can be encapsulated in a general way
as a complex quantity called impedance, which is the
pulmonary analog of electrical impedance where pressure
takes the place of voltage and flow takes the place of
current. In particular, Pao and V0 are related in the
frequency domain as

PaoðoÞ ¼ZðoÞV 0ðoÞ; ð4Þ

where ZðoÞ is the respiratory input impedance (15);

PaoðoÞ and V 0ðoÞ are the Fourier transforms of Pao(t)
and V0(t), respectively; and o is the angular frequency. If
V0(t) is measured at the airway opening while Pao(t) is
replaced by pressure measured at the body surface (such
as would be relevant if pressure oscillations were applied
around a subject in a body plethysmograph), then their
relationship in the frequency domain is defined by trans-
fer impedance (16).

The forced oscillation technique (15) is a general term
for methods that apply broad-band V0 signals to the air-
way opening, measure the resulting Pao, and calculate
Z(o). Broad-band signals allow Z(o) to be determined at
multiple different frequencies simultaneously. This pro-
cess is much quicker than investigating each frequency
separately, which may be crucial when the system under
study is changing with time. Several devices can apply
broad-band V0 to the lungs, including loudspeakers (15),
piston oscillators (3), ventilators with nonsinusoidal flow
patterns (17), and flow interrupter valves (18). In fact,
anything that causes V0 to be other than a single sine wave
is, in principle, suitable as a broad-band perturbation
device. The V0 and Pao signals produced by the forced
oscillation technique may be measured with the transdu-
cers described above. An alternative approach is provided
by the wavetube (19) that uses what is effectively a
complex pneumotachograph to determine ZðoÞ. Flow os-
cillations can be applied to an apneic subject, or over the
top of spontaneous breathing. In the latter case, the
frequency content of the applied oscillations must not
overlap the spectral content of the breathing pattern.

The best implementation of the forced oscillation tech-
nique requires careful construction of the perturbating V0

signal that is to be applied to the lungs. The preferred
approach is to superimpose sine waves with frequencies
distributed across the range of interest. The amplitudes of
the sine waves are chosen to give good signal-to-noise at
each frequency of interest. The phases of the sine waves
may be chosen arbitrarily, for example, to minimize the
peak–peak excursions in V0 (20). It is also possible to apply
a forced oscillation in V0 that serves to simultaneously
identify pulmonary mechanics and ventilate the subject
(17).

Calculation of ZðoÞ is predicated on the assumption
that the system being studied is linear, because any signal
power put into such a system at a given frequency
influences the output only at the same frequency. If a
sine wave is input to a nonlinear system at a given
frequency, it will in general give rise to output not only
at that same frequency but also at harmonics of that
frequency. Nonlinear systems can produce harmonic dis-
tortion with composite signals (21,22); in which case, it
may be impossible to tell which frequencies in the input
contribute to a given frequency in the output. V0 signals
that are composed of mutually prime frequency compo-
nents can significantly reduce this problem (23,24).

ZðoÞ measured in the healthy lung exhibits a charac-
teristic magnitude and shape as a function of o. The
diagnostic potential of ZðoÞ originates because in disease
or after certain interventions, it may change in a way that
is indicative of the particular structural changes involved.
For example, when bronchoconstriction is induced in

4 PULMONARY MECHANICS



experimental animals by application of drugs like hista-
mine and methacholine, the real part of ZðoÞ (resistance)
becomes elevated as a result of the narrowing of the
airways (25,26). Bronchoconstriction is also invariably
accompanied by the development of significant regional
inhomogeneities in mechanical function throughout the
lung (27,28), which can even lead to widespread airspace
closure resulting in an increase in overall lung elastance
(28,29).

A fundamental problem with measuring ZðoÞ is that
when the lungs become severely bronchoconstricted, much
of the flow applied to the airway opening can be shunted to
the central airways (28). As a result, relatively little
information is obtained about the nature of the distal
lung. Transfer impedance is obtained when pressure is
oscillated at the body surface while flow is measured at the
airway opening (or conversely, when pressure oscillations
are applied at the airway opening and flow is measured at
the body surface). Transfer impedance is relatively un-
affected by central airway shunting and regional ventila-
tion inhomogeneities (16).

4. MATHEMATICAL MODELS OF PULMONARY
MECHANICS

Mathematical models play a central role in our under-
standing of pulmonary mechanics, and they indeed are
inseparable from this understanding. The simplest phy-
siologically reasonable model of lung mechanics is a linear
single-compartment model consisting of an elastic unit
(representing the lung tissue) served by a rigid conduit
(representing the pulmonary airways). This model can be
inflated and deflated to mimic breathing and is character-
ized by a single state variable, the volume V of gas in the
elastic compartment. Figure 2 shows a realization of the
single-compartment model that is readily analyzed math-
ematically. The alveolar compartment consists of a pair of
telescoping canisters connected to each other by a spring,
which becomes stretched as the compartment inflates. The

tension generated in the stretched spring produces a
pressure inside the compartment that tends to make the
compartment want to return to its original volume in the
same way that relaxing the respiratory muscles after an
inspiration causes expiration.

If we assume that the tension in the spring increases
linearly as the spring is stretched past its relaxed length,
and that the pressure difference between the proximal and
the distal ends of the conduit increases linearly with flow,
we arrive at

PtpðtÞ¼ELVðtÞþRLV
0ðtÞþP0; ð5Þ

where the quantities EL and RL are known, respectively,
as the elastance and resistance of the lung. Ptp is gen-
erally not zero when V and V0 are both zero, so we must
account for this with an extra pressure term (P0) on the
right-hand side of Equation 5.

Figure 3 shows examples of Ptp, V, and V0 measured
over a single breath in a mechanically ventilated patient.
Also shown is the fit to Ptp provided by Equation 5. The fit
is obviously extremely good, and accounts for most (96%)
of the variation in Ptp, the remainder being mostly from
oscillations caused by the beating heart. In some in-
stances, there may be additional systematic differences
between the measured Ptp signal and that predicted by
the model. Improvements in fit can be obtained by adding

RL

EL

Figure 2. Single-compartment linear model of pulmonary me-
chanics with resistance RL and elastance EL.
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(Ptp) signals measured in a mechanically ventilated patient
together with the fit provided by Equation 5.
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terms to the model, which can be done, broadly speaking,
in two ways: by making the model nonlinear and by
adding more mechanical degrees of freedom.

As a simple example of a nonlinear model, suppose that
the resistance of the airway was to increase with flow
according to

RL¼K1þK2jV
0j; ð6Þ

where K1 and K2 are constants and the vertical bars
denote the absolute value of the enclosed quantity (neces-
sary because resistance opposes gas flow regardless of its
direction). Equation 6 is well known in respiratory phy-
siology as Rohrer’s equation (30), and it is supposed to
describe fluid flow through a conduit when both laminar
and turbulent flow regimes are present. Equation 6 can be
substituted into Equation 5 to produce a four-parameter
model of pulmonary mechanics. Another possible nonli-
nearity is to make EL increase with V, as happens in a real
lung. A simple way to implement this is to give EL a linear
dependence on V (31); thus,

EL¼L1þL2V; ð7Þ

where L1 and L2 are constants. Equation 7 can also be
substituted into Equation 5.

These models are convenient to fit to data because their
various parameters can be estimated by multiple linear
regression (30–32). They can also be fit with recursive
multiple regression (33), which has proven useful for
tracking changes in lung mechanics after acute interven-
tions (25,27). This characteristic does not apply to all
plausible models of pulmonary mechanics, however. For
example, the elastic recoil pressure of the lungs increases
rapidly as total lung capacity is approached, because of
the stiffening of the lung tissues. The pressure-volume
curve measured during a very slow or step-wise deflation
from total lung capacity is frequently described by the
exponential equation (34)

V ¼A� Be�Kp; ð8Þ

where A, B, and K are constants. Sigmoidal equations
have also been proposed (35).

The models considered thus far are based on the
assumption that the lungs are homogeneously ventilated;
that is, each region of the lung behaves mechanically like
every other region. However, even a healthy lung has
asymmetries in its structure that make it easier for air to
reach some alveolar regions instead of others. In diseased
lungs, the assumption of mechanical homogeneity gener-
ally fails badly. A model that specifically incorporates
ventilation inhomogeneity requires either two or more
distinct alveolar compartments to create parallel inhomo-
geneity (36,37) or a compliant airway compartment giving
rise to serial inhomogeneity (38). Ventilation inhomogene-
ity, however, is not the only way to have more than one
degree of freedom in the lung. We have assumed so far that
elastic recoil pressure is purely a function of lung volume.
In fact, recoil pressure depends markedly on lung volume

history because the tissues of the lung are viscoelastic.
Such behavior can be approximated by the Kelvin body, or
a linear viscoelastic solid (Fig. 4), which predicts an
exponential time-course for adaptation in Ptp after a
step change in V (39).

Both the viscoelastic behavior of lung tissue and the
regional heterogeneities of ventilation throughout the
lung cause the parameters RL and EL (Equation 5) to
vary with the frequency at which lung volume is cycled.
Consideration of the Kelvin body during volume cycling
shows how this variation happens in the case of viscoe-
lasticity. The distance between the two horizontal bars in
the Kelvin body in Fig. 4 is the analog of lung volume.
When lung volume cycles very slowly, the dashpot with
resistance R in Fig. 4 is given time to move under the
influence of the spring with elastance E2. That is, as soon
as the spring becomes stretched, it exerts a force on the
dashpot that then slides toward the force to dissipate it.
Consequently, the elastic behavior of the system is deter-
mined almost entirely by the spring with elastance E1,
which always follows lung volume precisely. Correspond-
ingly, the system has a resistance from the energy dis-
sipated through the dashpot. By contrast, when lung
volume cycles at a high frequency, the dashpot has little
time to slide in response to any tension in its attached
spring before the tension reverses direction. Conse-
quently, both springs are forced to follow lung volume, so
the elastic characteristics of the system are given by the
sum of E1 and E2, whereas the minimal dissipation
occurring in the dashpot leads to an apparent system
resistance that approaches zero.

The frequency dependence of RL and EL is embodied in
ZðoÞ, which on its own is nothing more than an empirical
characterization of pulmonary mechanics. Even though
ZðoÞ contains all the mechanical information there is
about the system (provided the assumption of linearity
holds), how this information relates to the internal struc-
ture of the lung is not immediately obvious. As always,
linking mechanical function to anatomic structure re-
quires a mathematical model. The impedance of the
single-compartment linear model (obtained by taking the
Fourier transform of Equation 5) is

ZðoÞ ¼RL �
iEL

o
: ð9Þ

E1

E2

R

Figure 4. The Kelvin body model of tissue viscoelasicity. E1 and
E2 are elastic constants, and R is a resistance.
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Note that the real part of this ZðoÞ is a constant for all
values of o and is equal to the resistance of the single-
compartment linear model (Fig. 2). For this reason, the
real part of any measured ZðoÞ, although not generally
constant with o, is still always called resistance. The
imaginary part of Equation 9 is a negative hyperbolic
function of o and is called reactance. Both the real and the
imaginary parts of Equation 9 differ significantly from
reality; when ZðoÞ is measured experimentally, its real
part exhibits a marked decrease with o over the breath-
ing-frequency range, whereas its imaginary part crosses
the horizontal axis to become positive at around 6Hz
because of the inertia (I) of the mass of the gas in the
central airways. This latter effect can be accounted for by
adding an inertive term to ZðoÞ; thus,

ZðoÞ¼RLþ i oI �
iEL

o

� �

: ð10Þ

Below frequencies at which acoustic effects start to man-
ifest, the frequency dependence of the real part of ZðoÞ can
be modeled by the Kelvin body (Fig. 4), which has im-
pedance ZkðoÞ (40)

ZkðoÞ¼
E2

2R

E2
2þo2R2

� i
ðE1E

2
2þo2R2ðE1þE2Þ

oðE2
2þo2R2

2Þ

� �

: ð11Þ

However, a significantly better and simpler description of
ZðoÞ is provided by (23)

ZðoÞ¼RN þ ioIþ
G� iH

oa ; ð12Þ

where

a¼
2

p
tan�1

H

G
: ð13Þ

This model incorporates a Newtonian resistance RN

(which has been shown to approximate the flow resistance
of the airway tree), an airway gas inertance I, and two
terms G and H that account, respectively, for energy
dissipation and storage in the pulmonary tissues. Because
the ratio of the real and the imaginary parts of the tissue
component (i.e., G/H) does not vary with o, this model is
sometimes referred to as the constant-phase model. Fig-
ure 5 shows an example of the fit provided by Equation 12
to ZðoÞ measured in a dog challenged with methacholine.

It is not possible to describe a simple lumped-para-
meter model corresponding to Equations 12 and 13, such
as the spring-and-dashpot model represented by Equation
11. Indeed, Equations 12 and 13 correspond not to a
conventional type of differential equation in the time
domain, but to an equation involving a fractional deriva-
tive of time (41). Such an equation has a transient
response in t that is a power law rather than an exponen-
tial, and so it represents a fractal system with no char-
acteristic time scale. Lung tissue exhibits stress
adaptation after a sudden change in length that is accu-
rately described by the function t� k (42), where k is a

small constant. This behavior is observed over several
decades of t, and so it is not accurately described by the
Kelvin body.

The mechanical properties of lung tissue become even
more intriguing when the amplitude of oscillation is
increased to the point where the elastic nonlinearities
start to become important. The concept of impedance
breaks down at this point because the dynamic relation-
ship between Ptp and V0 now depends on the amplitude of
V0. However, for reasons that are not completely under-
stood, this dependence takes on a special form in which
the Ptp can be derived from V0 by passing the latter
through a linear dynamic system either preceded or
followed by a static nonlinearity (43–45).

Some investigators have examined respiratory and
pulmonary impedances up to frequencies greater than
100Hz (29,46). When the wavelength of sound becomes
comparable with the dimensions of the lung, partial
differential equations must be invoked to describe the
data. Other investigators have measured impedance
from novel sites, such as at the level of the alveolus by
applying forced oscillations in V0 through an alveolar
capsule (47). This process provides mechanical informa-
tion about very small regions of the lung just under the
pleural surface (48).

Our understanding of pulmonary mechanics, thus,
advances through the progressive development of novel
means for probing the lung coupled with anatomically
motivated mathematical/computational models. This pro-
cess leads to the development of tools for the scientific
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Figure 5. Fit of the constant-phase model (Equation 12) to
impedance measured in a dog under control conditions (filled
triangles) and at various levels of bronchoconstriction induced by
histamine (reproduced from Reference 26 with permission).
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investigation of the lung, for studying therapeutic agents
and modalities, and for the diagnosis of lung disease in
patients.
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1. BASIC PRINCIPLES

1.1. Introduction

Pulmonary medicine is concerned with the prevention and
treatment of diseases that affect the lungs and the entire
respiratory system as well, i.e., the muscles that create the
pressures needed to bring air into and out of the lungs, as
well as the sensors and the respiratory neurons that set
the level and pattern of breathing. The respiratory system
provides oxygen for body metabolic needs and rapidly
removes in the form of carbon dioxide the acids produced
as a result of metabolic processes. It is functionally and
structurally linked to other systems such as the cardio-
vascular and renal system, which also act to maintain
tissue oxygenation and acid–base balance.

The lung is the primary interface of the respiratory
system with the outside world, and because breathing
involves the daily exchange of almost 7500 L of air con-
taining microorganisms and injurious particles, the lung
is the part of the respiratory system most commonly
affected by disease. The protective mechanisms employed
by the respiratory system include the cleansing action of
the cilia in the airways acting on the lining mucus. The
lung also conditions the inspired air, warming it and
adding moisture because excessive heat or water loss
from the airways may predispose to asthmatic attacks.

Bioengineering applies the scientific approaches of
biology, physics, chemistry, and engineering to develop
mathematical models, diagnostic tests, and devices to
treat and support patients with respiratory diseases.
Because of the complexity of the respiratory system, this
article will emphasize the use of mathematical models to
describe and explain pathophysiological processes. Math-
ematical models are a particularly important contribution
of biomedical engineering to translational research, allow-
ing findings in the laboratory in animals and humans to be
applied at the bedside.

1.2. Overall Operation of the Respiratory System

Breathing functions to supply expeditiously adequate
amounts of oxygen to the body and remove carbon dioxide.
Breathing is controlled so that levels of carbon dioxide and
oxygen in the arterial blood are kept within narrow limits
so that respiratory failure, which is characterized by
hypoxia and elevated levels of carbon dioxide, is avoided.

The healthy respiratory system delivers the oxygen
breathed into the lung to the alveoli (air sacs) and from
there through the membranes surrounding the alveoli to
the blood in the capillaries and ultimately the systemic
arterial blood with minimal drop in oxygen tension.

1.2.1. Ventilation. The quantity of oxygen delivered to
the blood and CO2 removed is a function of both the
magnitude of ventilation and the ability of O2 and CO2

to diffuse across the lung into the pulmonary capillaries.
Airflow depends on the force generating ability of the
inspiratory muscles and the fluid dynamic resistance to
air movement into the alveoli, which in turn depends on
the mechanical characteristics of the lung, i.e., the resis-
tive and elastic properties of lung tissue. The force gen-
erating ability of the respiratory muscles is greater if their
precontraction length increases, the velocity of their con-
traction slows, and their strength improves. Resistance to
airflow begins in the upper airways, the nasal passages,
the throat, and the larynx and depends on the muscle tone
and the effects of CO2 and O2 on the skeletal muscles that
line the upper airway. CO2 and low O2 decrease resistance.
The resistance to airflow in the intrathoracic airways
varies with lung volume and with the activity of the
autonomic nerves that innervate the smooth muscles of
these airways.

1.2.2. Gas Exchange. The quantity of O2 and CO2 trans-
ported to and from the blood by diffusion is greater when
the surface area in the lung that is available for gas
exchange expands and the diffusion coefficient across the
tissues making up the air/blood interface is larger. The
surface area available for diffusion depends on the even-
ness of the distribution of ventilation to perfusion. When
this ratio differs in the various regions of the lung, the
efficacy of gas exchange suffers, as shown by an increase in
the gradient of oxygen partial pressures between the
alveoli air and the arterial blood.

Gravity acts on the blood and tissues in the lung by
altering blood distribution as position is changed as well
as by changing the ratio of ventilation to perfusion in
different lung regions. In a much simplified way, the lung
is made up of air sacs surrounded by a thin fluid (blood)
filled but pliant mesh made up of the pulmonary capil-
laries. Because of the difference in density of air and fluid
and the distensibility of both air spaces and capillaries,
gravitational forces alter the mechanical forces opposing
inspiration by changing the position of each portion of the
lung on its pressure/volume relationship. The changes are
such that upper parts of the lung are the most expanded
and the least perfused and ventilated but have the highest
ratio of ventilation to perfusion. On the other hand, the
greater part of the inspired air and perfusion goes to the
lower regions of the lung, but this region has the lowest
ventilation/perfusion ratios.

The blood in the capillaries is separated from the air in
the alveoli by collagen and elastic fibers and by a lipopro-
tein surfactant layer that reduces surface forces and thus
keeps the air sacs open. These elements are responsible
for the elastic properties of the lung and for the pressures
developed as the lung is expanded and for the hysteresis
seen as the lung is inflated and deflated. Mathematical
models of lung mechanics, which may aid in diagnosis,
have been constructed that give insight into how its
structure affects gas exchange (1,2).
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1.2.3. Fluid Balance in the Lung and Its Effects on Gas
Exchange. To function effectively in gas exchange, the lung
needs to be dry (3). This condition requires a delicate
balance of hydrostatic and osmotic forces between the
intravascular and the extravascular spaces of the lung
as well as adequate lymphatic flow to help drain excess
fluid from the lung. Increases in vascular pressure and/or
diseases, which alter capillary permeability, can cause
fluid and protein to flow out of capillaries into the alveolar
space. Inhomogeneities in pressure and permeability also
affect fluid and protein exchange across the capillary. The
capillaries have pores, which vary in size and add to the
unevenness, and there may be unevenness in lymphatic
flow. The considerable variability in alveolar-capillary
membrane thickness and in pore size has led to the
construction of models in which pores are considered to
vary continuously in size or that membrane barrier con-
sidered to be fractal in nature (4). Several different models
varying in complexity have been proposed to account for
the life-threatening medical problem that occurs when
fluid is exuded into the alveoli (pulmonary edema). The
edema formation that results from increases in vascular
pressure is treated differently from edema because of
altered vascular permeability.

1.2.4. Regulation of Breathing. The ventilation rate is
regulated by a system that involves respiratory neurons
that drive the respiratory muscles and determine the size
and frequency of occurrence of breaths, central chemor-
eceptors that detect changes in the levels of CO2 in the
brain; the peripheral chemoreceptors in the arterial blood
that detect changes in the partial pressures of both O2 and
CO2; the mechanoreceptors in the lung and airways that
sense volume changes; and the mechanoreceptors in the
muscles and skeleton that detect varying levels of force
and help adjust breathing patterns if the mechanical
forces impeding breathing change. The partial pressure
of O2 and CO2 in the arterial and cerebral blood, as
measured by the chemoreceptors, are kept within narrow
limits by a proportional control feedback system, which
tries to minimize the changes that occur with changes in
the environment or disease.

Besides input from chemoreceptors, the control system
receives neural input from higher brain centers, which
varies with emotional state and level of consciousness. Of
these higher brain center influences, the sleep–wake cycle
is probably the most important. In addition to affecting
ventilation, these neural factors can influence the caliber

of the airways and can adjust the force of contraction of
the respiratory muscles as the load on them changes.

Disease in any element of the control system can affect
regulation and produce hypoxia and deviations from
normal in the partial pressure of CO2 and O2.

Regulation, however, can also be upset by the intrinsic
nature of feedback systems. Even when all elements of the
respiratory system are normal, the control system can
have episodes of instability caused mainly by the many
nonlinearities and thresholds embodied in the elements of
the system so that periods of little or no breathing occur.

Ventilation is somewhat variable on a breath-to-breath
basis, although over a period of time in the absence of
disturbances, the average ventilation must meet the
metabolic requirement for O2 and CO2 balance. For suffi-
ciently modest disturbances, ventilation will undergo
damped oscillations, which subside. For more intense
disturbances, ventilation will oscillate for longer periods,
and if apneas are present in the response, the response is
said to be unstable. This definition is imprecise, but
instabilities evident in physiological systems do not match
the neat mathematical definitions for linear and nonlinear
systems. But perturbations in ventilation originate not
only from the feedback nature of the chemical/neural
control system but also from external inputs to the
respiratory system, and changes in consciousness (5).

1.3. Functional Classification of Pulmonary Diseases

Table 1 lists common diseases that affect different ele-
ments in the respiratory system. Pulmonary physicians
routinely use tests of lung function to diagnose disease
and evaluate the results of treatment developed in part by
the application of engineering principles to the lung.
These tests include measurements of lung volumes such
as the vital capacity (the maximal volume of air that can
be exhaled after a maximum inhalation); airflow rates by
measuring the percent of the vital capacity that can be
expired in 1 second; and the determination of lung diffus-
ing capacity by measuring the disappearance of an in-
dicator gas-like carbon monoxide in a fixed period of time.
Arterial oxygen saturation can now be measured noninva-
sively from the fingertip and is often included in the set of
routine tests. Based on the results of these tests, lung
disease has been categorized as obstructive or restrictive.
Obstructive diseases affect the airways by decreasing
airflow rates, which distends the lung as a result of air
trapping during expiration but in its purest form has no

Table 1. Common Respiratory System Diseases

Central Nervous System
Respiratory

Muscles Upper Airways
Intrathoracic

Airways Chest Wall Lung Tissue

Sleep apnea Diaphragm
paralysis

Obstructive sleep
apnea

Asthma Arthritis Emphysema

Primary muscle
disorders

Sinusitis Bronchitis Obesity Pulmonary fibrosis

Stroke Laryngitis Cancer Cancer
Idiopathic alveolar

hypoventilation
Pharyngitis Pneumonia

Spinal cord injury Tumors
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effect on gas exchange. Restrictive diseases, on the other
hand, affect the lung tissue (parenchyma) or the chest
wall, hampering movements, decreasing lung volumes,
and impairing gas exchange.

Routine lung function tests have important limitations.
Lung diseases eventually affect both airways and the lung
parenchyma but sometimes even at its earliest stages so
that most often lung diseases have both restrictive and
obstructive components. Emphysema, for example,
usually causes airway inflammation but destroys alveolar
tissue as well, and asthma once thought of as a strictly
airway problem also seems to have an effect on the lung
parenchyma. Another complication is that most disease
processes are patchy rather than uniform so that abnorm-
alities in specific lung function tests occur at different
stages of the disease. For example, gas exchange ineffi-
ciencies resulting from localized pathology in the lung are
often the first indication of lung disease (which often
requires the tests described later in addition to the diffus-
ing capacity), whereas changes in overall mechanical
properties as measured by maximal flow rates occur later.
It is only in severe lung disease that arterial blood hypoxia
occurs; elevation of carbon dioxide levels appears even
later. On the other hand, diseases that affect the control
system or the respiratory muscles produce both hypoxia
and hypercapnia with no or little change in routine lung
function.

Many mathematical models have aimed at developing
diagnostic tests that would allow the complex effects of
lung diseases to be separated and permit the earliest
stages of disease to be identified. This effort has led to a
battery of additional tests that are used by researchers
and to varying extents by clinicians.

Although no existing model includes all of the features
that can be affected by disease, they have helped organize
physiological and anatomical data and often have helped
to explain pathological processes. They have also been
useful in identifying targets for treatment and in design-
ing and evaluating new therapies. Many respiratory dis-
eases, if their progress cannot be checked, produce
hypoxia and hypercapnia (respiratory failure). Ventilators
with considerable flexibility in the flow and pressure
waveforms they can produce have been invented to restore
normal levels of oxygen and carbon dioxide. These venti-
lators often have the capability of monitoring the patients’
lung function and instituting appropriate changes in
ventilation.

2. ANALYSIS OF DISEASE MECHANISMS

2.1. Analysis of the Factors Affecting Airflow Rates

Useful information concerning disease processes can be
obtained from even the simplest models of lung mechanics
made up of a single resistance and capacitance in series.
However, simulation of the nuances and complexities of
disease processes requires more elaborate constructs that
include the following: asymmetries of intrathoracic airway
branching; spatial variations in the distribution of resis-
tances and elastances; the viscoelastic properties of lung
tissue that cause pulmonary responses to demonstrate

hysteresis and stress relaxation; and the nonlinear rela-
tion of pressure to flow that leads to laminar flow in the
smaller airways and turbulent flow in the larger ones.
More complex mathematical models of lung mechanics,
which may aid in diagnosis, have been constructed that
give insight into how its structure affects gas exchange
(1,2). The number of distinct elements that can be resolved
in these models from measured signals, however, limits
their level of detail.

Measurements of maximum inspiratory and expiratory
flow rates produced by voluntary efforts are an important
diagnostic tool used in pulmonary medicine. The assess-
ment of the maximal rate of inspiratory flow evaluates
mainly the force generating ability of the inspiratory
muscles. Muscle force can be reduced by primary muscle
disease or if the inspiratory muscles begin their contrac-
tion at a subnormal length because of lung distention as in
obstructive lung diseases. However, even in health, max-
imal expiratory flows depend largely on the mechanical
properties of the lung because the expulsive force devel-
oped by the expiratory muscle during maximal efforts
acting on compressible airways causes a ‘‘choke’’ point to
develop limiting flow (6,7). During maximal expirations,
only the peak flow rates that occur during the first quarter
of a maximal expiration are dependent on muscle
strength. As expiratory flow continues, maximal flow
becomes independent of muscle force and depends on the
elastic recoil of the lungs propelling air out against the
resistance offered by the airways. Hence, flow rates during
the later portions of a maximal expiratory effort are
valuable indices of the state of the lung.

Although diseases, that affect the smaller airways
increase the unevenness of ventilation distribution, unless
these changes are widespread, they do not affect airflow
resistance at rest or exercise or even during voluntary
maximal expiratory efforts because the smaller airways
are responsible for only a small portion of total airway
resistance (about 20% in the healthy lung).

Several mathematical studies of the factors affecting
maximal expiratory airflows and the assessment of re-
spiratory mechanics have been conducted. Using an asym-
metric lung model that included choke points, and taking
into consideration separate airflows from several indepen-
dent alveolar compartments, Polak and Lutchen captured
the main characteristic of maximal expiratory flow-vo-
lume curve produced by humans (8).

Some models take into account the nonlinear mechan-
ical characteristics of lung tissues (9). Both rate-indepen-
dent (plastic processes such as stress-relaxation) and rate-
dependent viscoelastic properties influence airway beha-
vior. Some have attempted to base models of the mechan-
ical properties of the airways and lungs on the viscoelastic
properties of polymers, assuming that the connective
tissue fibers in the lung can be considered to be long
flexible biopolymers (9). Values of lung tissue resistance
and elastance vary with respiratory frequency and tidal
volume. This dependency increases with bronchoconstric-
tion. These models are useful in explaining how increased
inhomogeneity of the airway geometry and how changes
in the viscous and elastic properties of airway tissues
increase the dependency of measurements of elasticity
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and resistance on the frequency and tidal volume used
during the test period. The models may also be valuable in
interpreting the results of bronchodilator treatment of
asthma (10).

Models have been constructed for both the normal
adult and the neonatal lung and for diseases such as
chronic obstructive pulmonary disease (COPD) (11).
They have predicted the effects of therapeutic maneuvers
such as increasing the concentration of inspired oxygen or
improving the cardiac output and have examined the
effects of different breathing patterns on gas exchange
(12).

Despite the complexities of the interlocking mechan-
isms that can affect airflow, simple measures of maximal
flow rates such as the volume of air expired in 1 second by
a maximal expiration after a maximal inspiration (the 1-
second forced vital capacity) correlate well with the prog-
nosis of a patient and the ability to work and thus enjoy
widespread use clinically.

2.2. Identifying Problems in Gas Exchange

Although decrements in flow rates produced by maximal
expiratory efforts have the greatest clinical significance as
an index of disease severity, measurements of the distri-
bution of inspired air and impaired transfer of gases like
carbon monoxide from alveoli to blood are often the first
indicators of pulmonary illness.

One of the more serious effects of lung disease is
hypoxia, which if sustained can lead to pulmonary hyper-
tension and heart failure. Besides inadequate ventilation
and a hypoxic environment, two other major causes of
depressed blood oxygen levels are reduction in the effec-
tive surface of blood/air exchange and impaired diffusion
through the alveolar capillary membrane because of in-
creased thickness and/or changes in the composition of the
interstitial space. Shrinkage of surface area usually ori-
ginates as a consequence of uneven distribution of ventila-
tion relative to perfusion.

Nitrogen is normally present in the lung because it
makes up most of the inspired air and is not metabolized.
For assessing the misdistribution of inspired air, the
amount of ventilation required for the removal of nitrogen
during oxygen breathing is measured, for example, or the
changes in alveolar nitrogen with volume during a max-
imal expiration that follows a maximal inspiration of
oxygen. Another approach determines the ventilation
required for an indicator gas like helium to reach a steady
level in the lung.

To examine diffusion, a low concentration of carbon
monoxide serves as the test gas and measurement made
up of the uptake of carbon monoxide during a fixed time
period. It is sometimes the first indication of fibrosing
diseases that primarily affect the interstitial pulmonary
tissues.

It turns out in clinical practice that it is often difficult to
distinguish abnormal thickness from reduced surface area
with conventional pulmonary function tests. Maldistribu-
tion of ventilation or perfusion affect diffusion, but it is
uncertain how to correct the diffusion capacity measure-
ment for this. More complex tests that involve the simul-

taneous inhalation of multiple gases of varying solubility
in the blood have been devised to better characterize and
quantify ventilation/perfusion relationships in the lung
and thus better estimate their effects on diffusion, but
their interpretation is complicated and they have not been
used clinically to any extent (13,14).

Mathematical models have also been developed that
attempt to examine more closely the interplay between
ventilation/perfusion imbalances and diffusion of gases
between air and blood. Inspired air reaches the alveoli
by convection (bulk flow) and then enters the blood by
molecular diffusion. Mathematical models have consid-
ered simultaneously the effects of convection and diffusion
on gas exchange in the lung. In these models, the lung is
often considered to be subdivided into multiple compart-
ments with differing levels of ventilation and perfusion
(11,12). These models include the effects of shunts (areas
perfused but not ventilated) and dead space (areas of the
lung ventilated but not perfused at all). The compart-
ments vary in their path lengths and mechanical proper-
ties.

More recent models include the effects of gas diffusion
in the alveolar space as well as through the alveolar
capillary membrane (15). Radial and sometimes axial
diffusion of gases in the pulmonary capillaries is consid-
ered. In mathematical models in which blood is considered
as having two components, red cells containing hemoglo-
bin and plasma, as it actually does, oxygen diffusion can be
shown to depend on plasma layer thickness as well as red
cell content and spacing (16).

The kinetics of the transport exchange of carbon diox-
ide by red blood cells in the capillaries (which can affect
measurements of diffusing capacity) have been examined
in models that include the effects of important enzymes
involved in gas exchange such as carbonic anhydrase (17).
These models deal quantitatively with the chemical reac-
tions that take place in the blood such as the interdepen-
dence of reactions of oxygen and carbon dioxide with
hemoglobin, the hydration and dehydration of carbon
dioxide, buffering by proteins and hemoglobin of hydrogen
ion changes, and anion exchanges across the red cell
membrane.

2.2.1. Particle Deposition in the Lung. The lungs are
exposed daily to showers of noxious particles inhaled as
an aerosol with each breath. The ability to predict the
effects of environmental pollutants including cigarette
smoke, but also to design therapeutic agents that act on
the lungs directly or act systemically after absorption from
the alveoli, has been facilitated by mathematical modeling
(18,19). Such models are based generally on somewhat
idealized concepts of lung morphology and the dynamics of
gas and fluid movements during well-defined breathing
patterns. They include the physical forces that act on the
transport of particles through branching airways (asym-
metric and symmetric) and produce particle deposition in
the airways and alveoli (impaction, sedimentation, diffu-
sion and interception in the respiratory airways). An
added complexity included in some models is that deposi-
tion of particle will vary with their shape.
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Diseases of the lung, which affect airway resistance,
also alter particle deposition. Studies by Kim et al. using
several kinds of mathematical models including the sym-
metrical branching lung model of Weibel show that aerosol
deposition may in some circumstances be a more sensitive
marker of disease of the small airways than overall airway
resistance (20).

Models of aerosol deposition in lung diseases such as
cystic fibrosis have been developed that can be applied to
other pulmonary diseases and are useful in devising
inhalation therapy (21). Other models have dealt with
specific industrial exposures such as welding or fumes and
particles or with the effects of aging (22).

Gerrity et al. have assessed mathematically the dy-
namics of particle retention and clearance in simulations
of long-term continuous or intermittent exposure to par-
ticles (23). These models include transport of particles by
the mucociliary ladder that coats the larger airways and
by the lymphatic system. These kinds of models have been
of assistance in assessing the health risks of different air
pollutants.

2.2.2. Gas Exchange Between Blood and Tissues. The
delivery of oxygen from the blood to the tissues involves
similar mechanisms as diffusion in the lung including
diffusion rates through tissues with different molecular
structures, chemical reaction rates, capillary density, and
the evenness of perfusion to tissue volume and metabo-
lism (24). In models designed to predict oxygen levels in
tissues, the tissues have been modeled as cylinders of well
and poorly stirred layers surrounding a blood vessel.

Tissue diffusion models for gases such as nitrogen have
been employed in undersea and diving medicine to deal
with diseases such as the ‘‘bends.’’ Nitrogen bubbles may
form in tissues if divers are rapidly decompressed. Effec-
tive treatment of this condition requires the ability to
predict how rates of bubble disappearance will be affected
by the inhalation of gases used in treatment such as
oxygen (24). Additionally interactions caused by diffusion
of gases among bubbles are a potential complication.

3. BIOENGINEERING APPLICATIONS IN SPECIFIC DISEASE
CONDITIONS

3.1. Obstructive Lung Diseases

Obstructive lung diseases are characterized by airway
narrowing. This condition may be episodic and reversible
by bronchodilators so that lung function is restored to
normal levels (asthma) or may be persistent and poorly
reversible or irreversible (emphysema). Inflammation
caused by infectious and noninfectious agents such as
pollen and cigarette smoke are now recognized as the
major factor constricting the airway in both kinds of
disease. The inflammation produces an immune cascade
of chemicals like the cytokines and chemokines and
migration of blood and tissue cells to the affected sites,
which lead to bronchoconstriction in asthma or in emphy-
sema to the release of enzymes that breakdown proteins
and destroy alveolar walls.

Bioengineering applications in obstructive lung disease
have included modeling of the effects of the diseases to
predict the effects of treatment; development of tests to
distinguish parenchymal from airway disease; and quan-
titative examination of hypotheses that attempt to explain
why some but not all patients with obstructive lung
disease develop respiratory failure (defined as abnormally
high levels of carbon dioxide) as the disease advances.

3.1.1. Assessment of Disease Progress. Conventionally
the flow rates achieved on maximal effort assess the
severity of obstructive lung diseases and the results of
treatment. However, these tests depend on voluntary
effort, and it is difficult to be sure that maximal effort is
in fact being exerted. Bioengineering approaches have
developed tests, which require little patient cooperation.
Measurement of respiratory impedances by methods that
do not require patient effort have been used extensively by
researchers as a noninvasive method to investigate the
mechanical properties of the lung, but their usefulness in
assessing a clinical condition is unknown (25). One ap-
proach is to apply random noise pressure signals to the
opening of the airway. In another approach, a ventilator,
which produces a broadband ‘‘optimal’’ waveform, can
measure tissue and airway resistance and at the same
time provide adequate tidal air. Experimental studies
using these techniques together with airway-modeling
studies indicate that although tissue resistance is negli-
gible in the normal airway, bronchoconstriction produces
virtual increases in tissue resistance and increases airway
inhomogeneities (26,27).

Using a ventilator to generate ‘‘optimal waveforms,’’
two types of asthmatics were identified (28). The first, type
A, had slightly raised levels of resistance but a normal
elastance, whereas the second, type B, had greater in-
creases in resistance and increased elastance. Modeling
studies suggested that the increase in elastance was from
narrowing of peripheral airways, which caused shunting
of flow into the airway walls forcing them apart. Abnorm-
alities were largely reversed by treatment of both types of
asthmatics by a bronchodilator.

The same type of ventilator wave form evaluated lung
resistance and elastance in patients with chronic obstruc-
tive lung disease before and after treatment by positive-
end expiratory pressure (PEEP) or lung reduction surgery,
two interventions that seem to improve quality of life and
gas exchange in patients with this serious and eventually
fatal disease (29).

Heat and water losses from the airway produced by the
increased ventilation accompanying exercise can trigger
asthmatic attacks (30). Daviskas et al. developed a model
to predict intra-airway temperatures and water vapor
content at different locations in the airway depending on
residence time and assuming laminar flow (30).

3.1.2. Effects of Disease at the Level of the Small Airways
and Alveoli; Airway and Alveolar Interactions. Repeated
asthmatic attacks lead to airway remodeling, i.e., persis-
tent structural changes in the airways. Gillis and Lutchen
developed a morphometric model of the airways that
attempts to take into account some changes that might
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take place with remodeling such as uneven airway closure
and propose that this is a major factor that causes the
hyperresponsiveness of the asthmatic airway (31).

Closure of small airways occurs normally at very low
lung volumes but at much higher lung volumes in ob-
structive lung disease interfering with gas exchange.
Surfactant, a lipoprotein, plays an important role in
maintaining gas exchange (32). An important role of the
surfactant lining the alveoli is maintaining lung stability
by preventing alveolar collapse. Evidence exists that
alveolar tethering of airways helps prevent airway smooth
muscle shortening and maintains airway patency, which
seems to explain the difference in bronchial reactivity
when it is assessed at different lung volumes. Mathema-
tical models in which viscoelastic and plastoelastic com-
ponents in the airways have been coupled in series or in
parallel have been developed to look at their impact on
apparent resistance and compliance (33). Loss of tissue
elasticity in COPD has been cited as a cause of early
airway closure during expiration. Adler and Bates have
constructed a three-dimensional model to look at airway–
parenchymal interactions (34).

The alveoli have microscopic openings. In cases of lung
disease in which total obstruction of an airway to a part of
the lung may occur, ventilation to the alveoli behind the
obstructed airway can occur through pores from adjacent
alveoli that are not blocked (so-called collateral ventila-
tion), which can increase the unevenness of ventilation
(35). On the other hand, the beating heart can improve
mixing of gases in the lung (36).

3.1.3. Disease Progression. Not all patients with COPD
of equal severity develop respiratory failure as manifested
by abnormally high levels of carbon dioxide (above 45 mm
Hg). Hence, attention has been directed to the control
system as a cause of hypercapnia even in patients with
lung disease.

One explanation for hypercapnia in these patients is an
increase in the work of breathing needed to overcome the
elastic and resistive forces of the lung and chest wall. The
level of oxygen and carbon dioxide present in the blood is
the chemical stimuli for breathing. Ventilation is driven by
changes in the level of carbon dioxide and increases in a
linear fashion as the partial pressure of that gas in the
arterial blood and in the brain rises. Ventilation also rises
but hyperbolically as the partial pressure of oxygen in the
arterial blood falls. The increase in ventilation returns
blood gases toward normal levels. It has been proposed
that for a given level of carbon dioxide and oxygen, the
respiratory controller produces a fixed amount of work in
breathing. Therefore, if the work of breathing is increased,
the ventilation produced is decreased and the compensa-
tory effects triggered by blood gas changes become less
effective. However, it has not been possible to verify this
idea experimentally. Awake individuals at least for a time
tend to resist changes in ventilation when made to breathe
through a narrow tube to increase resistance or from a
rigid container to increase elastance. But the effects of
persistent obstruction have not been studied, and some
evidence exists that acute responses to loads become
blunted in patients with COPD. Moreover, some patients

develop hypercapnia even though the work of breathing
has not increased very much.

The amount of work required to produce a given level of
ventilation depends on the breathing pattern. Increases in
breathing frequency increase resistive work, whereas
increases in tidal volume raise elastic work. Only the
portion of the inspired air that reaches the alveoli is useful
in gas exchange, and this improves as tidal volume
increases and frequency falls. Hence, one function of the
controller may be to produce a breathing pattern, which
minimizes the work of breathing for given alveolar venti-
lation.

This condition leads to another explanation for respira-
tory failure. Some patients cannot increase tidal volume
sufficiently to overcome the enlargement of dead space
that occurs in COPD as a result of uneven distribution
unless a rise in carbon dioxide occurs. For example
bronchial irritation may cut short inspiration because a
neural signal originating in irritant receptors in inflamed
airways\limits tidal volume.

Yet another idea is expressed in mathematical models
of respiratory sensations by Oku et al., which describe the
effect of ventilation and blood gases on the sense of
dyspnea (breathlessness) (37). This hypothesis attributes
respiratory failure to an attempt to minimize breathless-
ness, the most common and often the most incapacitating
symptom of COPD.

3.2. Sleep Apnea Syndrome

Malfunctioning of the respiratory controller as well as
lung and thoracic disease lead to increased levels of
arterial carbon dioxide and decreased levels of arterial
hypoxia. In the case of control system dysfunction, this
malfunction can be sustained or intermittent and may
occur only during sleep.

The sleep apnea syndrome is a disease recognized only
in the past 25 years. It occurs in millions of people and is
common after the age of 65. It is characterized by dis-
turbed sleep with frequent periods of apnea or ineffective
breathing terminated usually by arousal from sleep. It
produces daytime sleepiness, which increases accident
rates, but in addition, the intermittent hypoxia that occurs
during apneas seems to be a risk factor for cardiovascular
diseases such as hypertension and heart attacks. The
apneas that occur are of two sorts: central apneas in
which breathing movements cease and obstructed apneas
in which breathing movements are present but airflow
into the lungs is prevented by blockage of the upper
airways. Obstructive sleep apnea is treated with devices
that apply a continuous positive pressure to the airways
during sleep.

Much has been learned about the mechanisms of apnea
during sleep through mathematical models of the respira-
tory control system.

The cause of most central apneas, which occur largely
in NREM sleep, is instability in the feedback system,
which regulates breathing. Fewer mathematical models
have dealt with obstructive apneas that occur during
sleep, most often in REM sleep. Obstructive apneas
seem to be caused by the greater suppressive effect of
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REM sleep on upper airway muscle than chest wall muscle
activity that impairs the ability to maintain airway pa-
tency as the transmural compressive force on the upper
airways increases during inspiration (38). These models
have considered upper airway responses to chemical
stimuli to bear either a curvilinear or linear relationship
to respiratory drives during sleep and transitions in sleep
stage and explain most but not all instances of apneas.
Some apneas may be precipitated by irregular firing of
respiratory neurons, which has led to the inclusion of
mathematical representations of the neural generation of
the respiratory rhythm in the control system models
(39,40). Bruce has proposed that some of this irregularity
may originate from nonlinear interactions between pul-
monary and airway mechanoreceptors and the oscillating
mechanisms involved in producing the respiratory pattern
(41).

3.2.1. Mathematical Models of the Respiratory Control
System. Mathematical models have been constructed to
explain normal breathing responses to carbon dioxide and
hypoxia and the effects of sleep. These models differ in
details and in complexity, but they have many similar
features as described in what follows. Both neural and
chemical factors influence respiration by affecting the

activity of muscles in the upper airway and chest wall,
including the diaphragm, adjusting ventilation and air-
way resistance. Figure 1 shows the effects on the respira-
tory control system of neural and chemical factors. The
chemical inputs, brain PCO2 measured at central chemor-
eceptors and arterial PCO2 and PO2 measured at periph-
eral (arterial) chemoreceptors, are joined by neural inputs
that modulate levels of alertness originating from higher
brain centers. Ventilation drives the respiratory muscles
and the lungs and changes body gasses. The gas values are
fed back to the controller, which again adjusts the ventila-
tion. The functions of the controller include the conversion
of the input, chemical, and neural drives into tonic forces
that drive the respiratory pattern generator and then the
phrenic nerve.

As alertness drives weaken, the characteristic is de-
pressed, e.g., from wakefulness to sleep, as is also shown
in Figure 2 so that levels of PCO2 at which no breathing
occurs (thresholds) are likely. Both the brain and the
peripheral chemoreceptors in this sense have PCO2

thresholds.
Feedback systems, both biological and physical, are

more prone to instabilities when disturbed under certain
values of system variables and operating conditions.
These conditions include factors such as CO2 and hypoxic
gain, the circulation delay, the time required for changes
in PO2 and PCO2 in the blood to be communicated to
sensors, the size of the oxygen and carbon dioxide stores,
brain metabolism and cerebral blood flow, the magnitude
of the alertness or wakefulness drive, and the magnitude
of disturbances to ventilation such as the degree of
hypoxia and hypo- and hypercapnia caused by external
disturbances or caused by central and obstructive apneas.

3.2.1.1. Properties of the Respiratory Controller. Figure
2 shows the overall, steady-state controller characteristic,
the ventilation that results from chemical and some
neural inputs. Other neural inputs like postsynaptic
potentiation and hypoxic ventilation depression are dy-
namic and cannot be shown in this representation. Note
that the hypothesis in Figure 2 is that there is chemo-
receptor activity at all levels of CO2, however with lower
response at subnormal PCO2 values, and a greater re-
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sponse at normal and hypercapnic levels, below and above
some ‘‘break threshold’’ at which the change in slope
occurs. It is not known whether this change is gradual
or sharp as shown. Whether apnea occurs depends in some
models on alertness drive.

3.2.1.2. The Respiratory Pattern Generator. The respira-
tory pattern generator is an essential feature of the
respiratory controller. Although there are mathematical
models of the pattern generator, it is not often specifically
included in models that describe ventilatory responses to
sleep or to external stimuli. There is a discussion of
whether the pattern generator is driven by pacemaker
neurons, networks of jointly inhibiting respiratory neu-
rons, or some combination of the two, but some apneas and
long expirations can be explained by neuronal firing
patterns at low PCO2 inputs. Also, noise and extraneous
pacemaker impingement on the neuronal circuits may
also be a cause of apneas. Mathematical modeling of the
respiratory pattern generator shows significant transient
delays, which may be another cause of breath-to-breath
variability in ventilation.

3.2.1.3. Neural Factors. Neural factors that can affect
ventilation and controller stability include the ‘‘alertness
factors’’ originating as a consequence of the sleep–wake
cycle. These factors have been modeled as independent of
O2 and CO2, but this may not be true. In addition, reflexes
from the airways and respiratory muscles adjust the
respiratory pattern and can produce apneas.

Hypoxic ventilatory depression is the reduction of
ventilation from its peak levels that occurs during a
continuing hypoxic disturbance. About 5 minutes after
the initial increase in ventilation, ventilation begins to
decline and comes to equilibrium in 20 to 30 minutes at a
ventilation depressed by about 50% (for hypoxia at 80%
saturation) of the initial increase. The half time for this
decline is about 11 minutes.

Postsynaptic potentiation, or after-discharge, is the
failure of ventilation to return immediately to prestimulus
levels when the stimulus is suddenly removed. Rather,
ventilation returns to prestimulus levels slowly with a
time constant of about 20 seconds. Postsynaptic potentia-
tion has been shown to be a central nervous system
phenomenon, which is caused by a neural network sepa-
rate from the respiratory pattern generator. Postsynaptic
potentiation may explain the response differences between
passive and active hyperventilation; whereas active hy-
perventilation usually fails to be followed by any apneas,
passive hyperventilation often is. It is therefore thought of
as a stabilizing mechanism during wakefulness, because it
eliminates long apneas. Other nonrespiratory drives may
influence its effectiveness, because it is weaker in sleep
and absent in patients with coma and stroke. Prolonged
hypoxia of times greater than about 5 minutes causes it to
be diminished or abolished.

Only a few models have included the effects on breath-
ing of either hypoxic depression or postsynaptic potentia-
tion (42,43).

3.2.1.4. Properties of the Controlled System. The con-
trolled system consists of the O2 and CO2 contained in the
body in solution or in chemical combination in the blood
and various body tissues. The circulation connects these
gas stores. More specifically, the levels of those gasses in
the body are what are being controlled. Indicators for
those levels are PCO2 and PO2 values in the arterial blood.
The important stores for the purposes of respiratory
control are the brain, the lung, and the muscle compart-
ment (which for convenience usually includes all other
tissues with insignificant CO2 storage). The dynamics of
these stores depend on their volume, blood flow rate, and
metabolism, and the relation between chemically bound
and dissolved carbon dioxide in the tissue. These dy-
namics not only determine to a large extent the damping
characteristics of the system, and so its stability charac-
teristics, but also because the sensors reside in them, the
peripheral sensors for O2 and CO2 levels in the arterial
blood, and the central CO2 sensor(s) in the brain, they,
together with the circulation, determine the quality of the
information that the controller uses to vary ventilation in
response to disturbances.

The brain has important stabilizing effects on the
ventilatory control system. It is the source of central
chemoreceptor-controlled ventilation and is a steadying
influence to counter the volatility of the oxygen-controlled
peripheral chemoreceptor-controlled ventilation. Eighty-
five percent of resting ventilation is determined by the
PCO2 in the brain. This ratio shifts to lower values during
hypoxia because of the high ventilatory sensitivity to
hypoxia and the low oxygen store in the body. If ventila-
tion was controlled solely by oxygen levels, the system
would be highly unstable. However, instability is con-
tained by the relatively slower dynamic response of the
brain to CO2 changes. The speed at which the breakpoint
for the central controller is reached is a function of brain
mass, cerebral blood flow, and brain metabolism. Cerebral
blood flow increases with hypoxia and with hypercapnia.

Besides connecting the body stores to the heart, the
circulation is the communication path between peripheral
and central sensors and the controller. The delay in
information delivery varies with cardiac output and is
about 8 seconds for a normal cardiac output of about 6 L a
minute. Increases in circulation delay mean that the
controller will know about change in blood gases some
time later than they occur. The disturbance then has a
longer time to act unimpeded so that when the controller
finally does take action, it is not exact because it is not
acting on current values.

Like most body systems, the respiratory system is
nonlinear. The greater the magnitude of a disturbing
change in PCO2 or PO2, the more oscillatory the ventila-
tory response will be, and the greater the possibility for
apneas to occur. Two more important nonlinearities are
first, the apneic thresholds for CO2, for the peripheral and
central chemoreceptors, and second, the strongly curvi-
linear hypoxic gain of the ventilatory controller. For
example, the stability of the response to a hyperventila-
tion disturbance depends on the depth to which PCO2 is
driven to subnormal levels. In the transition from wake-
fulness to sleep, the deeper the sleep state, the greater the
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increase in arterial PCO2, and the more oscillatory the
ventilation, and the more likely the occurrence of apneas.
Similarly for hypoxia, ventilation becomes increasingly
oscillatory the greater the hypoxia, to the point that the
PCO2 is driven down to the vicinity of the ‘‘break thresh-
old.’’ In that area, the ventilation controller can oscillate
between the region of high gain and low gain and will
oscillate regardless of the alertness level.

Table 2 shows factors that affect the stability of breath-
ing. The factors have the same qualitative impact awake
or asleep. However, changes occur to the system during
sleep that make sleep a much more unstable state than
wakefulness. These changes are discussed as follows
(42,44).

3.2.2. Sleep Induced Changes in Respiratory Control. Re-
duced alertness in sleep depresses the ventilatory char-
acteristic so that a given amount of ventilation requires an
increased chemical stimulus, for example, higher PCO2

and/or lower O2. See Fig. 2. The reduced alertness also
exposes CO2 apneic thresholds. Any disturbance, an in-
stance of hyperventilation, for example, can drive the CO2

levels below the threshold and apneas follow more easily
than during wakefulness.

Apneas have been observed during the transition from
wakefulness to sleep. See Fig. 3. The quicker the transi-
tion occurs, the more oscillatory the response and the
more likely will apneas occur. Modelers have ascribed this
to the change in position of the controller to accommodate
the higher CO2 ‘‘set point’’ of sleep; mathematically and
from automatic control theory, the more rapid the transi-
tion, the more oscillatory the response.

It is generally accepted that controller gain to PCO2

and to hypoxia tends to be reduced during sleep more as
sleep becomes deeper, but this varies among individuals.
However, although controller gain is decreased, system
gain increases because the depression of the ventilatory
characteristic that is caused by the loss of alertness
results in a higher operating PCO2 during sleep, and
therefore lower ventilation and lower PO2. Plant gain,
the rate of PCO2 change with ventilation, varies as the
square of PCO2 and inversely with metabolic rate, which
is also reduced during sleep. So plant gain in sleep is
higher. In lighter stages of sleep, although the reduction in

controller gain is small, the increased plant gain may be
enough to trigger some instabilities, whereas in deeper
stages, the stabilizing effect of the lower sensitivities may
predominate and lead to the more regular breathing seen
in deep NREM sleep. In addition, in deeper NREM sleep,
the effects of external disturbances to sleep are less.

Sleep is not a smooth progression through various
stages of sleep, but a shuttling among the various states
between REM and non-REM sleep, interspersed with
arousals. Sleep transitions are another cause of apneas.

Activity of the chest wall muscles produces negative
pressures in the upper airway during inspiration, which
can produce flow limitation (upper airway resistance
syndrome) or total airway blockage (obstructive sleep
apnea syndrome) because as sleep deepens, the dilating
effects on the upper airway are depressed. This condition
is more likely to occur in REM sleep. Episode of central
apneas during sleep can cause obstructive apneas when
intense ventilatory effort begins at the end of the apnea.
The obstruction may not be relieved until PO2 is low
enough and PCO2 is high enough to restore structural
tone to the upper airway muscles. That can occur either by
an arousal that is triggered by increased ventilatory
efforts or discomfort with high PCO2 and low O2, or it
can occur by the upper airway muscles responding to high
PCO2 and low O2 at a faster rate than the diaphragm; that
is, the response of the upper airway muscles is curvilinear
compared with the diaphragm. Mathematical models
using these principles have been presented that are
reasonably successful in reproducing the essential fea-
tures of obstructive apneas including the dependence of
their lengths on PO2 and CO2 chemistry (45).

Ventilation during REM sleep is highly variable with a
low correlation between PCO2 and ventilation. REM sleep
has been characterized as a state in which neural drives
are high, originating internally rather than from the
environment, and chemical drives are low. A recent re-
presentation of a possible controller configuration for
REM sleep is to extend the low-slope/high-slope threshold
of the controller to high PCO2 values in REM sleep so the
operating point lies on the low-slope portion of the con-
troller. Sinusoidal and random inputs into a neuronal
(respiratory pattern generator) (RPG) network then pro-
duced alternating periods of hyperventilation and apnea.

Table 2. Factors Affecting the Stability of Breathing

Component Stabilizing Factors Destabilizing Factors

Brain Increased brain metabolism HighPCO2 apnea threshold
Higher cerebral blood flow
Central chemoreceptors

Muscle stores Large carbon dioxide stores
Increased muscle perfusion

Overall body Increased body metabolism Increased circulation time
Metabolic acidosis Small oxygen stores

Metabolic alkalosis
Arterial Low peripheral chemoreceptor sensitivity
Controller Lower controller gains Higher controller gains, especially from low PO2

Neural Post-synaptic potentiation Hypoxic ventilatory depression
Increased alertness Decreased alertness

Environment Exposure to altitude
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The results suggest that at low chemical activity, where
the RPG is operating at its stability boundary, inputs from
pacemaker activity or activity from other systems that
might excite respiratory activity, can cause the RPG to
flip-flop between an oscillatory and a nonoscillatory state.
In the nonoscillatory state, the RPG is inoperative, and
apneas result and ventilation resumes when the distur-
bance drives the RPG into oscillation (43).

Although the number of factors that can affect stability
and need to be considered for the prediction of the
occurrence of central and obstructive apneas is large,
simplified models of the control system have also been
described in an attempt to derive an index or ratio that
would characterize the stability characteristics of the
system in different circumstances (46,47).

3.3. Acute Respiratory Failure

Acute respiratory failure is the sudden appearance of
hypoxia or hypercapnia or both originating in individuals
as the result of infections or lung edema, and it is often
precipitated by an episode of shock. Different treatment
options have been explored with mathematical models. In
addition, engineers have played a crucial role in the
development of the ventilators and other respiratory
assistance devices that are almost always required as
one element in the treatment of acute respiratory failure.

PEEP is frequently used in patients with ‘‘acute re-
spiratory distress syndrome’’ (ARDS), a type of respiratory
failure with severe hypoxia occurring as the result of
increased permeability of the pulmonary capillaries and
the resulting interstitial and alveolar edema. The PEEP
exerts a distending force, which keeps open small airways
that would otherwise become fluid filled. Too much PEEP,
however, could exert sufficient pressure to interfere with
lung perfusion increasing the effective dead space. Hick-
ling developed a model that included gravitational effects
and superimposed alveolar opening and closing pressures
to improve the clinical selection of optimum PEEP levels
(48).

The increased elasticity and the consequent high pres-
sure need to inflate the lung afflicted with ARDS, which
can lead to more lung damage and has led to treatment
that deliberately uses low tidal volume ventilation allow-
ing carbon dioxide levels in the blood to rise (permissive
hypercapnia). The effects of permissive hypercapnia on
the adequacy of oxygen exchange have been examined
with a mathematical model that includes different shunt
fractions (49).

Sophisticated ventilators have been developed to treat
respiratory failure that allows tidal volumes or pressures
or both to be set by directly. The duration of inspiratory
and expiratory times can also be set in most ventilators.
Ventilation can be automatic or triggered by patient effort.
Ventilator performance has been assessed with mathema-
tical models and other bioengineering techniques (50).
Although volume-controlled respirators ensure adequate
ventilation, they can develop high pressures resulting in
lung injury; hence, pressure-controlled ventilators are
also in common use. Pressure assistance can be offered
at any time during the course of a breath, but in general,
the effects of pressure control or support on alveolar
ventilation are difficult to predict and depend on the
mechanical properties of the lung being ventilated. Math-
ematical models have appeared to try and help the
clinician in setting these pressure-operated ventilators
(51,52). Sophisticated ventilators that combine volume
and pressure regulation have also been devised (53).

Ventilator systems that operate at high frequencies but
deliver small volumes potentially can adequately ventilate
without producing excessive pulmonary pressures. They
have been extensively studied and improved with engi-
neering techniques (54). High-frequency ventilation has
served as a mode of treatment in infants and in patients
with lungs that leak air as a result of tears or punctures.
Jet bursts of an input gas through a cannula controlled by
a solenoid valve help provide this treatment. Saidel and
Jepson examined a system of this sort with a mechanical
model of the lung to find the parameters that affect
performance (55).
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ing that occurs with the rapid onset of sleep (60
seconds) based on data from References 42 and
43. Note that breathing becomes periodic with
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Ventilators can be equipped with multiple sensors.
Tehrani has developed a computer-based feedback system
to adjust the concentration of inspired air to the ventilated
patient (56). Techniques for developing intelligent alarm
systems, which can learn, have been outlined by Muller et
al. (57). Niranjan et al. used a lumped two-compartment
model of respiratory mechanics incorporating gas ex-
change and the pulmonary circulation to explore the
effects of various inspiratory waveforms (58). Designs for
enhanced ventilator waveforms that might be used in
patients with obstructive lung disease and respiratory
failure have been presented by Kaczka et al. (59).

Besides mechanical ventilators, a variety of other
devices help alleviate respiratory failure. Extravascular
membrane and intravascular devices to add oxygen and
remove carbon dioxide from the blood are available and
studied both experimentally and with mathematical mod-
els (60). Carbon dioxide removal is particularly difficult
but is improved if hypercapnia is permitted (61). In cases
of respiratory failure from spinal cord injury, electrical
stimulation of the motor nerves to the diaphragm has been
used. Artificial blood substitutes have been manufactured
containing perflurocarbons that have an enhanced ability
to transport oxygen. Liquid ventilation of the lung with
perflurocarbons has also been examined experimentally.
Mathematical models have predicted the exchange of O2

and CO2 under conditions of partial liquid ventilation (62).
Development of improved and portable ventilation

assist devices will continue to be an important research
area for bioengineers.

3.4. New Bioengineering Approaches to Diagnosis

Current devices that measure lung function and image the
lung have depended on strong bioengineering contribu-
tions. But new approaches are regularly proposed. For
example, attempts are being made to incorporate respira-
tory sound recording in useful diagnostic instruments
(63). Spectral analysis of respiratory sounds has shown
differences between smokers and nonsmoker, which sug-
gest it could be employed in the early detection of lung
disease. Devices that measure sound transmission
through the lungs may be useful in detecting the presence
of a pneumothorax (64). Measurements of bioelectrical
impedance could help assess lung function noninvasively.

Pseudorandom presentations of respiratory signals
have been used both to measure lung mechanics and
devices which do this are now commercially available,
but they can also be used to assess chemoreceptors
sensitivity. Because breathing can be changed volitionally
and behaviorally, it has been difficult to assess the re-
sponses of the chemoreceptors in humans. Tests often
involve lengthy inhalations of carbon dioxide or low oxy-
gen mixtures. To minimize the contributions of behavior
on the results, tests that employ brief pseudorandom
exposures to the test gases have been devised (65).

Mathematical models that describe the anatomy of the
lung are useful in the interpretation of images and scans
of the lung and in predicting functional consequences of
changes in lung structure caused by development or
aging. New imaging techniques, such as CAT scanning,

magnetic resonance imaging and single-photon emission
computerized topography (SPECT) scanning, in conjunc-
tion with mathematical analysis and computer programs
that permit three-dimensional reconstructions have pro-
vided detailed information in vivo on the structure of the
lung and have helped relate functional to structural
changes.

They also have provided insights into principles of lung
growth. For example, in the three-dimensional space
filling model by Denny and Schroter, the alveoli are
considered to be truncated octahedral and airway branch-
ing is set by an algorithm that maximizes the number of
alveoli while minimizing average path lengths (66). Mor-
phometric models of the gross structure of the upper
airways and the lungs of different degrees of complexity
have been developed for adults and infants assuming
symmetrical or asymmetrical branching of the tracheo-
bronchial tree (67). In some recent models, the branching
and distribution of airways and capillaries have been
assumed to follow a fractal form and this has helped
deal mathematically with the natural variability in struc-
ture and function among humans and other animals (68).
These models have not yet been applied to medical pro-
blems.

The development of tests to quickly and noninvasively
assess lung function and correlate function with patholo-
gical changes will be a major area of future research.
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PULSE OXIMETRY
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1. OXYGEN TRANSPORT IN BLOOD

Oxygen is vital to the function and survival of every cell in
the body so the viability of many tissues is critically de-
pendent on continuous delivery of an adequate oxygen
supply. Without adequate oxygen supply, irreversible cell
damage can occur rapidly. Therefore, accurate measure-
ment of oxygen and other gases in blood can provide valu-
able information concerning the efficiency of the
circulatory and respiratory system. Various diagnostic
measurements are available to assist the clinician in the
determination of patient oxygenation and to protect pa-
tients against life-threatening and often unpredictable
hypoxic conditions. These methods commonly assess pul-
monary gas exchange, the adequacy of alveolar ventila-
tion, blood gas transport, and tissue oxygenation.

Oxygen is transported in the blood in two distinct
states. Only about 2% of O2 carried in blood is physically
dissolved in the plasma because O2 is not soluble in water.
This quantity is proportional to the O2 tension or partial
pressure (pO2). The quantity of dissolved O2 in blood is
relatively small and is not sufficient to sustain normal
body activity. Therefore, to increase the oxygen-carrying
capacity of blood, under normal physiological conditions,
nearly 98% of the O2 transported in the arterial blood is
combined with hemoglobin (Hb), the respiratory pigment
present inside the red blood cells.

When Hb is combined with O2 in a reversible chemical
reaction, it is oxidized and forms oxyhemoglobin (HbO2).
Oxyhemoglobin saturation (SO2) represents the relative
concentration of HbO2 that is bound to oxygen in a given
quantity of blood, which is expressed as a percent of the
total concentration of reduced Hb and HbO2. This quan-
tity is commonly referred to as functional oxygen satura-
tion and is defined as

Oxyhemoglobin Saturationð%Þ¼
½HbO2�

½Hb� þ ½HbO2�
� 100:

After one molecule of Hb combines with one oxygen mol-
ecule, the affinity of the Hb molecule to combine with more
oxygen molecules is greater and continues to increase as
more oxygen molecules are combined. This unique binding
property results in a sigmoid-shaped oxyhemoglobin dis-
sociation curve (ODC) that relates the pO2 and SO2 in
blood.

2. CLINICAL MOTIVATION

Arterial pO2 and SO2, which are both good indicators to
assess the adequacy of O2 transport in blood, are related
by the ODC. However, each variable has a different phys-
iological meaning. Arterial pO2 determines the efficiency

of alveolar ventilation. On the other hand, arterial SO2,
which accounts for most O2 carried by the arterial blood, is
an important clinical parameter because it helps to assess
how well the arterial blood is oxygenated. It should be
kept in mind that pO2 or SO2 are both important in the
assessment of the patient’s oxygenation status. Although
it is possible to determine SO2 from pO2 or vice versa
based on the ODC, large errors may result unless the pH,
temperature, the partial pressure of CO2 (pCO2), and the
2,3-diphosphoglycerate (2,3-DPG) level in the blood are
also measured simultaneously. All of the above factors
play an important role in controlling the affinity of Hb for
O2 and thus can lead to considerable displacement of the
ODC. In clinical applications in which it is important to
detect fast-changing physiological conditions that may
lead to hypoxemia, it is preferred to measure arterial
SO2 directly rather than to measure pO2 and then calcu-
late SO2 based on the ODC. On the other hand, when
hyperoxia is a clinical concern, pO2 monitoring is more
appropriate than measurement of SO2.

Traditionally, blood oxygen levels have been measured
by invasive sampling, either through an indwelling arte-
rial catheter or by arterial puncture, and analyzed in a
clinical laboratory with a bench-top blood gas analyzer.
Central clinical ‘‘stat’’ laboratories can provide accurate
measurements of multiple respiratory and metabolic vari-
ables from small blood samples. However, this practice
presents significant drawbacks in critical care medicine
particularly because blood gas values may change rapidly
in certain clinical situations, particularly in patients with
unstable respiratory or cardiopulmonary conditions, and
the prolonged delay time between sample acquisition and
the receipt of laboratory results. In neonatal applications,
for example, frequent blood sampling can cause significant
blood loss especially for very small premature infants even
if micro-blood samples are used for analysis. Furthermore,
blood gas values are available only intermittently and,
therefore, indicate the status of the patient only at the
time the blood samples were drawn. The inevitable delay
and lack of continuous information can lead to potential
diagnostic errors particularly in critically ill patients in
whom rapid, and often life-threatening, cardiopulmonary
changes can occur during short periods of time.

The increasing cost of health care today makes the use
of noninvasive oxygen monitoring attractive because in-
stantaneous changes in blood oxygenation can be recog-
nized and adequately corrected for before irreversible
tissue damage occurs. Furthermore, continuous monitor-
ing also provides real-time trending information to assist
the clinician in assessing the response to therapeutic in-
terventions without the time, risk, and high cost associ-
ated with clinical laboratory analysis.

Noninvasive transcutaneous measurement of pO2 has
been available since the early 1970s (1). The principle is
based on O2 diffusion through the skin and the concept of
oxygen polarography using a Clark-type electrode. Be-
cause O2 diffusion through the stratum corneum is nor-
mally too low to obtain measurable pO2 at the skin
surface, the sensor contains a small heating element to
induce hyperemia and speed O2 diffusion through the
skin. Therefore, the position of the electrode must be
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changed frequently to avoid skin burns. Additionally, be-
cause polarography is based on an electrochemical reac-
tion, before it is applied to the skin, the sensor must first
be calibrated in vitro with a known gas mixture.

The principal application of transcutaneous pO2 mon-
itoring has been limited to newborn infants because of the
relatively thick layer of the epidermis at birth. In adults,
the greater skin thickness prevents accurate and repro-
ducible measurement of arterial pO2. Besides this differ-
ence and other practical concerns as noted above,
transcutaneous pO2 measurements are slower and more
complicated compared with pulse oximetry. For example,
after a transcutaneous pO2 electrode is applied to the skin,
it takes about 5–10minutes to establish a stable and ac-
curate reading. For these reasons, transcutaneous pO2

measurements remained popular in neonatal applications
until the early 1980s when pulse oximetry was first intro-
duced into clinical practice. Soon after its introduction, the
popularity of pulse oximetry rose rapidly, whereas the
popularity of transcutaneous pO2 monitoring has gradu-
ally declined.

3. PRINCIPLE OF BLOOD OXIMETRY

3.1. Optical Spectra of Blood

The basic concept of oxygen saturation measurement (ox-
imetry) dates back to Robert Boyle who, in 1700, first ob-
served that blood can change its color when exposed to air.
Early methods that were developed to estimate the rela-
tive amount of O2 in blood are based on the observation
that the characteristic color of deoxygenated Hb is dark
red, whereas when Hb is chemically combined with O2 to
form HbO2 has a distinctly bright red color.

Optical oximetry relies on the significant difference in
the optical absorption of Hb and HbO2 in the visible part of
the spectrum, as illustrated in Fig. 1. Optical methods for
measuring SO2 are based on light absorption by blood at
two specific wavelengths: l1, where there is a large differ-
ence in light absorption between Hb and HbO2 (e.g.,
660nm); and a second wavelength, l2, which can be an
isobestic wavelength (a wavelength at which the absorp-
tion of Hb and HbO2 are equal, e.g., 805nm) or a different

wavelength in the near infrared region of the spectrum
between 880 and 940nm, where the absorption of Hb is
slightly smaller compared with HbO2.

3.2. Calculation of Oxygen Saturation

The absorption of light at a specific wavelength by a ho-
mogeneous substance in a solution contained inside a par-
allel-wall optically transparent holder (optical cuvette)
can be accurately determined with the Beer–Lambert
law. Accordingly, the fraction of radiant energy absorbed
by a substance can be related to its concentration using
the basic relationship

It¼ Io� 10�ecd;

where It is the intensity of the transmitted light, Io is the
intensity of the incident light, e is the extinction coefficient
(or molar absorptivity, which represent the fraction of
light absorbed at a specific wavelength) of the sample, c
is the concentration of the sample, and d corresponds to
the light path length through the sample. This relation-
ship requires monochromatic (i.e., single wavelength) in-
cident light and collimated (i.e., parallel beams) light
transmission through the sample. In other words, the
sample does not scatter any light. In addition, it is as-
sumed that the incident light intensity is equal to the sum
of the light intensities transmitted and absorbed by the
sample. It must be noted also that if the incident light is
scatters by the sample, the effective pathlength of the
transmitted light through the sample is increased, and
thus, the Beer–Lambert law is no longer valid.

Assuming for simplicity that a thoroughly mixed hem-
olyzed blood sample (i.e., blood in which the red blood cell
membrane has been ruptured and destroyed) consists of a
two-component homogeneous mixture composed of only
Hb and HbO2, the light absorption by this homogenous
mixture is equal to the sum of light absorption by Hb and
HbO2. Therefore, it is possible to derive two independent
algebraic equations to describe the absorption of the mix-
ture using two distinct wavelengths. This set of equations
can be then be solved simultaneously to find the concen-
tration of each component in the mixture. Using the two

10

1

0.1

0.01
600 700 800 900 1000

E
xt

in
ct

io
n 

co
ef

fic
ie

nt

Wavelength (nm)

MetHb

HbO2

Hb

HbCO

Figure 1. Optical absorption spectra of Hb, HbO2, MetHb, and
HbCO in the visible and near-infrared regions of the spectrum.

2 PULSE OXIMETRY



equations described above, SO2 can be determined from
the relationship

SO2¼A� B
ODðl1Þ
ODðl2Þ

;

where A and B are functions of the specific extinction co-
efficients of Hb and HbO2 and OD is defined as the optical
density [i.e., log10(Io/It)] of the substance. In other words,
SO2 can be determined by measuring the incident and
transmitted light intensities of a homogenous sample so-
lution containing an unknown concentration of Hb and
HbO2. This concept is the underlying principle used by
conventional bench-top clinical CO-oximeters to measure
SO2 and other hemoglobin derivatives in blood.

4. HISTORY OF NONINVASIVE OXIMETRY

Since the early 1930s, considerable efforts have been made
to develop noninvasive optical techniques for accurate
measurements of arterial oxygen saturation (2). Matthes
(3,4) developed the first noninvasive oximeter using two
wavelengths of light. However, the need to compensate for
large changes in tissue thickness, unknown blood content,
and variations in skin color among different individuals
was recognized early on as a practical obstacle in achiev-
ing accurate calibration.

Early application of the Beer–Lambert law to noninva-
sive measurement of arterial SO2 began by Millikan et al.
(5) and Wood and Geraci (6) during World War II because
of the need to monitor and protect pilots flying at high al-
titudes in unpressurized cockpits from losing conscious-
ness. This device essentially used the earlobe as an optical
cuvette containing blood. However, the ear tissue contains
nonhemolyzed whole blood, and hence, the transillumi-
nated light undergoes partial reflection and multiple scat-
tering by tissue and blood. Furthermore, besides arterial
blood, the ear lobe also contains venous blood and other
nonblood substances that interact with the light. Conse-
quently, initial attempts to measure SO2 noninvasively
required a zero-point calibration by subtracting the light
attenuated by the bloodless tissue and skin from the total
amount of light transmitted through the ear. The zero-
point calibration was accomplished by compressing the
ear using an ear probe equipped with a transparent pres-
sure capsule that was initially inflated to a pressure that
exceeds the arterial blood pressure, thus rendering the ear
pinna almost bloodless. After the initial baseline trans-
mission of light through the bloodless ear was measured,
the pressure in the capsule was released and a second
measurement through the uncompressed ear was taken.
SO2 was then determined based on the difference between
these two readings. Although this approach was the first
significant step toward an accurate and absolute nonin-
vasive measurement of SO2, it was not successful mainly
because of poor reproducibility and the complicated cali-
bration process involved. The other technical challenge
that contributed to significant errors was the inability to
distinguish between the light absorbed by arterial and ve-
nous blood because oxygen saturation of venous blood is

lower than arterial blood and depends on local physiolog-
ical conditions.

The first widely used commercial ear oximeter, which
was considered the forerunner of pulse oximetry, was de-
veloped by the Hewlett-Packard (H-P) company in the
early 1970s (7). Briefly, a high-intensity tungsten lamp
was used to generate a broad spectrum of light. Eight
narrow-band optical interference filters were mounted on
a rotating wheel that intercepted the light path sequen-
tially to provide a source of monochromatic wavelength
selection. These filtered light beam pulses entered a fiber-
optic cable that carried it to the ear. A second fiber-optic
cable carried the light pulses transmitted across the ear-
lobe back to the instrument for detection and analysis. To
measure arterial SO2, the ear probe was positioned across
the ear pinna and a temperature-controlled heater within
the ear probe maintained the tissue at a temperature of
411C, which caused an increase in local blood flow through
the ear that essentially ‘‘arterializes’’ the blood.

The H-P ear oximeter measured arterial SO2 by com-
paring the intensity of light transmitted through the ear
at eight selective wavelengths within the 650–1050nm
spectral region. These wavelengths were selected because
the light in this spectral range is least attenuated by tis-
sues. Wavelengths outside of this range are heavily ab-
sorbed either by blood or by water. The design of the H-P
ear oximeter assumed that the ear pinna acts as a fixed
path length optical cuvette. The method then assumed
that a homogenous mixture of eight independent light ab-
sorbers can adequately represent the bulk optical proper-
ties of the ear pinna, including variations in tissue
thickness and skin pigmentation. Thus, to determine ar-
terial SO2, a computer inside the oximeter had to solve
eight algebraic equations simultaneously. These equa-
tions, which were originally derived based on Beer–Lam-
bert law, are similar to the relationship describing the
optical absorption of a two-component mixture. However,
because the exact optical extinction coefficients of the dif-
ferent light absorbers in the tissue including light scat-
tering by the ear pinna were unknown, a brute force
approach was taken by empirically deriving a set of char-
acteristic extinction coefficients based on data obtained
from human volunteers.

Although the H-P ear oximeter became popular within
pulmonary medicine, its major disadvantages were the
need to heat the skin to arterialize the blood, the heavy
weight of the fiber-optic cable, and the large size of the ear
probe (approximately 10 � 10 cm), which limited the ap-
plication of this oximeter to adult patients. Manufacturing
of the H-P ear oximeter, which was the prominent fore-
runner to the pulse oximeter, stopped in the early 1980s.

5. THEORY OF PULSE OXIMETRY

Noninvasive monitoring of arterial oxygen saturation by
pulse oximetry (SpO2) was first adopted by anesthesiolo-
gists in the early 1980s in an effort to optimize patient
safety. The goal of this technology was to identify as early
as possible unrecognized episodes of hypoxemia (insuffi-
cient blood oxygenation) that often resulted in irreversible
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tissue damage and costly malpractice insurance claims.
During the past decade, pulse oximetry has become a rap-
idly growing practice in many fields of clinical medicine,
including subacute and long-term care. Whether used as a
safety guard or as a diagnostic tool, this new modality is
widely acknowledged to be one of the most important
technological advances in patient monitoring. The most
important advantage of pulse oximetry is the capability to
provide continuous, safe, and cost-effective monitoring of
blood oxygenation noninvasively at the patient bedside. It
is particularly useful when a patient is unstable and sub-
ject to rapid or unpredictable oxygen desaturation. Pulse
oximeters are easy to use, require no user calibration, and
provide virtually maintenance-free operation.

The history and principle of pulse oximetry has been
reviewed extensively in several books and manuscripts (8–
15). This breakthrough idea came about in the 1970s when
Takuo Aoyagi was researching how to measure cardiac
output noninvasively based on a dye dilution washout
curve using light transmission through the ear based on
Wood and Geraci’s method (16–18). While performing ex-
periments on animals, he noted that arterial pulsations
caused fluctuations in light transmission that interfered
with measurements of changes in dye concentration over
time. These arterial pulsations made it difficult to achieve
accurate cardiac output measurements. Realizing that the
minute pulsations (i.e., modulation) in the transmitted
light are sensitive to SO2, and therefore can neatly cir-
cumvent many problems of earlier nonpulsatile oximetry,
Aoyagi’s discovery quickly spurred the commercialization
of the first clinically useful noninvasive pulse oximeter.

Pulse oximetry exploits the time-variant photo-
plethysmographic (PPG) signal that is produced by
changes in arterial blood volume and changes in the ori-
entations of red blood cell associated with cardiac contrac-
tion and relaxation, as illustrated in Fig. 2. The technique
also assumes that venous blood does not pulsate and that

the amplitude of the arterial PPG pulse measured around
660nm is sensitive to changes in arterial SO2. Taking
these assumptions into consideration, SpO2 can be derived
by analyzing only the changes in the amplitude of the
pulsatile red and infrared PPGs measured in the visible
and near-infrared region of the spectrum.

The unique advantage of this PPG-based noninvasive
approach is that only two wavelengths are required to de-
termine SpO2, which greatly simplifies the configuration
of the optical sensor. Furthermore, the pulsatile portion of
the PPG signal, which is related to the inflow of arterial
blood into the cutaneous vascular tissue, is used to sepa-
rate the arterial blood from all other absorbing substances
present in the illuminating path. Thus, light absorbed by
the skin, which depends on skin color and the composition
of subcutaneous tissues, as well as on the optical absorp-
tion by venous blood, remains constant during the cardiac
cycle and therefore can be ignored. Additionally, rendering
the tissue bloodless during the calibration process and the
need to heat the tissue to ‘‘arterialize’’ the blood, which
were essential in earlier models of nonpulsatile oximeters,
are no longer necessary.

Practically, tissue absorption can vary widely between
individuals and probe locations. Furthermore, transmit-
ted light intensities depend on detector sensitivity and in-
cident light intensities. Therefore, a normalization (i.e.,
scaling) process is commonly employed in which the pulsa-
tile (alternating current, or AC) component of the red and
infrared PPGs measured by a photodetector, which results
from the influx of arterial blood and expansion of the cu-
taneous vascular bed, is divided by the corresponding
nonpulsatile (direct current, or DC) component of the
PPG that is characteristic of the background light ab-
sorbed by the tissue, the residual nonpulsatile arterial
blood present in the vascular bed during diastole, and ve-
nous blood. This effective scaling yields a normalized AC/
DC ratio for both the red and the infrared PPGs. The ratio
of these two normalized AC/DC ratios, which is largely
independent of the incident light intensity, is denoted by R
and is equal to

R¼
ACR=DCR

ACIR=DCIR
;

where ACR is the pulsatile red component, ACIR is the
pulsatile infrared component, DCR is the nonpulsatile red
component, and DCIR is the nonpulsatile infrared compo-
nent of the corresponding PPGs. It is this adjusted R ratio
that the pulse oximeter uses to compute SpO2.

5.1. Calibration of Pulse Oximeters

Precalibration of a pulse oximeter by the manufacturer
must be performed empirically by calculating the ratios of
the normalized AC/DC signals obtained from the red and
infrared PPGs during a stepwise hypoxic study. The cal-
ibration data are normally acquired from 10–20 healthy
young adult volunteers breathing hypoxic gas mixtures to
induce hypoxemia. During the study, data measured by
the pulse oximeter are compared simultaneously with
SaO2 values obtained from an indwelling radial artery
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Figure 2. Variations in light attenuation by tissue illustrating
the rhythmic effect of arterial pulsation. The arterial pulse cor-
responds to the AC component of the PPG waveform. The DC
component corresponds to the total absorption by the residual
arterial blood present in the vascular bed during diastole, the ve-
nous blood and bloodless tissue components.
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catheter and analyzed in vitro by a standard multiwave-
length CO-oximeter. The data collected are later used to
determine specific calibration coefficients and create a
look-up table that is permanently programmed into the
oximeter for converting optical measurements to SpO2

values. This method of calibration can be lengthy and
costly, but it must be conducted by each pulse oximeter
manufacturer to gain U.S. Food and Drug Administration
(FDA) approval.

Because of this empirical calibration, different brands
of pulse oximeters may display different values depending
on the internal calibration of the oximeter. A typical cal-
ibration relationship between the normalized R ratio and
the arterial SpO2 is shown in Fig. 3. This calibration can
be described for example by the mathematical relationship
(19)

SpO2¼
k1þ k2R

k3þ k4R
;

or the data can be fitted by a polynomial relationship of
the form (9)

SpO2¼AR2þBRþC:

The values of the different coefficients in these equations
(k1–k4 and A, B, C) are determined by empirical calibra-
tion. Note that at about 85% SpO2, the amount of light
absorbed by the Hb and HbO2 is relatively equal and,
therefore, the normalized amplitudes of the red and in-
frared signals are equal (i.e., R¼ 1:0). Because the optical
properties of blood are similar among different individu-
als, individual instrument calibration is not required in
the field.

The decision of what should be considered a ‘‘safe’’ low-
level SO2 for calibrating pulse oximeters on healthy vol-
unteers remains controversial. Typically, most manufac-
turers perform in vivo calibrations by varying the inspired
O2 concentrations to yield arterial SO2 values between
70% and 100%. However, pulse oximeters are capable of
measuring SpO2 values lower than 70%. Occasionally,

even during clinical calibration studies designed to en-
sure that SO2 levels remain above 70%, a few arterial SO2

values can fall below 70%, although the number of data
points in this range is generally too small to be included in
the calibration data set. Therefore, manufacturers typi-
cally prefer to extrapolate the calibration curves to deter-
mine SpO2 values below 70%.

In general, the accuracy of most noninvasive pulse oxi-
meters is acceptable for a wide range of clinical applica-
tions. Under normal operating conditions, the accuracy of
pulse oximeters compared with a CO-oximeter is typically
within þ /� 2–3% in the arterial SO2 range between 70%
and 100% (20–24). Below 70%, the accuracy normally de-
teriorates considerably.

5.2. Pulse Oximeter Sensors

The sensor of the original pulse oximeter as described by
Yoshiya et al. and manufactured by Minolta in Japan (18)
was based on a bulky fiber-optic cable that was used as a
split optical guide to conduct light from a quartz halogen
lamp to the measurement site and to conduct the light
transmitted through the finger back to a photodetector
(PD). The light source and PD were both housed inside the
oximeter. Narrow optical band pass filters in combination
with a mechanical chopper were used to properly select
the red and infrared wavelengths and to synchronize the
detection of the transmitted light with the measurements
made by the PD.

An improved design of a noninvasive pulse oximeter
probe was introduced in the United States by BIOX and
Nellcor in the early 1980s based on a much simpler, more
compact, and significantly less expensive design that elim-
inated the need for a fiber-optic cable and other bulky op-
tical components. It included readily available solid-state
components that also allowed manufacturers to signifi-
cantly reduce the overall size and weight of the probe. A
typical pulse oximeter probe comprises of a single highly
sensitive silicon PD and a pair of small, but bright, red and
infrared light emitting diodes (LEDs) mounted inside a
small and light-weight probe. Additionally, using LEDs
reduced significantly the amount of power consumption
and eliminated the amount of heat generated by the in-
candescent light source in previous designs.

Most manufacturers of pulse oximeters offer different
types of disposable and reusable sensors that are suitable
for neonatal, pediatrics, and adult applications. In trans-
mission-type sensors, the LEDs and PD are placed on op-
posite sides across a pulsating arterial bed. The most
popular sensor configurations are flexible bandage-type
disposable sensors (Fig. 4) or reusable finger clip-on type
probes (Fig. 5). Some manufacturers also offer earlobe clip
and nose-bridge type sensors.

In certain clinical situations in which transmission
sensors cannot be used, it is possible to use reflectance-
type sensors. The feasibility to use reflected light rather
than transillumination to measure SpO2 was first intro-
duced by Mendelson et al. in the early 1980s (25,26). Re-
flectance sensors use similar optical components as
transmission sensors except that the LEDs and PD are
mounted adjacent to one another, as illustrated in Fig. 6.
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The most compelling reason for developing reflectance-
type sensors is the ability to measure SpO2 from alterna-
tive body locations such as the head. For instance, a re-
flectance sensor can be used in perinatology to monitor a
fetus during delivery. Forehead reflectance sensors have
also been advocated to guard against acute changes in
hypoxemia, particularly in patients with poor peripheral
circulation, because it can be manifested in the head more
rapidly than in the extremities (27–30). Clinical studies
found that the lag time to detect hypoxemia in the finger-
tips during peripheral vasoconstriction can be longer by
about 90 seconds compared with the forehead. These stud-
ies also confirmed that transmission sensors mounted on
the fingertip are the slowest to respond to changes in SpO2

because the fingertips are more affected by thermoregula-
tory vasoconstriction than the forehead.

Pulse oximeters store the unique calibration curves
that are used to convert optical readings to SpO2 values
inside the monitor. This approach can limit the manufac-
turer’s ability to introduce new sensor designs that might
require different calibration choices. To overcome this lim-
itation, a new line of pulse oximeter probes (OxiMax) that
includes a digital memory chip was recently introduced by
Nellcor (31). The memory chip is imbedded within each
sensor and contains all calibration and operating charac-
teristics for that individual probe, which enables the mon-

itor to operate accurately with a more diverse range of
sensors.

Pulse oximetry is typically used in hospitals, although
several products and research efforts are focused on de-
veloping more portable and wearable pulse oximeters with
unique sensor configurations. Some efforts are also di-
rected toward the development of units that are more
suitable for long-term ambulatory applications. Nonin
Medical (Plymouth, MN) managed to condense and inte-
grate the electronics of a pulse oximeter together with a
transmission-type sensor into a unique finger clip probe,
creating the smallest self-contained finger pulse oximeter
called the Onyx. The Onyx pulse oximeter weighs only 2
ounces, measures 1.3 � 1.3 � 2.2 inches, and is powered
by two AAA batteries providing continuous use for up to
18 hours.

Rhee et al. (32,33) developed a miniaturized wireless
pulse oximeter sensor worn by the subject as a finger base
ring. The isolated ring configuration separates the sensor
unit from the rest of the ring body that is much heavier
than the optical sensor unit alone. The separation is
achieved by using two concentric rings that are mechan-
ically decoupled. The inner ring contains a pair of red and
infrared LEDs and a PD configured as a reflectance mode
sensor, whereas the outer ring comprises the rest of the
pulse oximeter circuitry including a battery and a radio-
frequency transmitter. A thin and flexible cable connects
the two rings. Forces from mechanical contacts with the
outer ring are therefore isolated from the optical sensor.
This efficient double-ring design has the potential of min-
imizing the influence of external forces and therefore of
reducing the effects of motion artifacts.

The design of a reflectance-mode pulse oximeter de-
pends on the ability to fabricate a sensor that has im-
proved sensitivity and can detect sufficiently strong PPGs
from various locations on the body combined with sophis-
ticated digital signal algorithms to process the relatively
weak and often noisy signals. Commercial pulse oximeter
sensors employ a single PD element, typically with an ac-
tive area of about 12–15mm2. Normally, a relatively small
PD chip is adequate for measuring strong transmission
PPGs because most of the light emitted from the LEDs is
diffused by the skin and subcutaneous tissues predomi-
nantly in a forward-scattering direction. However, in re-
flection mode, only a small fraction of the incident light is
backscattered by the tissues. Additionally, the backscat-
tered light intensity reaching the skin surface is normally
distributed over an area larger than 15mm2. Typically,
the backscattered light is spread concentrically around
the LEDs, but its intensity is inversely proportional to the
square distance from the location of the LEDs.

To improve the signal-to-noise ratio (SNR) and reliabil-
ity of reflection pulse oximeters, several sensor geometries
have been described based on a radial arrangement of a
larger area PD or multiple LEDs. For example, Mendelson
et al. (34–36) and Konig et al. (37) designed a reflectance
sensor prototype consisting of multiple discrete PDs or a
single annular-shaped PD mounted symmetrically around
a pair of red and infrared LEDs. Takatani et al. (38,39)
described a different sensor configuration to increase the

(a) (b)

Figure 4. A typical disposable transmission-type finger sensor of
a pulse oximeter (a) taped to a subject’s finger (b).

Figure 6. A typical reflectance-type pulse oximeter probe.

Figure 5. A typical reusable transmittance-type pulse oximeter
probe.
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amount of incident light based on ten LEDs that were ar-
ranged symmetrically around a single PD chip.

5.3. Sensor Attachment

Several locations on the body, such as the fingertips and
earlobes, are suitable for monitoring SpO2 with transmis-
sion sensors in adults. The most popular sites in adults are
the fingertips because these locations are convenient to
use and a good PPG signal can be quickly obtained. On
neonates and pediatric patients, the toes, ankles, or wrists
can be used as alternative monitoring sites. Because light
is highly scattered in tissues, other locations on the skin
that are not accessible to conventional transillumination,
such as the forehead or the temple region, can be moni-
tored using reflectance sensors. These sensors are typi-
cally attached to the skin using a double-sided adhesive
tape. A headband can be used to hold the reflectance sen-
sor in place and to minimize ambient light interferences.

5.4. Instrumentation

Hardware implementation of pulse oximeters varies
widely among different manufacturers. In general, a mi-
croprocessor is used to generate a sequence of digital time-
multiplexing pulses to synchronously drive the red and
infrared LEDs such that only one LED is turned on at a
time. Typically, this is accomplished by sequencing the red
and infrared LED on and off, which allows an interval
when both LEDs are turned off to detect changes in am-
bient background light. These digital switching pulses are
also used to demultiplex the red and infrared signals be-
cause light is detected by a single PD. Narrow-width
switching pulses also help to increase the peak illuminat-
ing intensity of the LEDs without the risk of exceeding the
maximum rated average power dissipation that can dam-
age the LEDs. Depending on the particular design, addi-
tional sample-and-hold circuits are sometimes used to
separate the composite signals measured by the PD into
two different analog channels corresponding to the red
and infrared PPGs. The demultiplexed PPG signals can
then be amplified and high-pass filtered individually to
separate the AC and DC components of each PPG wave-
form before it is further digitized by an analog-to-digital
converter (ADC). In some pulse oximeters, the composite
PPG measured by the PD is digitized directly by an ADC,
which considerably simplifies the amount of preprocessing
hardware used, although this approach requires a higher
bit resolution ADC (typically 14–16 bits or more) to
achieve adequate SNR. Some manufacturers use auto-
matic gain control (AGC) either to adjust the light inten-
sity of each LED or to change the gain of the photodiode
amplification. This process is performed to ensure that the
AC and DC levels of the PPGs signals always remain
within a predetermined range. This feature is important
to maximize the amplitude of the analog signal before it is
digitized by the ADC and to compensate for variations in
skin color and tissue properties.

Besides SpO2, most pulse oximeters also provide sev-
eral other displays. Most pulse oximeters, other than
handheld devices typically used for spot-checking, com-
monly include analog or digital bar graph-type displays in

the form of a horizontally scrolling arterial waveform re-
sembling a blood pressure pulse, or a vertical moving bar
corresponding to the relative amplitude of the arterial
pulse (Fig. 7). These important features enable the clini-
cian to assess in real time the quality and reliability of the
measurement. For example, the amplitude, shape, and
stability of the arterial waveform can often be used as an
indication of motion artifacts or adequate perfusion con-
ditions when erratic SpO2 or HR values are displayed,
particularly in monitoring compromised patients. Simi-
larly, if the patient’s heart rate displayed by the pulse oxi-
meter differs considerably from the actual heart rate,
which often is available as an independent measurement
if the patient is also connected to an electrocardiogram
(ECG) monitor, the SpO2 values displayed by the pulse
oximeter should be questioned.

The software used in pulse oximeters typically per-
forms several important functions. Depending on the
hardware features implemented in a particular pulse oxi-
meter model, the software usually controls the sequencing
of the LEDs and may perform digital filtering to separate
the AC and DC components of the PPG waveforms. Addi-
tionally, dedicated software algorithms are commonly em-
ployed to implement digital filtering, improve the SNR by
averaging multiple measurements for AGC, display dif-
ferent diagnostic or warning information to keep the user
informed, and implement various user-selected SpO2 and
HR alarm settings.

5.5. Signal Processing

There are no standard methods for processing the PPG
waveforms and improving the SNR in pulse oximetry. Sig-
nal processing algorithms used by manufacturers for com-
puting and relating the R ratios to SpO2 and for
measuring heart rate are proprietary information and
therefore protected by patent laws. Review of the patent
literature can reveal some signal processing algorithms
used by manufacturers. Typically, these algorithms range
from simple digital filtering and time-domain analysis
based on a weighted moving average technique to more
sophisticated frequency-domain processing, including
nonlinear filtering, autocorrelation, adaptive filtering,
and feature extractions, to name a few. Rusch et al. (40)

Figure 7. The Nellcor Model N595 pulse oximeter (Courtesy of
Nellcor Puritan Bennett, Inc. Pleasanton, CA).
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compared several digital signal processing algorithms
based on frequency-domain analysis and found that com-
putation of SpO2 by fast fourier transform (FFT) or dis-
crete cosine transform were as accurate as weighted
moving average algorithms.

Because pulse oximeters use the pulsatile signal of the
PPG, several time-domain approaches can be used to de-
rive the R ratios and compute the patient’s HR. Addition-
ally, the response time of a pulse oximeter depends on the
number of data points averaged before the readings are
displayed. Some methods use the peak-to-trough ampli-
tudes of the pulsatile red and infrared components to de-
termine the AC components at each wavelength. However,
this simplified approach has a deleterious effect on the
time response of the pulse oximeter to acute changes in
SpO2 because the readings depend on the patient’s heart
rate, and more importantly, new raw signals are available
for averaging only once every heart beat. An improved
approach is based on averaging many incremental
changes along the steep slope of the PPG pulse. This ap-
proach results in many more data points between succes-
sive heart beats and, consequently, leads to a shorter
instrument response time. In addition, averaging more
data points improves the accuracy and stability of the val-
ues displayed. Because the AC component of each PPG
signal is a bipolar waveform, in the time domain, it is rel-
atively simple to measure the duration of each heart beat
using a simple zero-crossing algorithm.

An alternative approach for processing the PPG signals
is based on a frequency-domain approach. Accordingly, the
composite red and infrared PPG signals (before the DC
and AC components are separated) are first processed by
an FFT algorithm. The FFT spectra for each PPG signal
are then processed by a separate algorithm to identify the
amplitude and frequency of the dominant peaks. Typically,
the amplitude of the zero-frequency peak corresponds to
the value of the DC component. Likewise, the amplitude of
the highest spectral peak residing between 1 and 3Hz
(i.e., 60 to 180 beats per minute), which coincides with the
subject’s HR, corresponds to the amplitude of the AC com-
ponent.

Several methods are typically employed to improve the
accuracy of pulse oximeters, especially in clinical situa-
tions involving motion artifacts. The primary motivation
is the reduction in the occurrence of false alarms. The most
common method to reduce the effect of motion artifacts is
by digital signal processing and averaging of consecutive
measurements over a fixed number of seconds before the
final reading is displayed. However, this approach can
slow the response time of the pulse oximeter to alert cli-
nicians when abrupt changes in hypoxemia occur. There-
fore, many brands permit the user to select the averaging
time depending on the user needs.

Some manufacturers used the R-wave of the patient’s
ECG to synchronize with the optical measurements,
which thereby improved the detection of noisy pulsatile
signals by enhancing the SNR using multiple time-aver-
aged signals (41,42). The disadvantage of this approach is
that it relies on the availability of a separate ECGmonitor.
Other techniques use a priori assumptions about specific
feature recognition in a typical PPG waveform and simply

suppress the readings when excessive motion artifacts
corrupt the basic template features of the detected
PPGs. However, because even small artifacts can severely
distort the temporal features of the PPG, this approach
tends to discard potentially useful data, and timeouts are
common.

In 1989, the Masimo Corporation introduced a different
signal extraction technology based on an adaptive filtering
approach (43,44). This approach, which is used to improve
the SNR in signals corrupted with overlapping frequency
noise bands, recognizes that during patient motion, in ad-
dition to a noisy arterial pulse, the venous blood compo-
nent is also susceptible to perturbations caused by
dynamic redistribution attributed to gravity or external
pressure and therefore represents a significant source of
interdependent noise. Because a pulse oximeter assumes
that the AC component of the PPG is caused by arterial
pulsation, venous perturbations during movement can
cause significant errors and lead to false alarms. The
method attempts to estimate the magnitude of this noise
and cancel its contribution from the PPG during patient
movement by an adaptive noise cancellation approach.
The Masimo approach, which is based on a proprietary
statistical signal processing algorithm termed Discrete
Saturation Transform (DST), builds a reference signal
from the incoming red and infrared PPGs for each per-
cent of SpO2 value. This reference is passed through the
adaptive filter to cancel the correlated frequencies be-
tween the reference and the corrupted PPG signal.

Additional signal processing methods to improve the
performance of pulse oximeters by reducing the sensitivity
to motion artifacts are being developed by the manufac-
turers and independent investigators. Hayes and Smith
(45,46) proposed that a nonlinear PPG artifact reduction
method can be used to significantly reduce the effect of
changes in the probe coupling, with an electronic process-
ing algorithm based on inversion of a physical artifact
model. Deterministic removal of the modeled artifact is
achieved with an additional (i.e., third) measurement
channel with an illuminating wavelength that exhibits
contrasting anatomical absorption characteristics. Co-
etzee and Elghazzawi (47) described a different noise re-
duction algorithm that first detects relatively clean PPG
sections from which the HR is estimated. Then, the HR
value is used to construct a synthetic reference signal that
matches an idealized pulse signal. An adaptive filter con-
tinuously processes the sensor signals, reconstructing sig-
nals in a linear subspace defined by the reference signal. A
projective subspace algorithm is then applied to find SpO2.

6. PERFORMANCE LIMITATIONS OF PULSE OXIMETRY

Certain clinical situations and confounding factors can in-
terfere with the proper acquisition of reliable data and the
interpretation of pulse oximeter readings. The most com-
mon cause of interruptions in the continuous readings of a
pulse oximeter (called ‘‘dropouts’’) seems to be frommotion
artifacts and low peripheral blood perfusion. Clinicians
must understand these shortcomings so that erroneous
readings can be properly identified.
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6.1. Low Peripheral Vascular Perfusion

Because pulse oximeters rely on adequate arterial pulsa-
tion, significant reduction in peripheral vascular pulsa-
tion, most notably from systemic hypotension, local
vasoconstriction, hypothermia, hypovolemia, and during
cardiopulmonary bypass, can produce a signal too small to
be processed reliably by a pulse oximeter (48–51). In cer-
tain situations, locally applied vasodilating agents or gen-
tle warming of the skin by covering the sensor with a cloth
can be used to enhance the pulsatile signal. In general,
however, pulse oximeters become more susceptible to mo-
tion artifacts under conditions of low peripheral perfusion.
When the oximeter cannot detect adequate pulsatile sig-
nals, a ‘‘low perfusion’’ or similar type of diagnostic mes-
sage is usually displayed by the oximeter to alert the user
of possible peripheral blood perfusion problems.

6.2. Motion Artifacts

Pulse oximeters must detect a pulsatile signal that is nor-
mally a very small fraction (typically about 1–3%) of the
nonpulsatile component in the PPG. Therefore, any tran-
sient motion of the sensor relative to the skin that is usu-
ally accompanied by changes in the optical coupling
between the probe and the illuminated tissue can cause
significant artifacts. Because these transient artifacts can
sometimes mimic a normal heart beat, erroneous readings
may be displayed if the instrument cannot differentiate
between pulsations that are from motion artifacts and
normal arterial pulsations.

Pulse oximeters were originally used by anesthesiolo-
gists in the operating room on motionless patients. Soon
after, this technology was adopted for use in the intensive
care unit and general wards, where patients can be free to
move around or may become restless. In these circum-
stances, the tolerance of pulse oximeters to motion arti-
facts emerged as one of the most challenging technical
problems to solve. In fact, motion artifacts have been cited
by clinicians as the most common cause of false alarms,
loss of signal, and inaccurate readings in a pulse oximeter.
The high frequency of false alarms associated with motion
artifacts often leads to unsettling tendencies among clini-
cians, especially in a busy hospital ward, to ignore or even
turn off pulse oximeter alarms and thereby compromise
patient safety.

Motion artifacts, such as during shivering or seizure
activity, are usually recognized by false or erratic heart
rate displays or by distorted PPG waveforms. Several clin-
ical studies compared how different brands of pulse oxi-
meters respond to motion artifacts under various
conditions (52–54). It is important to keep in mind, how-
ever, that the interpretations of clinical comparison stud-
ies to evaluate the performance of different pulse
oximeters can depend on the pulse oximeter model used
and the particular revision of the software algorithms.

6.3. Venous Pulsations

Another potential problem with pulse oximeter measure-
ments are artifacts induced by venous pulsations.

As the veins become engorged with blood, the venous
blood pulsates at the same frequency as the arterial blood.
Because pulse oximeters rely on the presence of a pulsatile
signal, and SO2 of venous blood is lower than arterial
blood, some pulsatile red component in the PPG signal
may actually contain venous blood of lower SO2 mixed
with the higher SO2 normally present in the arterial
blood. Therefore, increased venous pulsations interfere
with the measurements, which results in artificially low
SpO2 readings.

Sometimes, if sensors are applied too snugly in an at-
tempt to reduce motion artifacts, they can lead to venous
pulsation and even necrosis. Other situations leading to
venous pulsations may be attributed, for example, to right
heart failure, tricuspid regurgitation, high airway pres-
sures, VALSALVA maneuvers, and changes in body posi-
tion such as during certain surgical procedures when the
patient is placed in a Trendelenberg position (upper body
and head tilted downward by 30–40 degrees) causing ve-
nous blood pooling in the head.

6.4. Effect of Fetal Hb

At birth, fetal hemoglobin constitutes 60% to 95% of the
total Hb in blood of both preterm and term newborns.
Therefore, one of the concerns clinicians may have relates
to the interpretation of pulse oximeter readings in new-
borns because pulse oximeters are calibrated on adult pa-
tients. However, several studies have shown that the
difference in the optical absorption of adult and fetal Hb
is insignificantly small to affect the clinical accuracy of
pulse oximetry (19,55,56).

6.5. Interference from Electrosurgical Units (ESUs) and
Ambient Light

The energy produced by incandescent and quartz-halogen
light sources has spectral components in the visible and
near-infrared wavelength regions, which also overlap with
the wavelengths common in pulse oximetry. Several re-
ports suggest that the readings of pulse oximeters may be
affected by high-frequency radio interference from ESUs
and direct exposure to high-intensity light sources such as
infrared, xenon, and fluorescent lamps (57–59), although a
controlled study conducted by Fluck et al. (60) concluded
that the effect of ambient light on the accuracy of pulse
oximeters is statistically and clinically insignificant. Some
manufacturers of pulse oximeters try to minimize the ef-
fect of stray light by taking intermittent optical back-
ground readings when the LEDs in the sensor are turned
off and subtracting these readings from measurements
taken by the PD when the two LEDs are switched on. Ad-
ditionally, room light flickering from fluorescent lights can
be greatly reduced by sequencing the LEDs at a switching
frequency that is an integer multiple of the power line
frequency. Wrapping the sensor with an opaque material
can continue to reduce these light interferences.

6.6. Interpretation of Pulse Oximeter Readings

When comparing pulse oximeter readings to standard in
vitro CO-oximetry, which are widely used as a reference
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for calibrating pulse oximeters, it is important to under-
stand the principal differences between these two mea-
surements. For example, some bench-top CO-oximeters
use four distinct wavelengths between 500 and 600nm to
measure total Hb, HbO2, HbCO, and methemoglobinemia
(MetHb) in a given sample of blood. Hence, the value of
HbO2 reported by a CO-oximeter is commonly referred to
as fractional oxyhemoglobin. Numerically, it is equal to
the concentration of HbO2 expressed as a percentage of
the total of all active and inactive forms of Hb with respect
to their O2 binding capability. Therefore, it is normally
defined using the relationship

HbO2¼
½HbO2�

½Hb� þ ½HbO2� þ ½HbCO� þ ½MetHb�
� 100%:

In contrast to a CO-oximeter, pulse oximeters perform op-
tical measurements using only two wavelengths. Conse-
quently, a pulse oximeter cannot distinguish between the
relative concentrations of each type of Hb derivative pres-
ent in the blood because it is calibrated to display func-
tional oxyhemoglobin saturation as defined above.

The presence of significant amounts of dysfunctional
hemoglobins (i.e., hemoglobin derivatives that are not ca-
pable of reversibly binding with O2), such as HbCO and
MetHb, can confuse the interpretation of the readings by a
pulse oximeter. Therefore, clinicians must recognize the
above-mentioned differences in interpreting pulse oxi-
meter readings.

As noted in Fig. 1, in the red region around 660nm, Hb
and MetHb have similar extinction coefficients, whereas
in the near-infrared region, MetHb absorbs considerable
more light compared with Hb and HbO2. MetHb is formed
when the iron in Hb is oxidized from the ferrous (Feþ þ ) to
the ferric (Feþ þ þ ) state. Normally, MetHb is present in
the blood in relatively low concentrations (o1%), and thus
its effect on a pulse oximeter is virtually insignificant.
However, clinical studies have shown that MetHb levels
may be high congenitally or various medications, most
notably sulfa and sodium nitroprusside, can increase in
the amount of MetHb in the blood and produce erroneous
low readings by a pulse oximeter (61). This effect is pre-
dictable from the optical absorption property of MetHb
shown in Fig. 1 because an increase in the concentration of
MetHb tends to drive the R ratio toward unity and a cor-
responding SpO2 value of 85%.

HbCO, which is a normal product of Hb catabolism in
the body and is formed when carbon monoxide (CO) com-
bines with Hb, readily competes with Hb for O2 binding
sites. The quantity of HbCO in the blood of nonsmoking
subjects is typically below 2%, although it can be higher
depending on local environmental conditions. In smokers
(or smoke inhalation victims), however, the level of HbCO
may rise above 10%. As shown in Fig. 1, the absorption of
HbCO in the near-infrared region is very small, and for
wavelengths greater than 920nm, it is practically negli-
gible. On the contrary, the optical absorption of HbCO in
the red region of the spectrum is similar to HbO2, which
gives the blood a ‘‘cherry red’’ color. Thus, as expected from
Fig. 1, a two-wavelength pulse oximeter interprets HbCO

as HbO2. Clinical studies confirmed that elevated levels of
HbCO lead to a falsely high SpO2 readings (62–64).

Because pulse oximetry is based on the principle of
light absorption, nail polish or radiographic dyes intro-
duced into the blood stream intravenously can adversely
affect the readings of a pulse oximeter. For example, meth-
ylene blue, which is commonly used as an antidote in the
treatment of an elevated level of MetHb, has a high ab-
sorbance peak around 670nm, and this wavelength closely
coincides with the 660nm wavelength used in pulse ox-
imetry. Clinical studies found that methylene blue can
cause spuriously low SpO2 readings (65–67).

7. CLINICAL APPLICATIONS

Since the invention of pulse oximetry in the mid-1970s,
the technology has rapidly spread and became an invalu-
able monitoring tool in many clinical settings. Monitoring
O2 concentration in the inspired air has long been a stan-
dard procedure to confirm that hypoxic gas concentrations
are not delivered inadvertently to the patient during an-
esthesia well before pulse oximeters became available.
Shortly after pulse oximetry was introduced, in 1986, it
was recommended as a standard of care for basic intraop-
erative monitoring by the American Society of Anesthesi-
ologists (68). In 1988, the Society for Critical Care
Medicine adopted a similar recommendation that pulse
oximetry be used to monitor patients undergoing oxygen
therapy. Continuous monitoring of pulse oximetry is now a
de facto standard of care for virtually all cases that require
intensive or critical care management.

The popularity of pulse oximetry stems from the prem-
ise that pulse oximetry is capable of early detection of
changes in a patient’s condition, which therefore allows
rapid intervention that could prevent adverse conse-
quences. To date, pulse oximetry has been widely used in
various clinical applications including surgery, critical
care, hypoxemia screening, and exercise; during patient
transport from the operating room to the recovery room; in
emergency medicine; and more recently in ambulatory
applications (69–88).

7.1. Neonatal and Pediatric Pulse Oximetry

Hyperoxia in premature neonates is associated with an
increased risk of developing retinopathy of prematurity or
chronic lung disease because the oxyhemoglobin dissocia-
tion curve is flattened at oxygen saturation values above
90%, and errors of only a few percent in SpO2 measure-
ments could easily represent a large and significant error
in estimating the oxygen tension value. Therefore, sup-
plemental oxygen delivery to premature infants must be
closely controlled to obtain optimal tissue oxygenation
while minimizing potential serious side effects associated
with hyper- or hypoxemia.

Although several studies demonstrated that the infor-
mation obtained from a pulse oximeter can be used as a
feedback signal in a closed-loop controller algorithm to
automatically adjust the inspired oxygen fraction during
the administration of supplemental oxygen (89–92), the
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main utility of pulse oximetry in neonatology remains the
prevention of hypoxia rather than hyperoxia.

Pulse oximetry has also been used as an apnea monitor
at home for infants and children at risk for sudden infant
death syndrome and to check the adequacy of supplemen-
tal oxygen therapy in patients with chronic obstructive
pulmonary disease. However, the expense and frequent
false alarms from motion artifacts have limited the wide
use of pulse oximeters for these specific applications.

7.2. Retinal Oximetry

Attempts to measure the oxygen saturation within the
retinal vasculature noninvasively dates back to the 1950s
(93). This interest was motivated by the idea that mea-
suring oxygen saturation in blood supplying the retinal
arteries can be used to infer how much oxygen is supplied
to cerebral tissues because the ophthalmic artery that
supplies oxygen to the retina is also a branch of the in-
ternal carotid artery that supplies blood to the brain. A
retinal oximeter has also been suggested as a noninvasive
technique that may be used to identify cerebral bleeding
before changes in vital signs and to provide a reliable in-
dex of oxygen delivery during shock resuscitation of
trauma victims. Additionally, measurement of retinal ox-
ygen utilization may provide clinical information about
the metabolic state of the retina. If the ocular blood flow
and oxygen saturation of the arterioles and venules in the
retina are known, the information can be used to diagnose
and study retinal metabolic function in different disease
states such as diabetic retinopathy and macular degener-
ation.

Retinal oximetry exploits the unique transparency of
the ocular media that enables reflectance measurements
from the retinal fundus by shining light through the pupil.
The incident light impinging on the retina interacts with
the blood, the vessel wall, and the pigmented epithelium
background. Consequently, some light reflected and back-
scattered from the retina does not interact with the blood.
In addition, the relationship between the different compo-
nents of the reflected light depends on path length, hem-
atocrit, and blood flow. Moreover, the absolute amount of
light reflected from the retina is wavelength dependent
and can vary depending on the reflectance from surface
and deeper tissue components (94).

Numerous techniques have been employed to develop a
retinal oximeter with various degrees of success. Most
methods are based on digital images acquired at two
wavelengths (569 and 600nm) (95), three wavelengths
(558, 569, and 586nm) (96), and four wavelengths (488,
635, 670, and 830nm) (97). de Kock et al. (98) developed
an in vitro system to simulate the retinal circulation and
ocular optics based on a dual-wavelength (660 and
940nm) reflectance pulse oximeter and found that it can
detect changes in retinal SpO2 based on data from the in
vitro model. Despite these efforts, because there are mul-
tiple variables that affect the absolute intensity of the re-
flected light that is used to calculate oxygen saturation in
the retina, the method is used as a research tool, but a
clinical useful device that provides accurate reading with-
out the need for in vivo calibration is not yet available.

7.3. Esophageal Pulse Oximetry

Because transmission or reflection-type sensors that mea-
sure SpO2 from the skin rely on adequate peripheral per-
fusion at the measurement site, they can fail to provide
accurate readings in patients with compromised periph-
eral pulsatile circulation. Such clinical situations occur,
for example, in states of hypovolemia, hypothermia, or
vasoconstriction. Several studies investigated the alterna-
tive use of a reflectance-type sensor mounted inside a spe-
cially modified esophageal probe to monitor SpO2 from
core organs within the mediastinum in patients undergo-
ing prolonged cardiothoracic bypass surgery and in the
intensive care unit. The idea is based on the contention
that the use of a more central monitoring site such as the
esophagus increases the likelihood of obtaining more reli-
able measurements because it is a better perfused organ
than the extremities during periods of poor peripheral
perfusion (99–101).

7.4. Fetal Pulse Oximetry

Electronic fetal heart rate (FHR) monitoring is used rou-
tinely in labor as a standard for intrapartum assessment
of fetal well-being. Although it is considered to be a sen-
sitive technique and can identify a fetus with a normal
tracing as being uncompromised, the diagnostic value of
FHR monitoring as an indirect measure of fetal oxygen-
ation and acid-base balance is limited and is open for in-
terpretation. In clinical situations in which FHR tracing is
reassuring, the method has a predictive value of almost
99% on the well-being of the fetus. However, an abnormal
FHR has a positive predictive value of only 50% and there-
fore exhibits relatively poor specificity in detecting fetal
compromise (102).

Several approaches to fetal assessment have been de-
veloped with various degrees of success in an attempt to
resolve the lack of specificity associated with electronic
FHR monitoring as an indication of fetal distress during
labor. For example, blood sampling from the fetal scalp to
determine fetal blood pH has been employed to assist in
fetal assessment of acid–base balance and, thus indirectly,
the adequacy of oxygenation. However, fetal scalp sam-
pling has drawbacks because it is an invasive procedure,
requires operator’s skill, and provides information about
the fetal acid–base balance only at the time of sampling.
Therefore, this method has not been universally or rou-
tinely adopted by obstetricians.

The potential application of reflectance pulse oximetry
to fetal monitoring during labor has been demonstrated by
several groups since the early 1990s (103–105). The main
objective was to detect early signs of hypoxia and perform
trend monitoring in the fetus soon after the cervix is di-
lated and the amniotic membranes are ruptured. This
technology is viewed as an adjunct to electronic FHR mon-
itoring in the presence of a nonreassuring fetal HR pat-
tern to help obstetricians determine whether the fetus is
receiving enough oxygen so that a Caesarian section can
be avoided.

Several early designs of fetal pulse oximeters were
based on attempts to affix the sensor to the presenting
part of the fetus scalp. Different methods were proposed,
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including tissue adhesive, vacuum cups, inflatable bal-
loons, and a spiral needle used in the attachment of a scalp
ECG electrode. However, these fixation methods failed to
achieve satisfactory results. Nellcor, Inc. has developed a
unique fetal pulse oximeter probe that overcomes this
problem. The disposable probe contains the red and infra-
red LEDs and the PD assembly for measuring the fetal
PPG signals and two contact electrodes to determine
through changes in impedance measurements if the opti-
cal components are contacting the tissue. These compo-
nents are mounted inside a smooth and pliable housing
with a flexible curved tip acting as a fulcrum as shown in
Fig. 8. The sensor is attached to a handle with a removable
stylet. Because the sensor cannot be observed during ap-
plication, directional markings on the sensor’s handle are
used to orient the optical components toward the fetus
face, and depth markings aid the obstetrician in position-
ing the sensor against the skin. The probe can be used
only on fetuses in vertex (head down position) presenta-
tion. It is inserted transvaginally into the mother’s uterus
once the maternal membranes have ruptured. Normal
uterine forces coupled with the special design of the probe
hold it in place against the cheek or temple of the fetus for
the duration of the labor and delivery as illustrated in Fig.
9.

In addition to the problems associated with pulse ox-
imetry, as was previously discussed, fetal pulse oximetry
also poses unique and additional challenges. In particular,
sensor design and monitoring site are important factors
that can compromise its performance as a diagnostic tool
of fetal hypoxia and may lead to adverse outcomes. The
SNR in fetal SpO2 monitoring is significantly smaller com-
pared with conventional pulse oximetry, which is primar-
ily because of the smaller PPG amplitudes obtained from
the sensor application site. Additionally, motion artifact
during contractions caused by fetal and maternal move-
ments present significant technical challenges. A multi-
center study (106) found also that there is a relatively high
incidence of signal dropout that may be attributed to fetal
scalp congestion (edema), vernix, site and probe applica-

tion, and movement artifacts. The study found that reli-
able readings can only be obtained 60–70% of the time.

Despite these limitations, the FDA approved the mar-
keting of the Nellcor fetal oximeter in 2000. However, the
American College of Obstetricians and Gynecologists has
so far not endorsed the adoption of fetal pulse oximetry as
a standard for routine intrapartum use citing concerns
that ‘‘its introduction could further escalate the cost of
medical care without necessarily improving clinical out-
come’’ (107). The recommendation was based on insuffi-
cient clinical studies to show that the use of fetal pulse
oximetry cuts the rate of Caesarian section deliveries. De-
spite continued efforts to evaluate the utility of this tech-
nology in randomized clinical trials conducted by the NIH
and the manufacturer, several recent opinions remain

Sensor's fulcrum tip

Optical
components
and contacts

(a)

Contact
electrodes

Photodetector

LEDs
735 nm and 890 nm

(b)

(c)

Figure 8. The Nellcor Model N-400 fetal
pulse oximeter and the special probe de-
veloped to monitor SpO2 from the fetal
cheek (Courtesy of Nellcor Puritan Ben-
nett, Inc. Pleasanton, CA).

Figure 9. Resting location of the Nellcor fetal pulse oximeter
probe (Courtesy of Nellcor Puritan Bennett, Inc. Pleasanton, CA).
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controversial and contradicting whether this technology is
ready for routine clinical practice (108–111).

7.5. Combining Pulse Oximetry and Transcutaneous pCO2

Measurement

In addition to measuring arterial oxygen saturation, it is
frequently also necessary to determine the pCO2 in arte-
rial blood to determine CO2 elimination and assess more
accurately the respiratory status of the patient.

Gisiger et al. (112) and Eberhard et al. (113) developed
a miniaturized combined sensor for simultaneous moni-
toring of SpO2 and transcutaneous pCO2 in pediatric and
adult patients during surgery. The combined sensor is at-
tached to the earlobe by a low-pressure clip. The transcu-
taneous CO2 sensor is based on a potentiometric
measurement by a Stow–Severinghaus-type electrode
(114,115), which determines the pH of an electrolyte layer
separated from the skin by a permeable transparent mem-
brane. A change of pH is proportional to the logarithm of a
pCO2 change. The other part of this sensor comprises the
optical components of a pulse oximeter sensor, although
the signal measured by the photodiode originates both
from transmission as well as from reflection of light from a
reflective element mounted at the opposite side of the ear-
lobe clip. A small heater is imbedded in the housing to
raise the temperature of the earlobe to 421C to achieve
local arterialization of the cutaneous tissue underneath
the sensor that is normally required for accurate transcu-
taneous pCO2 measurement. This approach can also be
advantageous for enhancing SpO2 monitoring by increas-
ing blood flow during periods of low peripheral perfusion
and thereby the strength of the PPG signals (116).

7.6. Noninvasive Blood Pressure Measurement by Pulse
Oximetry

Because the PPG waveform corresponds remarkably well
to the blood pressure waveform and is displayed on many
pulse oximeters, several studies for alternative measure-
ment of blood pressure noninvasively using a pulse oxi-
meter have been reported (117–120). The method requires
both devices to be placed on the same extremity and the
blood pressure cuff positioned proximal to the location of
the pulse oximeter probe. The technique is based on noting
the disappearance and/or reappearance of the PPG wave-
form during the inflation and deflation of the blood pres-
sure cuff. The technique might be useful in patients for
whom standard oscillometric blood pressure measure-
ments are not reliable or obtainable, such as those with
very low blood pressure. However, the main shortcoming
of this approach is that only systolic blood pressure can be
measured and the oximetric determination is subjective.

7.7. Pulse Oximetry Waveform Interpretations

In addition to the dependence of the PPG amplitude and
frequency on oxygen saturation and HR, the morphology
of the PPG contains spectral information that can be use-
ful for clinical interpretation of various physiological con-
ditions and cardiovascular diseases (121,122). Therefore,
in addition to SpO2 and HR information, several manu-

facturers typically display the AC component of the infra-
red PPG waveform because it does not depend on
variations in SO2. Normally, the variable DC baseline of
the PPG is removed, and autoscaling and autocentering
routines are used to ensure that the amplitude of the AC
waveform is maximized and remains on the display
screen. Some manufacturers include an option to turn off
these automatic functions.

Early investigations recognized that the AC waveform
of the PPG correlates to changes in sympathetic tone of
the peripheral blood vessels and thus can change dramat-
ically with cardiovascular shock and sedation (123–126).
For example, episodes of increased sympathetic tone, such
as vasoconstriction attributed to pharmacologic agents or
physiologic conditions elicited by cold temperatures, cause
the amplitude of the AC component to decrease. Likewise,
with vasodilation, the amplitude is increased. This infor-
mation can be useful for an anesthesiologist to follow sym-
pathetic tone and sympathetic response to surgical
stimulation. Other investigators showed that normal re-
spiratory activity can also affect the amplitude of the PPG
waveform. For example, it was noted that during sponta-
neous breathing, an 8–10 peripheral pulse trace shows a
slow phasic respiratory wave that modulates the envelope
of the AC components of the PPG. These low-frequency
modulations of the PPG signal are directly related to the
pressure and volume of the air contained in the lungs
(127,128). Nakajima et al. (129) have demonstrated ways
of isolating these low-frequency components using digital
filters. The resulting waveforms are representative of a
subject’s breathing pattern.

8. PULSE OXIMETER SIMULATORS

Although pulse oximeters are precalibrated in vivo by
their manufacturer using human subjects, the many pulse
oximeters available on the market increased the demand
for a simple and cost-effective way to test whether a pulse
oximeter performs according to the manufacturer’s func-
tional specifications. In the quest to produce reliable and
reproducible pulse oximeter simulators, various methods
have been employed based on mechanical pumping of
blood through an artificial finger model or nonblood de-
vices that incorporate optical or mechanical means to sim-
ulate the properties of blood pulsation through a human
finger (130).

Several manufacturers of medical testing equipment
(e.g., Metron, DNI Nevada, and Bio-Tek Instruments) de-
veloped nonblood optoelectronic simulators for testing the
performance of different pulse oximeters in vitro over a
wide range of oxygen saturation and heart rate values.
Some of these devices include simulations of different pa-
tient conditions that can be encountered in the clinical
setting, such as the response to weak and noisy PPGs.
These simulators were developed for field testing of pulse
oximeter models from specific manufacturers and there-
fore are not universal. Typical testing may involve simu-
lations of the electronic signals generated by the PD to test
the electronic processing circuitry in the pulse oximeter or
testing the optical sensor separately to identify broken
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wires. It is important to realize that these simulators are
only used to test the functional capability of the pulse oxi-
meter relative to its original factory settings and are not
intended to test the absolute accuracy of the pulse oxi-
meter or the validity of the algorithms used by the man-
ufacturer for calibrating their pulse oximeters.

Several in vitro tissue phantoms using blood were pro-
posed for evaluating different physiological parameters or
physical factors that can affect the accuracy of a pulse
oximeter. These artificial tissue phantoms attempt to sim-
ulate the optical absorption and scattering properties of
biological tissues using nonhemolyzed blood. Such models
can be useful because deliberately desaturating human
subjects is a contentious issue mainly because of the as-
sociated risks that subjects may suffer irreversible brain
damage breathing hypoxic gas mixtures, which can lead to
inaccurate readings at low levels of SpO2. Moreover, it is
sometimes unethical or impractical for example to accu-
rately study in vivo the effect of certain physiological pa-
rameters, such as elevated levels of CO, MetHb, or certain
intravenous dyes; the effect of variations in hematocrit; or
changes in blood flow conditions. Mendelson and Kent
(131) developed a circulating blood phantom of a finger to
investigate the effect of HbCO on the accuracy of a pulse
oximeter. Likewise, de Kock and Tarassenko (132), Vegfors
et al. (133), and Reynolds et al. (134) used a similar in vitro
approach to investigate the effects of hematocrit, blood
flow, blood volume, and degree of pulsatility on the nor-
malized R ratio that is used in calibrating a pulse oxi-
meter. A noncirculating tissue model that requires a
smaller amount of blood was described by Volgyesi et al.
(135).

8.1. In vitro Calibration and Verification

A novel prototype device was proposed for standardized
and universal calibration of a pulse oximeter in vitro
based on a database of time-resolved raw optical trans-
mission spectra that was previously recorded from human
fingers during the calibration studies of pulse oximeters
(136–139). The in vitro calibration process is simulated by
playing back the stored optical transmission spectra that
were recorded in vivo for different arterial SO2 values by
means of a special artificial finger calibrator that has op-
tical scattering properties similar to real human fingers
and a specially designed tissue spectrometer. In contrast
with in vitro simulation models of a human finger, this in
vitro spectrophotometric method is based on data recorded
in vivo from real human subjects and therefore bear the
basic interaction between a pulse oximeter and a human
finger. These data can be played back to test the accuracy
and calibration procedure of any pulse oximeter. It can
also be used to investigate how the pulse oximeter re-
sponds to rapid changes in oxygen saturation and motion
interferences.

8.2. Future Trends

Pulse oximetry has elegantly combined the principles of
photoplethysmography and spectrophotometry to mea-
sure noninvasively the oxygen saturation of arterial blood.
The method has been widely welcomed by many practi-

tioners and undoubtedly serves as an important tool used
by clinicians to assess the status of patient oxygenation.

Pressure on manufacturers to overcome several short-
comings and improve the performance of pulse oximeters
has led to improvement and expansion of the technology in
an attempt to satisfy diverse clinical requirements. De-
spite almost two decades of significant technological
achievements, the scope of pulse oximetry is still expand-
ing. Improvements in performance of pulse oximeters, es-
pecially the most troublesome need to reduce the
occurrence of false alarm rates and provide more reliable
measurements under conditions of low peripheral perfu-
sion, continue to be made as new digital signal processing
hardware and more advanced software algorithms are be-
ing developed by different manufacturers.

Future trends include improvements in performance by
developing more advanced digital signal processing algo-
rithms, more flexible and intelligent alarm settings, and
the combination of pulse oximeters with other monitoring
signals. Additional efforts are also underway to integrate
wireless telemetry with pulse oximetry and expand its use
in ambulatory monitoring, in ambulances, during helicop-
ter transport, and at home. Wearable pulse oximeters are
also being developed for civilian and military applications
by first responders and soldiers during routine training
and combat applications.
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RADIATION SAFETY

COLIN J. MARTIN

Health Physics Gartnavel Royal
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Glasgow, Scotland

1. IONIZING RADIATIONS

1.1. Ionizing and Nonionizing Radiations

The term radiation is applied to the means by which
energy can be transported through space or matter.
Electromagnetic waves such as light and x-rays are radia-
tions, as are atomic and subatomic particles, and sound.
All have the properties of a wave and convey energy. The
energy can be absorbed in matter, and this gives radiation
the potential to damage tissue. As a result, it is often
necessary to protect individuals working with radiation
(1–3). Whether there is a need for any protection and the
methods used to provide it will depend on the particular
situation.

A major distinction is made between ionizing and
nonionizing radiations based on the amount of energy
carried. Any radiation of which a single photon or particle
has sufficient energy to produce ionization, i.e., separate
an electron from an atom (12 eV), is called ionizing.
Ionizing radiations include x-rays, g-rays, and particle
radiations, and all have the potential to affect biological
cells by ionizing atoms within them. The same is not true
for nonionizing radiations, such as light, ultraviolet (UV),
infrared, radiowaves, and microwaves, although single
photons of UV radiation damage tissue through photoche-
mical interactions and the other radiations may cause
harm through the energy deposited by larger numbers of
photons.

1.2. Radioactivity

Materials that emit ionizing radiations are said to be
radioactive. The combination of protons and neutrons in
the nucleus of a radioactive atom is unstable, and the
nucleus may change spontaneously to a more stable form
by emitting a small particle and other radiation in a
process called radioactive decay. Radioactive nuclei are
called radionuclides. Radionuclides can be represented
uniquely by the chemical name or symbol and their atomic
weight (e.g., iodine-131 or 131I). Radioactivity is measured
in terms of the number of radioactive atoms that are
decaying. The basic unit is the becquerel (Bq), which is
the amount of radioactive material in which one atomic
nucleus disintegrates every second. An older unit, the
curie (Ci), is still in use ½1 Ci¼ 37�109 Bq¼ 37 GBq�.

The activity of a sample containing radioactive atoms
that are decaying will gradually decline. A simple law
governs the change in activity with time for a given
radionuclide. It is important in determining how long
radioactive materials remain a hazard and when they
can be disposed of as waste. A time called the half-life (T1/

2) can be defined in which the activity of any radionuclide
sample will fall to one half. All radionuclides have their

own characteristic half-lives, which range from a fraction
of a second to billions of years. The activity At of a sample
after time t can be expressed as an exponential function of
the original activity A0.

At¼A0e
�lt;

where the decay constant

l¼ ln 2=T1=2¼ 0:693=T1=2:

Radioactive decay can occur through emission of various
particle radiations (4–8). The hazards from radiation
exposure depend on the type of radiation emitted, on
whether the exposure is from an external source or from
radioactive material inside the body, and, in the case of
radioactivity in the body, on the principle site of uptake.

a-particles: a-particles are large, positively charged
particles that interact strongly with matter. They are
more damaging to biological cells than other types of
radiation if taken into the body, and a-particle emitters
are not therefore used in unsealed form in health care.
However, a-particles will not penetrate the outer layer of
skin and so present little external hazard.

b� -particles: b� -particles are high-energy electrons
and can cause an external radiation hazard to the skin
or an internal hazard if atoms that emit b� -particles are
ingested.

Positrons: A positron (bþ ) is like an electron holding a
positive charge. Positrons combine with electrons quickly,
and the mass of the two particles is converted to energy
and emitted as a pair of g-ray photons.

g-rays: g-rays are high-energy photons emitted by some
radionuclides during radioactive decay. They do not inter-
act with matter as strongly as particle radiations and may
pass through considerable thicknesses of tissue.

The type of radiation used most widely in health care is
the x-ray. X-rays, like g-rays, are high-energy electromag-
netic radiations, but they result from interactions with
electrons surrounding the nuclei of atoms rather than
from being emitted from a radioactive nucleus as part of
the decay process.

One other type of radiation that a health-care worker
may come across is the neutron. Neutrons are produced in
nuclear reactors or from artificial sources. They are also
produced as a byproduct when x-ray beams with energies
over about 12 MV from linear accelerators interact with
matter. Because neutrons have a similar mass to hydrogen
nuclei (protons), they can transfer their energy readily to
any material containing hydrogen and so are particularly
damaging to tissue.

1.3. Important Properties in Radiation Safety

Practical methods for protection against ionizing radiation
involve time, distance, and shielding; minimizing expo-
sure time; maximizing distance from radiation sources;
and using appropriate shielding. A knowledge of some
properties of ionizing radiations is important in under-
standing these safety precautions.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



Radiation intensity decreases quickly with distance
from a small source because the radiation energy is spread
over a larger area (3). The intensity incident on a surface
is proportional to the square of the distance between the
source and the surface. This type of law applies for small
sources such as an x-ray tube filament or for a small
radioactive source. The dose rate will not fall as rapidly
when one moves away from a large-area source such as a
patient containing radioactivity distributed throughout
their body. Maximizing distance from a source of radiation
is one fundamental practical measure of radiation protec-
tion.

1.4. Attenuation of X-Rays and g-Rays

X-ray and g-ray photons can penetrate substantial thick-
nesses of material. As a beam passes through thicker
layers of material, the intensity is gradually reduced
and this is referred to as attenuation. Two mechanisms
contribute to attenuation of x- and g-rays. Energy is
transferred to electrons that go on to ionize other atoms,
and this is absorption. Photons are diverted in random
directions and are said to be scattered. Only part of the
energy or none at all is absorbed by the medium. Both
absorption and scattering reduce the intensity of an x-ray
beam. Denser materials attenuate x-rays and g-rays more
than lighter ones. Also, photons in the lower energy range
of those used in medical x-rays are attenuated more by
heavy atoms. For a beam of g-rays all with the same
energy, there will be a particular thickness of any given
material that will reduce the beam intensity by half. It is
called the half-value thickness. Further layers of the same
thickness will reduce the transmitted intensity by further
factors of two. However, the intensity will never fall to
zero, no matter how thick the layer. Examples of thick-
nesses of materials that will reduce dose rates by a factor
of ten are given in Table 1 for some radiations.

1.4.1. X-Ray Filtration. An x-ray beam, unlike g-rays
emitted by a radionuclide, contains photons with a range
of energies, and these are attenuated by different amounts
(4,6–8). Thus, the distribution of photon energies in an x-
ray beam transmitted through a patient is different from
that in the incident beam (Fig. 1). Lower energy photons
are heavily attenuated in the patient and would not
contribute to the final image. The proportions of lower
energy photons in the beams from medical x-ray equip-
ment are reduced with thin metal filters. The dose to the
patient’s skin would be significant if these photons were
not removed.

1.4.2. Shielding. Because heavy materials attenuate x-
and g-rays, these are used to shield staff and others from
radiation. The thicknesses of materials used for shielding
to provide protection against x- and g-rays vary drastically
with photon energy (Table 1). Whereas a quarter of a
millimeter of lead in a lead/rubber apron may provide
protection against diagnostic x-rays, many centimeters of
lead or a meter or two of concrete may be required to
provide any useful protection against high-energy x- or g-
rays used in radiotherapy. Thus, a knowledge of the
shielding efficiency for different materials is essential
when working with ionizing radiations (3–5).

1.5. Interactions of Electrons and b�-Particles

The interactions of particle radiations with matter differ
from those of x-rays and g-rays. Energetic electrons un-
dergo many interactions, with atomic electrons producing
excitation and ionization, and they lose a small amount of
energy each time. There will be a range within which all
particles will be stopped, and this depends on the type of
particle, its energy, and the material. For example, a-
particles can be stopped by a sheet of paper and 156-keV
b� -particles emitted by 14C (maximum energy) can be
stopped by 0.3 mm of Perspex, whereas the range of 1.7-
MeV b� -particles emitted by 32P is 6.5 mm in Perspex.

A small percentage of electron and b� -particle inter-
actions with heavy atoms result in the production of x-ray
photons. Bremsstrahlung x-rays are produced when en-
ergetic electrons undergo violent changes in direction, and
this is the most important mechanism involved in the
production of x-rays (4,5). Heavy metals such as lead and
tungsten enhance x-ray production, so light materials
such as Perspex are used for shields against b� -particles.

2. RADIATION HAZARDS AND RISKS

2.1. Effects of Radiation at the Cellular Level

The interaction of ionizing radiation can damage biologi-
cal tissues. The energy deposited by radiation is referred
to as the absorbed dose and is measured in terms of a unit
called the gray (Gy), where 1 Gy¼ 1 joule per kilogram.
Human exposure may produce short-term effects at high
doses (several grays), but much smaller doses may con-
tribute to long-term effects such as cancer. For radiation
safety purposes, the milligray, mGy (10�3 Gy), and micro-
gray, mGy (10�6 Gy), are usually used.

When ionizing radiation passes through matter, small
clusters of ion pairs are created, together with free

Table 1. Tenth-Value Thicknesses of Materials for Some X-Rays and c-Rays

Radiation type Photon Energy Lead (mm) Steel (mm) Concrete (mm)

70-kVp x-rays Up to 70 keV 0.13 3 28
100-kVp x-rays Up to 100 keV 0.28 7 50
10-MV x-rays Up to 10 MeV 56 105 390
99mTc 140 keV 1.2 16 100
137Cs 660 keV 21 53 157
60Co 1.3 MeV 40 69 206

Values are drawn from several sources and should only be regarded as indicative because they depend on the arrangement used for measurement.
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radicals that are highly reactive and may damage cells by
indirect action on biological macromolecules (3). Different
types of radiation produce more or less damage to biolo-
gical tissue for the same amount of energy deposited. This
difference in biological effectiveness is related to the
distribution of ionizing events. Heavily ionizing particles,
such as a-particles and neutrons, are more damaging than
x- and g-rays, which only ionize a small proportion of the
atoms as they pass through matter. A radiation weighting
factor wR is employed to convert the absorbed dose DR

measured in grays to an equivalent dose HR expressed in
sieverts (Sv), which is more closely related to the biological
harm (9):

HR¼wR�DR:

The weighting factor for x- and g-rays is 1, so the
millisieverts and milligrays are numerically equal,
whereas that for a-particles is 20, and that for neutrons
depends on the energy, but is in the range 5 to 20.

The most important cellular target that can be da-
maged is deoxyribonucleic acid (DNA) (3). Cells have
effective repair mechanisms for such damage, but if
damage to DNA cannot be repaired, a cell may be stopped
from progressing to mitosis. In addition, errors may occur
in the repair of breaks in the DNA, particularly if several
breaks have occurred. Alterations in genes resulting from
misrepair increase the risk of malignant transformation of
the cell. Cells are more sensitive to damage by radiation
during the mitotic phase of the cell cycle. As a result,
tissues with more stem cells are more likely to develop
cancer after radiation exposure. The carcinogenic process
is multistep. Radiation together with hormonal and en-
vironmental risk factors may play a role in the initiation
and promotional stages many years before a cancer devel-
ops.

2.2. Deterministic Effects of Radiation

Large doses of radiation will produce changes in the body
within a few days. There are threshold doses for these
effects, above which the severity increases with dose.
Examples of the effects are skin erythema, hair loss,
cataract formation, and various radiation syndromes
that at higher doses (several grays) will lead to death.
Diagnostic investigations using ionizing radiation would
not normally produce deterministic effects. However, com-
plex and lengthy interventional radiology procedures have
occasionally lead to short-term effects from high skin
doses (10).

The purpose of radiotherapy is to induce deterministic
effects to destroy malignant cells. The treatment is
planned so that a prescribed dose is delivered to the target
tissue while the dose to adjacent tissues is minimized (3).
However, deterministic effects will occur in organs sur-
rounding a malignant tumor being treated by radiother-
apy, and the decision on the radiation dose to be used is a
delicate balance between maximizing the chance of a
successful treatment and minimizing the effects on sur-
rounding healthy tissue. There is considerable risk to the
patient if the exposure is larger than the prescribed value,
whereas if the dose to the malignant tissue is too small,
the treatment is less likely to be successful.

2.3. Stochastic Effects and Effective Dose

The dose that someone might receive from working with
radiation or from a diagnostic medical test should be far
below the threshold to produce any early effects. However,
there may be an increase in the long-term risk of devel-
oping cancer or genetic effects in subsequent generations,
even for these small exposures. These effects are referred
to as stochastic and are governed by the laws of chance.
Because a single ionizing event may cause radiation
damage to DNA, it is usual to assume that there is no
threshold dose for stochastic effects of ionizing radiation.
The frequency of stochastic effects increases with dose, but
their severity does not; i.e., the degree of malignancy of a
radiation-induced cancer is not related to the dose.

The epidemiological studies of excess cancer in the
Japanese survivors of the atomic weapons and other
groups who have received high doses from occupational
or medical exposures (11) have shown that

* There is a latent period after exposure before cancer
develops—5–14 years for leukemia and over 10 years
for solid tumors.

* Some organs are more sensitive to cancer induction
(bone marrow, colon, lung, stomach, thyroid, breast,
oesophagus, liver, and bladder).

* The risk of cancer is highest in those under 10 years
of age at the time of exposure.

It is likely that genetic abnormalities can be produced in
future generations from radiation exposure. Radiation-
induced mutations have been observed in a variety of
plant and animal species, although there is no convincing
statistical evidence of hereditary changes in data for hu-
mans. Estimates from animal work suggest that the
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Figure 1. Spectra of x-rays incident on the surface of a patient
and transmitted through 5 cm, 10 cm, and 20 cm of tissue. Metal
filters are used to remove lower energy photons, which are
attenuated more strongly, to avoid a high dose being given to
the patient’s skin.
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equivalent dose of radiation to the gonads from an acute
exposure that would double the natural incidence of
genetic mutation is in the range 1.4 to 1.8 Sv.

The International Commission on Radiological Protec-
tion (ICRP) (9) has assigned tissue weighting factors (wT)
to human organs related to their radiosensitivity. An
effective dose has been defined in terms of the weighted
equivalent doses (HT) for the most sensitive tissues (T).
The weighting factors used represent the best estimate for
the relative sensitivities of different organs to radiation
derived from epidemiological studies. The effective dose E
provides an estimate of the uniform dose to the whole body
that would carry a similar risk to the dose distribution
delivered and is given by

E¼STwTHT :

2.4. Estimation of Risk

The smallest dose that has been linked to an increased
cancer risk is about 200 mSv. Estimates of the risks of
cancer induction have been made by extrapolating the
available data down to the much lower doses involved in
occupational and medical exposures (typically 1–2 mSv).
Currently a linear model is used that assumes the risk is
proportional to dose. Radiation protection physicists can
use the data from the model (Table 2) to assess the risk
from the effective dose received by a patient. The risk
coefficients are higher for the whole population, because
they include children and adolescents who are known to
be more sensitive to radiation.

The model is based on the assumption that the addi-
tional risk is related to the natural incidence of cancer in
the population, as this gives the best fit to the epidemio-
logical data. Because the natural incidence of solid cancers
increases with age, the risk of developing radiation-in-
duced ones also does. The period when death from a solid
tumor is most likely to occur is when a person is between
the ages of 60 and 90 years (Fig. 2). Leukemia follows a
different pattern with the period of increased risk extend-

ing from 2 to 20 years after an exposure. The probability of
someone developing cancer as a result of a radiation
exposure also depends on the age at which they were
exposed. The lifetime risk of fatal cancer associated with
radiation exposure of a child under 15 years of age is about
double that for an adult.

Risks of inducing harmful effects in a developing
embryo or fetus are greater than for adults. The greatest
risk is the possibility that a child may develop cancer
before the age of 15 years (3,9). Special precautions are
taken to minimize the risks when dealing with pregnant
patients. However, even the highest fetal doses from
diagnostic procedures are unlikely to justify either the
risks associated with performance of invasive fetal diag-
nostic procedures (such as amniocentesis) or termination
of a pregnancy.

3. SOURCES OF IONIZING RADIATION

3.1. Natural Radiation Sources in the Environment

Medical exposures make up a relatively small proportion
of the dose that the population receives. It is useful to
consider doses from other sources to put this into context.
The largest contribution to the dose is from natural
radiation rather than from artificial sources. The sources
that make the main contributions to the dose received by
an average person are given in Table 3 (1,12,13).

Terrestial radioactivity: There are natural radionu-
clides in rocks and soils. These usually comprise radio-
active atoms with very long half-lives (e.g., uranium-238),
mixed with a series of daughter radionuclides with shorter
half-lives produced from decay. The radionuclides were
created in supernovae long before the formation of the
Earth.

Radon: One radioactive atom produced by decay of a
natural radionuclide is radon-222 (222Rn), which is a gas.
The radioactive daughters of 222Rn are attracted to aero-
sols, and if breathed in, they get deposited in the lung.
They will deliver a radiation dose to the lung tissue when
they decay further. Radon emanates from soil where the
underlying geology has high levels of uranium and can be
concentrated in buildings. Radon delivers the largest
component of the radiation dose to the population in
most countries (14). However, the dose is highly variable,
both from one region to another, and even between houses
in the same area. Annual effective doses received from
222Rn vary from a fraction of a millisieverts to tens or even
hundreds of millisieverts.

Radionuclides in the body: Potassium-40 (40K) has a
long half-life (1250 million years), and 0.012% of all
potassium is radioactive. The body contains about 5 kBq
of 40K, the highest level of radioactivity in the body.

Cosmic radiation: Atomic particles from space interact
with air molecules to produce particle and g-radiation. The
general public receives a small dose from this cosmic
radiation, but doses are much greater at high altitudes
where there is less attenuation by the atmosphere. The
exposure at an elevation of 10,000 m is about 5mGy h� 1.
Thus, persons traveling by plane are exposed to higher
levels of cosmic radiation.
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Figure 2. Probabilities of a radiation-induced fatal cancer as a
function of age, after an exposure of 1 mSv as a child and in
middle age calculated with the model, which assumes that the
effect is proportional to the dose, with no threshold ‘‘safe’’ dose.
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3.2. Artificial Sources of Radiation

The range of applications of artificial sources of ionizing
radiation is wide and varied, incorporating medicine,
nuclear power, and many other smaller industries
(2,13,14).

3.2.1. Nuclear Power. Nuclear power produces a large
proportion of the electric power generated in some coun-
tries. Energy is released from the fission of uranium
nuclei, but this leaves highly radioactive byproducts that
must be processed and disposed of as waste. The release of
a cocktail of highly active fission products during the
accident at Chernobyl has meant that few nuclear reac-
tors have been built since 1986.

3.2.2. Medical Applications. The extent of the applica-
tion of radiation techniques in medicine in different parts
of the world relates to the level of health care. An indica-
tion of the difference can be observed from comparison of
the average doses from medical exposures excluding
radiotherapy in level 1 (at least one physician per 1000
population) and level 2 (one physician per 1000–3000
population) countries (Table 3) (13). The differences in
doses between level 1 countries are not necessarily from
the quality of health care, but they more probably reflect
clinical practice and attitudes toward the use of radiology.

Radioactive materials incorporated into liquids, pow-
ders, or gases, which are referred to as unsealed, are used
by hospitals, universities, research institutes, and phar-
maceutical companies. Most radionuclides chosen for
these applications have relatively short half-lives (days–

months), so that the risks are less significant if material is
taken into the body (15). Most medical imaging is under-
taken with a radionuclide having a half-life of only a few
hours. Two long half-life radionuclides tritium (3H) and
carbon-14, both of which have relatively low radiation
toxicity, are used for laboratory studies.

Another medical application is nuclear-powered car-
diac pacemakers that have been fitted to patients in the
past. The casings were designed to withstand the high
temperatures encountered during cremation, but there is
a potential risk, so removal at postmortem and safe
disposal is advisable.

3.2.3. Industrial Uses of Ionizing Radiation. For other
industrial and medical applications of radiation, sources
are constructed so that the radioactive material is either
sealed within a solid matrix or encapsulated in a leak-
proof container so that it is unlikely to be released. Sealed
sources must be checked periodically to ensure that they
are not leaking radioactive material. Some examples of
applications of radioactive sources are as follows:

* Gamma irradiation systems: High doses of radiation
from g-ray sources are employed in sterilization of
instruments and needles for hospital use and in the
food industry.

* Industrial radiography: Portable g-ray sources are
employed to form radiographic images of welds in
metal objects.

Table 2. Probability Coefficient for the Lifetime Risk of Various Effects After Exposure to an Effective Dose of 1mSv (9)

Whole Population Working Population

Fatal cancer 5.0�10� 5 4.0�10� 5

Nonfatal cancer 1.0�10� 5 0.8�10� 5

Hereditary effects 1.3�10� 5 0.8�10� 5

Table 3. Average Annual Effective Doses from a Range of Sources (1,12,13) (values are worldwide averages unless otherwise
stated)

Type Source Average Dose (mSv)

Natural background1 Terrestial g-rays 0.5 (0.3–0.6)
Radionuclides in the body (e.g. 40K) 0.3 (0.2–0.8)
Cosmic rays 0.4 (0.3–1.0)
Radon-222 1.3 (0.2–10)

Social2 Air travel 0.01–1
Medical exposures3 Level 2: China, Brazil 0.08–0.09

Level 1: Denmark, UK, Finland 0.4–0.5
Level 1: USA, Roumania 0.6–0.7
Level 1: France, Russia, Canada 0.9–1.1
Level 1: Germany 2.0

Nuclear power4 Nuclear power discharges 0.0002
Nuclear weapons4 Fallout from tests in 1950s & 60s 0.005
Occupational Aircrew 3.0

Nuclear fuel cycle workers 1.7
Health professionals 0.3

1ranges of means in different areas are given in brackets; 2range; 3countries with mean doses within specified ranges; 4mean value in United Kingdom.
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* Measuring gauges: The attenuation and scatter of
radiation are applied in gauging thickness of paper,
plastics, and road coatings.

* Smoke detectors: The a-particle emitter americium-
241 is used to ionize atoms in particulate matter in
smoke detectors.

* Luminous signs: Radioactive materials have been
mixed with a phosphor to make low-level light
sources.

4. PROTECTION STANDARDS, LEGISLATION, AND
GUIDANCE

4.1. International Radiation Protection Standards and
Regulation

The use of ionizing radiation needs to be regulated to
minimize the associated hazards. Principles of radiation
protection have been developed by the ICRP whose com-
mittees are made up of radiation protection practitioners
of a high scientific standing from all over the world (5,16).
Several international organizations, including the Inter-
national Atomic Energy Agency (IAEA), have collaborated
to produce International Basic Safety Standards on which
every country can base its national ionizing radiation
legislation (17,18). These draw heavily on the recommen-
dations of ICRP (9). It has helped to introduce some
standardization of practices throughout the world. How-
ever, arrangements for regulation and enforcement vary
widely. As well as international standards, some countries
have government-funded scientific organizations, which
formulate recommendations and guidance for regulators
and users, representing accepted scientific thinking. In
the United States, the National Council for Radiation
Protection and Measurements (NRCP) performs this
role, whereas in the United Kingdom, the Radiation
Protection Division of the Health Protection Agency
(HPA), formerly the National Radiological Protection
Board, has a similar remit.

Examples for regulation of radiation exposure are
given for the United States and the United Kingdom, as
there is insufficient space here to discuss the many
different approaches that are adopted around the world.
In the United States, the Nuclear Regulatory Commission
(NRC) regulates the safety, use, transport, and disposal of
artificially produced radioactive materials (19), whereas
the Food and Drug Administration (FDA) regulates the
design and manufacture of x-ray equipment. Other as-
pects of radiation safety are covered by individual state
regulation. The Conference of Radiation Control Program
Directors (CRCPD) is a professional organization made up
of directors and staff from state regulatory programs. It
provides a common forum for exchange of information on
radiation safety and publishes suggested guidelines for
state regulation of radiation use (20–22). In Europe, the
European Commission implements ICRP recommenda-
tions through Directives with which individual countries
are required to comply through implementation of their
own legislation to ensure a harmonized approach to radi-
ological protection within the European Union (EU). Na-

tional legislation on different aspects of radiation safety
may be enforced by a variety of agencies. For example in
the United Kingdom, the Health and Safety Executive
enforces legislation relating to occupational and public
exposure; the Environment Agency (EA) covers legislation
for holding, use, and disposal of all radioactive materials;
and the Department of Health deals with medical expo-
sures.

4.2. Principles of Radiological Protection

The system of radiation protection established by the
ICRP is based on three principles, justification, optimiza-
tion, and individual dose limits (9,23).

4.2.1. Justification of Radiation Practices. No practice
using ionizing radiation shall be adopted unless it pro-
duces sufficient net benefit to the exposed individuals or to
society to offset the radiation detriment it causes. It
requires consideration of all the benefits and detriments
associated with the radiation exposure, including eco-
nomic and social ones, as well as alternative ways of
achieving the same end, with and without radiation.

4.2.2. Optimization of Protection. All reasonable steps
should be taken to adjust the protection to maximize the
net benefit, economic and social factors being taken into
account (24). Optimization is embodied in the ALARA
principle (i.e., keeping doses ‘‘as low as reasonably achiev-
able’’) or ALARP (‘‘as low as reasonably practicable’’).
Because it is assumed that no radiation dose is entirely
free from risk, doses below any dose limit should be
reduced whenever this is reasonably achievable.

4.2.3. Application of Dose Limits. The doses that indi-
viduals receive from all practices, to which they are
exposed, are subject to dose limits (Table 4). These are
used to ensure that no one is exposed to an unacceptable
degree of risk. The whole-body dose limits are intended to
control the incidence of stochastic effects such as cancer.
Higher limits are set for individual organs such as the
eyes and skin to protect against deterministic effects.

There are three categories of radiation exposures:
occupational, medical, and public.

* Occupational exposures are those incurred while
at work as a result of practices that can be regarded
as a responsibility of the employer.

* Medical exposures are those incurred by indivi-
duals as part of their own medical diagnosis or
treatment. The justification and optimization princi-
ples apply, but dose limits do not.

* Public exposure encompasses all exposures other
than occupational and medical from the sources
under control.

The dose limits for workers are higher than for members
of the public, as slightly higher risks are deemed accep-
table for workers, who receive a net benefit from their
employment. In addition, dose constraints usually equal
to three tenths of a limit are applied in planning facilities
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to ensure that individuals are unlikely to reach the
relevant dose limit.

There are situations in which the radiation exposure
does not originate from a practice that is under someone’s
control, but it may still be necessary to intervene to reduce
human exposure. Intervention would be required after an
accident in which radioactive material had been released
to the environment. It may also be required to restrict
exposure from a natural source (e.g., radon). Any inter-
vention should be optimized to maximize the benefit (14).

4.3. Radiation Safety of Workers and the Public

Radiation legislation imposes a duty on employers to
protect their employees and other persons against risk
from working with ionizing radiation. Employees have a
duty to exercise due care while using radiation and follow
the radiation safety procedures provided by the employer
(20–22,25). Some of the methods used are outlined briefly
below.

Risk assessment: The employer must assess the risks
before starting work with ionizing radiation. The assess-
ment should consider the measures necessary to restrict
exposure and include any foreseeable accidents.

Radiation protection officer/adviser: European legisla-
tion requires the employer to consult a radiation protec-
tion practitioner with special knowledge of the scientific
aspects of radiation safety and of radiation legislation who
can advise on the protection measures that should be put
in place.

Restriction of exposure: Doses should be restricted by
use of physical control measures (i.e., engineering means
and shielding), adoption of appropriate procedures, and
provision of personal protective equipment. Additional
restrictions on exposure must be applied for employees
who are pregnant, and staff who may be exposed to
radiation should inform their employer if they become
pregnant.

Designation of areas: Areas are designated where some
degree of control or supervision is required to minimize
the dose that personnel receive.

Local rules or procedures: There must be written work
instructions to restrict exposure, which employees must
read and adhere to while in a radiation area. Individuals
should be given responsibility for supervision of the ar-
rangements to ensure compliance.

Classification of workers: Persons who are likely to
receive three tenths of the employee dose limit must be
designated as category A or ‘‘classified’’ workers.

Monitoring of personal doses: Doses to employees must
be monitored to confirm the dose levels to which they are
exposed and measure doses received during any incidents
in which they may be involved.

Incidents: Any incidents must be investigated, and any
doses received above specified levels must be reported to
statutory authorities.

Guidance on best practice in use of radiation in health
care is provided by various professional organizations for
the regulator and the user (20–22,25).

4.4. Medical Exposures

The approach to control of medical exposures varies in
different parts of the world. X-ray equipment that is used
for medical exposures has strict quality assurance re-
quirements in most countries, and this is enforced for
mammography through the FDA in the United States.
Many countries follow safe codes of practice with regard to
protection of the patient, and in countries of the EU,
special legislation is in place (16,26). Good practice re-
quires clinicians referring patients for radiological exam-
inations to conform to the requirements of the hospital’s
procedures, providing full demographic details for the
patient, relevant clinical history, and the reason for the
examination (3). The individual exposures for each patient
examination have to be justified based on the clinical
problem. The risks of effects occurring from exposure of
a fetus are greater, so particular consideration is given to
examinations carried out during pregnancy. Exposures
must be optimized to minimize the risk to the patient
(3,20,25). In EU legislation, specific duty holders are
identified.

Practitioner: The practitioner is a health-care profes-
sional with special radiation training, such as a radiologist
or radiotherapist, who decides whether the investigation
requested is appropriate and confirms justification for
individual patients.

Operator: The operator is responsible for optimizing the
practical aspects of the exposure. Optimization is achieved
through training, good management, and close supervi-
sion, together with use of improved technology.

Medical Physics Expert: The medical physics expert is
required for consultation on scientific aspects involved in
optimization of an exposure.

Information on x-ray techniques and patient doses is
valuable for optimization of medical exposures. In the
United States, guidance on the collection of data on x-
ray exposures is produced by the National Evaluation of

Table 4. Recommended Values for Annual Dose Limits (9)

Dose Limits (mSv/year)

Category A Radiation Workers
(418 y)

Category B Radiation Workers
and Trainees (o18 y) Members of the Public

Whole body 20 6 1
Skin (averaged over 1 cm2) 500 150 50
Extremities (hands, forearms,

feet, and ankles)
500 150 50

Eyes 150 50 15
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X-ray Trends (NEXT) program. NEXT is a collaborative
program between the FDA and CRCPD, which carries out
surveys of patient dose and radiological practice (27). In
the United Kingdom, the HPA collates data on medical x-
ray exposures submitted by individual hospitals and
produces periodic reports on trends in patient dose (28).
Diagnostic reference levels for frequently performed ex-
aminations are set in terms of measurable quantities
related to patient dose. These provide guidance about
whether patient dose levels are acceptable or require
further optimization.

Before any nuclear medicine or radiotherapy proce-
dures using radioactive materials can be carried out,
clinicians must hold certificates allowing them to admin-
ister the radiopharmaceutical or use the radioactive
source. Such certificates involve requirements relating to
the competence of the clinician and the adequacy of the
facilities. Guidance on radiopharmaceuticals, techniques,
and activities is provided by national organizations
(21,29).

4.5. Control of Radioactive Substances

Legislation is necessary to control the keeping and use of
radioactive materials and the disposal of radioactive
waste, to protect the public and the environment
(5,17,19,30). Disposals and accumulations of radioactive
waste in hospitals have to be authorized by a special
license. It will cover radioactive material in liquid, solid,
and gaseous form. Strict accounting systems for radio-
nuclides held and disposals of waste will be required.
Before an authorization for disposal is granted, an envir-
onmental impact assessment will be carried out to evalu-
ate the dose to critical groups who are likely to receive the
highest doses from discharges (30). Use of most radio-
active material will require a license, but some sources are
exempt because of the low level of risk.

Naturally Occurring Radioactive Material (NORM)
also requires regulation, where human activities may
lead to concentration of activity that may result in human
exposure. In the United States, this is done through a
separate body, the Environmental Protection Agency,
whereas in the United Kingdom the EA enforces legisla-
tion relating to all types of radioactive material.

Special legislation covers the transport of radioactive
materials (18,30). The IAEA publishes recommendations
with requirements for packages, labelling, documentation,
and training of drivers, related to the amounts of radio-
nuclides carried and these are followed in most countries.

5. PRACTICAL PRINCIPLES OF RADIATION SAFETY

5.1. External and Internal Hazard

Exposure from ionizing radiation originates most fre-
quently from an external source, i.e., one outside the
body. In radiology, the hazard is entirely from external
radiation. The patient is exposed to the beam of x-rays,
and any staff attending the patient during an examination
may be exposed to radiation scattered from the patient.
The situation is different in nuclear medicine where a
radioactive tracer is injected into the patient and radio-
activity in liquid form is handled (Fig. 3). The radiation
dose to the patient originates from radioactivity accumu-
lating in their internal organs (internal radiation) (31).
Staff can receive an external radiation dose from the
patient who is to all intents and purposes a radioactive
source, but they may also be exposed from internal radia-
tion. Any fluid containing radioactivity, which is spilt, may
be ingested through hand-to-mouth contact or absorbed
through the skin and give rise to internal exposure.
Contact with patients’ body fluids during nursing proce-
dures can result in contamination of the skin and subse-
quent intake of radioactivity.

5.2. Protection Against External Radiation

There are three practical methods for achieving protection
against external ionizing radiation, time, distance, and
shielding (31).

5.2.1. Time. Minimize the exposure time. The longer
someone is exposed to radiation, the greater the dose they
will receive. Only remain near a radiation source when it
is necessary, and move away as soon as the task is
completed. Procedures involving the manipulation of
radioactive materials should always be practiced first
with non-radioactive ones.

Routes of exposure
from radioactive

Precautions to reduce exposure

Fume cupboard to
draw vapour

Shield for
external
radiation

Disposable
protective
gloves

Monitor to
check for
contamination
after use of 
radioactive
material

Protective
clothing

Hand washing
facilities near
exit to area

Inhalation of vapour
from volatile liquid

Transfer of material
on hands to face

Radioactive
liquid source

Contamination
on bench

External
exposure from
radiation emitted

Figure 3. Routes through which a person
working with unsealed radionuclides may be
exposed and precautions that are put in place
to reduce the risks of exposure.
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5.2.2. Distance. The further one is from a source of
radiation, the lower the radiation dose rate will be. In
most cases, the inverse square law applies, so at 2 m, the
dose rate is one quarter of that at 1 m and at 4 m it is one
sixteenth. Thus, persons present in the room during an x-
ray procedure where radiation is scattered from the
patient should stand as far away from the x-ray tube
and the patient as they can when their direct assistance is
not required. Radioactive sources should not be handled
directly but picked up with handling tongs or tweezers, as
the dose rate at the surface of even a low activity source
can be relatively high. Staff talking to a patient after
injection of a radiopharmaceutical should stand at the end
of the patient’s bed rather than by their side.

5.2.3. Shielding. Dense materials attenuate x- and g-
rays. Materials containing heavier atoms attenuate x-rays
in the diagnostic energy range more strongly. X-ray rooms
often incorporate lead sheet in the walls so that the doses
outside the room comply with legal requirements (32,33).
In radiology, lead rubber aprons are used by staff that
need to be in the x-ray room to reduce the dose from
scattered radiation (3). Shielding must be appropriate for
the particular application; for example, a lead rubber
apron can shield against x-rays but will not provide
sufficient attenuation to protect against higher energy g-
rays emitted by radionuclides used in nuclear medicine. In
nuclear medicine and radiotherapy, sources are stored in
lead pots with walls of appropriate thickness for the
source activities and types of radiation emitted. Manip-
ulation of radioactive sources is carried out behind lead
screens, and radioactive sources and waste are stored in
shielded safes or cupboards. Perspex shields are used
when handling radionuclides emitting only b-particles to
minimize bremsstrahlung x-ray production.

5.3. Protection Against Internal Radiation

Radioactive material can find its way into the body via
ingestion, inhalation, and absorption (Fig. 3). The aim of
protection against internal sources of radiation is to
minimize the potential for intake of radioactivity into
the body. It requires the application of strict control over
the use of unsealed radioactive materials, coupled with
the adoption of good working practices and techniques
(3,5,25,34,35). Some of the precautions taken are listed as
follows.

5.3.1. Work Areas. Areas within laboratories or depart-
ments where work with radionuclides will be performed
should be segregated. Bench surfaces within these areas
should be covered with absorbent material (e.g., bench-
coat), and appropriate procedures and techniques for
containing the radionuclide should be employed. It may
be sufficient to carry out the procedure over a tray, so that
any spills are easily contained, but the containment
required will depend on the particular radionuclide and
activity. Where there is a risk of aerosol production or a
volatile substance is being used, the procedure may need
to be performed in a fume cupboard.

5.3.2. Personal Protection and Procedures. The degree of
personal protection required will depend on the work
being carried out. As a minimum, laboratory coats and
disposable gloves should be worn when radionuclides are
being handled. There must be no eating, drinking, or
smoking in a radionuclide laboratory to minimize the
risk from intake of material, and any cuts must be covered
by a waterproof plaster. Procedures should also be in place
to deal with any spillage that occurs, and a spill kit be
available in the department (34,35). Monitoring to check
for any contamination should be performed regularly (see
the next section) and decontamination carried out when
required. Personnel should also monitor themselves when
work on a particular operation is completed.

5.3.3. Storage and Record Keeping. Radionuclides must
be contained and stored appropriately when not in use
(30). It may simply involve placing the radionuclide in a
lead pot, within a cupboard or fridge, although security
must also be considered. Keeping records of the storage,
usage, and disposal of radionuclides is an important
component in protection against internal radiation ha-
zard. It helps to reinforce good practice and provides a
firm focus for audit.

5.4. Management of Radiation Safety

A robust management framework for radiation safety is
required in organizations using ionizing radiation (31).
There should be a radiation safety policy defining the
attitude of the organization and identifying individuals
with key roles in implementation and review of the
radiation protection program. There should also be a
forum where practices can be reviewed, such as a radia-
tion safety committee. It should include representatives of
the major groups involved and a representative of senior
management. For the radiation protection program to
work effectively, there must be appropriate channels of
communication for the end user to ensure that staff can
provide feedback on implementation and play a positive
role in any review of practices.

Work with radiation should always be planned. A risk
assessment must be carried out, and this will require
input from a radiation protection practitioner, a medical
physics expert, and others involved. The risk assessment
must take into account all issues surrounding radiation
safety and identify the engineering and procedural con-
trols required. Local rules relating to radiation safety and
manuals of good practice should be made available to all
users of radiation to reinforce the safety culture. These
should set out procedures that need to be followed and
precautions that need to be in place, and their content
should be regularly reappraised. Management also has an
obligation to provide training in radiation safety, which
may be both practical and theoretical and involve re-
fresher and update courses.

The radiation safety management framework should
include arrangements for periodic review of work invol-
ving the use of radiation to ensure that the optimization
process is working and remedial action is taken to address
shortcomings. Reviews should be in house on behalf of
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management, but representatives of the regulatory autho-
rities may also undertake inspections. For the system to
work, any recommendations resulting from a review
should be followed through. The results will normally be
considered by the radiation safety committee.

6. MEASURING RADIATION

6.1. Radiation Instruments

Radiation measurements are crucial for determining ra-
diation levels and assessing hazard (36). There are two
basic types of active radiation instruments, those that
measure dose and dose rate whose reading relates to the
degree of hazard, and those that function as counters and
are used to detect small amounts of radioactivity. In
addition, passive dosimeters are worn by staff to provide
information on the dose they receive from their work.

The main types of detector used in radiation instru-
ments are gas-filled chambers, semiconductors, and scin-
tillation crystals (5,37,38). Ionization chambers use gas-
filled chambers, across which a voltage is applied that is
just sufficient to collect the charge produced. They provide
an accurate measurement of ionization in terms of a
quantity called air kerma. Geiger Mueller (GM) counters
are cylindrical gas-filled detectors, which are operated at
much higher voltages and are able to detect small
amounts of radiation. However, the measurement ob-
tained is not directly related to dose. Radiation detectors
can also be constructed from semiconductor crystals,
where charge produced by ionization is collected, or
scintillation crystals (e.g., sodium iodide) that emit light
when exposed to radiation that is measured with a photo-
multiplier tube. The gas-filled detectors tend to have a
slower response time because movement of charge within
the gas is slower than in the solid scintillation crystal.

6.2. Dose Measurement

A dose rate meter is designed to give an output propor-
tional to a dose-related quantity and is usually scaled in
mSv h� 1 or mGy h� 1. The purpose is to provide an assess-
ment of the level of hazard for an individual in a radiation
field. Rugged instruments suitable for use in the field may
use ionization chambers. Other measuring instruments
have dose responses that vary with radiation energy.
Detector responses can be changed by surrounding them
with filters whose transmissions vary with photon energy.
Responses of several detectors with different filters can
then be combined to give a measurement related to dose,
which is relatively independent of radiation energy. Dose
meters can be constructed with compensation for energy
dependence in this way using GM or other detectors. A
variety of semiconductor radiation dosimeters are now
available for measurement of dose. However, for many
instruments, the responses still fall at lower energies in
the x-ray range. Most handheld dose meters measure dose
rate, but they also have an integrating function, which
allows the measurement of dose received over a period of
time. Ionization chambers are used for performance tests
on x-ray equipment. They can also be attached to the

output ports of x-ray equipment to provide a measure of
all radiation to which patients are exposed. The quantity
recorded equates to the air kerma in the beam multiplied
by the beam area and is called the kerma-area product,
often referred to as dose-area product (DAP).

6.3. Contamination Monitors

Counters measure the number of ionization events that
occur within a detector in terms of counts per second (cps).
They are made to be very sensitive, so that they can detect
small amounts of radiation and are used to monitor for
radioactive contamination in radionuclide areas. GM
counters are used for this purpose. Another type of con-
tamination monitor can be made from a gas-filled propor-
tional counter operated at a voltage intermediate between
those of the ionization chamber and the GM counter.
These can be constructed with a larger sensitive area
and so are suitable for rapid monitoring of large areas.
Contamination monitors are also commonly made using
scintillation crystals. The sensitivities of these instru-
ments vary with the type of radiation being detected. In
particular, the sensitivity to lower energy photons and
particle radiations, which are more heavily attenuated,
depends on the detector window material. a-particles can
only be detected by instruments designed specifically for
the purpose, but most contamination monitors will detect
higher energy b-radiation. Instruments are calibrated
using large-area sources emitting the same or similar
radiations to those being used. Calibrations are given in
terms of the responses to a given level of contamination for
each radionuclide. It is good practice to maintain a
calibration record for any instrument in routine use, in
which any variations in results from regular calibration
measurements can be tracked.

Contamination monitoring is an essential component of
all work with unsealed radionuclides. It must be carried
out with the detector close to the surface being checked.
Monitoring demonstrates that there is no contamination
present and shows whether the control measures that
have been put into place are effective. Contamination
monitoring of the hands and body should be carried out
when appropriate, but there should also be a regular
program for monitoring the benches and other parts of
the workplace.

6.4. Personal Dosimeters

Personal dosimeters are worn by persons working with
radiation to monitor their exposure and to confirm that
they have not exceeded any dose limit (39). The results
provide a check to confirm that they have been following
the correct procedures. Radiation protection practitioners
will determine whether it is appropriate for individuals to
wear dosimeters. There are several different types of
dosimeter. Passive ones may be based on detection tech-
niques such as thermoluminscent (TL) crystals, optically
stimulated luminescence (OSL), or film (40). Electronic
ones use semiconductor or compensated GM detectors.
Their advantage is that they provide immediate feedback
on dose for personal monitoring.
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Thermoluminscent dosimetry (TLD) and OSL use ma-
terials in which radiation energy is trapped, and a light
signal related to radiation dose can be obtained later
under suitable interrogation conditions. In TLDs, the
energy from the radiation is stored and is released by
controlled heating. A TL readout system contains a heater
and a light measurement system with a computer to
control the heating and readout process. The heating
and annealing of TLDs is crucial in determining their
sensitivity. A major advantage of TLD is that the type of
materials used (e.g., LiF) have similar atomic weights to
tissue and can be regarded as tissue equivalent. In OSL,
radiation exposure modifies the defect structure of the
crystal (e.g., Al2O3:C). A pulsed laser is used to excite
electrons in the crystal, and the light that is reemitted
depends on the defect structure and so the radiation dose
received. The sensitivity of film is dependent on radiation
energy, so to obtain a measure of dose, additional informa-
tion on the type and energy of radiation is required.
Organizations are required to use dosimetry services
whose performance is subject to assessment, validation,
and approval by regulatory authorities, because of the
crucial role played in the radiation safety framework.

The arrangements for wearing passive dosimeters in
radiology departments vary in different countries. In
many the dosimeters are worn under the lead/rubber
apron, as this is considered to represent the dose to the
radiosensitive organs. If the dosimeter is worn above the
apron, it provides information about the radiation inci-
dent on the lead coat, but it significantly overestimates the
effective dose the person may have received. Staff such as
interventional radiologists who need to manipulate cathe-
ters close to an x-ray beam or staff handling radionuclides
may need to wear finger dosimeters to monitor their hand
dose. These persons usually use TLD materials because of
their tissue equivalence.

7. X-RAY TECHNIQUES

7.1. Imaging Techniques and Doses

Conventional x-rays are ‘‘shadow’’ images of organs within
the body, which display variations in tissue composition
and density (3,6–8). Heavier atoms attenuate x-rays more,
so detail in bones that contain calcium show up readily,
whereas the subtle variations in soft tissue are more
difficult to image. Image contrast for visualization of
vessels and hollow organs is improved by introducing
liquids containing heavier atoms such as barium and
iodine, called contrast media. Still images are recorded
on photographic film or digital imaging plates. Images of
moving structures are displayed on a monitor by fluoro-
scopy, with the aid of an image intensifier (6–8). Interven-
tional radiology is keyhole surgery guided by fluoroscopy.
Computed tomography (CT) gives cross-sectional images
of the body reconstructed from x-ray attenuation data
collected in digital form. An x-ray tube with an array of
detectors positioned on the opposite side of the body is
rotated around the body. Large numbers of one-dimen-
sional attenuation datasets are recorded from different
directions from which images can be reconstructed.

Examples of the radiation doses from some examina-
tions are given in Table 5, together with terms describing
the health risk. The highest doses are from CT scans,
which make up 40–50% of the collective patient radiation
dose received from x-rays in countries with level 1 health
care, although they form less than 4% of the examinations
carried out. Complex examinations involving use of fluoro-
scopy and contrast media have the next highest doses. An
excess risk of fatal cancer over the patient’s lifetime
resulting from an exposure can be derived using the
probability coefficients for cancer incidence (Table 2). For
a lumbar spine x-ray of a patient aged 30–70 years, the
risk would be about 1 in 20,000–30,000, with the risk
declining for older patients. The risk from an abdominal
CT scan would be ten times greater and that for a chest
radiograph 50 times lower. Terms, which might be used to
describe the levels of risk, are included in Table 5. It
should be first borne in mind that numerical risks are
derived from a linear extrapolation of epidemiological data
and second that most patients are over 60 years and so
will have a lower risk. Thus, these risks are likely to
represent a worst case.

7.2. Protection of the Patient

Protection of the patient in diagnostic radiology is accom-
plished through optimization to achieve the correct bal-
ance between the radiation dose and the level of image
quality required for diagnosis (41,42). It involves using
appropriate technology and techniques (Fig. 4).

7.2.1. Technology. Many factors affect the dose perfor-
mance of x-ray equipment. Two important ones are image
receptor sensitivity and beam filtration (Fig. 1). Sensitive
film/fluorescent screen combinations should be used for
radiography and optimal speed indices are recommended
by the Commission of the European Communities (CEC)
to achieve the level of image quality necessary for diag-
nosis. Appropriate dose levels must be selected for digital
radiography systems. Because the appearance of digital

Focal spot

Collimators in light
beam diaphragm

Aluminium filter to
remove lower
energy photons

Dose-area
product meter
measures
radiation

Patient

X-ray beam
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highest dose

Shadow image formed
on image receptor

X-ray tube

Figure 4. Components of a radiographic x-ray imaging system,
which are important in determining the radiation dose and
measuring it.
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radiographic images is optimized for viewing from com-
puter analysis, situations in which doses are higher are
less readily detected and it is important that a system is in
place to monitor doses. The limit on dose in digital systems
will normally be determined by the maximum level of
noise in the image that can be tolerated, i.e., achieving the
appropriate signal-to-noise ratio. Similar issues deter-
mine the choice of image intensifier dose rate in fluoro-
scopy. X-ray beams contain many low-energy photons,
most of which would interact near the surface of the
patient to give a high skin dose, but would be unlikely to
contribute to the x-ray image. Aluminium or copper filters
are used to remove these low-energy photons (3,6–8,42).
Another factor is the use of pulsed x-rays for fluoroscopy to
reduce dose while maintaining the level of image quality.
Regular quality assurance is required on all systems to
ensure that optimal imaging performance is maintained.

7.2.2. Technique. Techniques for radiological imaging
are optimized in various ways (3). The x-ray beam should
be collimated to the region under investigation. Organs
considered to be radiosensitive such as the gonads may be
shielded with shaped pieces of lead provided this does not
affect the diagnostic information required. The x-ray tube
should be positioned as far away from the patient as
possible to reduce skin dose while the image intensifier
or other image receptor is placed near to their body. The
time for which x-rays are emitted during fluoroscopy is
kept to the minimum, and use is made of the last image
hold facility to avoid prolonging an exposure. Tube kilo-
voltage which determines the photon energies, and tube
current (milliamperes) are chosen to provide the optimal
image for each part of the body. There is a tradeoff between
the better radiation penetration but poorer contrast ob-
tained with high kilovoltage x-rays and the better contrast
with the poorly penetrating lower kilovoltage. A larger
proportion of the radiation reaches the image receptor
with a high kilovoltage selected, so the dose to the patient
is lower, but the quality of the image is poorer. In general,
the kilovoltage chosen relates to the thickness of the part
of the body being imaged (25–30 kV for breast, 50–60 kV
for extremities, 70–80 kV for abdomen, and 80–100 kV for
lumbar spine). In fluoroscopy, exposure factors are chan-
ged in a predetermined manner to maintain the dose level
at the image intensifier. The selection of different options
will affect the balance between patient dose and image
quality (41,42).

7.2.3. Dose Measurement. It is important that patient
doses are measured from time to time in every hospital to
ensure that techniques are optimized. Various practical
patient dose measurement quantities are used for this.

Entrance surface dose (ESD) measures the dose to the
skin where an x-ray beam enters the body. ESD can be
measured with TLDs or calculated from the radiographic
exposure factors (kVp and mAs) coupled with measure-
ments of x-ray tube output. ESD is used for radiography.

Dose-area product(DAP) is the product of the air kerma
within the x-ray beam and its area, which can be mea-
sured by an ionization chamber fitted to the x-ray tube
(Fig. 4). It quantifies all the radiation that enters a
patient. The DAP can be used for assessing doses from
fluoroscopy and radiography.

Computed tomography dose index (CTDI) is the inte-
gral of the dose across the volume irradiated in producing
a CT image (3,6–8). It is normally measured with a special
radiation detector placed across the CT slice. A weighted
CTDI, derived from measurements made in a Perspex
phantom, is used in evaluation of patient doses.

Estimates of effective dose can be calculated from the
practical dose measurement quantities by using coeffi-
cients derived from computer simulations of the interac-
tions of radiation as it passes through the body.

7.3. Radiation Safety of Staff in Radiology

Employers have a duty to ensure that radiation doses
received by staff are as low as reasonably practicable. X-
ray rooms are usually designated as controlled radiation
areas and walls shielded with lead sheet or high-density
blockwork or plaster, and a protective lead glass screen is
provided for the operator (32,33). The level of shielding is
related to the work carried out, and this will be deter-
mined from a prior risk assessment.

Lead rubber aprons and thyroid shields are worn by
staff who need to be in an x-ray room during an exposure
(3,25). Such devices will not provide sufficient attenuation
to protect against the primary x-ray beam, but they will
give reasonable protection for the lower levels of scattered
radiation. Because radiation scatters in all directions,
aprons wrap around the body to provide protection on all
sides. In addition, protective gloves and lead glasses may
be worn by clinical staff that require to perform proce-
dures close to the patient.

For fluoroscopy, the x-ray tube is normally positioned
under the patient couch. It reduces the dose from scat-
tered radiation to the upper body of the operator, where
more of the sensitive organs are located. Additional pro-

Table 5. Typical Effective Doses and Terms to Describe Health Risks for Common Diagnostic Radiology Examinations in
the United Kingdom (28)

Examination Mean Effective Dose (mSv) Term to Describe Risk

Intraoral dental radiograph 0.002 Negligible
Chest radiograph (PA) 0.02 Minimal
Lumbar spine examination (AP & Lat) 1.0 Very low
Barium enema (fluoroscopy and images) 7 Low
Abdominal CT scan 10 Low
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tection may be obtained from lead rubber curtains at-
tached to the intensifier. Complex fluoroscopic units used
for higher dose procedures such as interventional radiol-
ogy or cardiology will have additional protection such as
lead rubber drapes attached to the couch to protect the
legs and lead glass screens to protect the eyes and thyroid.

7.4. Other Sources of X-Rays

X-rays may originate from other techniques employed in
biomedical research. X-ray diffraction is used for investi-
gation of the crystal structure. Equipment is normally
operated in an enclosed, shielded area, which may be
designed to take one or several units. Adjustments of
crystal position and orientation with the x-ray beam can
lead to finger exposure. Electron microscopes that use
high-energy electron beams have the potential to produce
x-rays, but radiation leakage from modern equipment is
usually minimal.

8. RADIOACTIVE MATERIALS AND APPLICATIONS

8.1. Nuclear Medicine

Nuclear medicine involves the administration of radio-
active materials to patients for diagnosis or treatment
(3,6–8). Pharmaceuticals, which will be taken up by a
particular organ, are labelled with a radionuclide. The
radiopharmaceutical is injected into a vein or sometimes
administered through another route such as inhalation or
ingestion. The radionuclide acts as a tracer, and the
distribution of radioactivity is assessed by forming an
image from the radiation emitted using a gamma camera.
Nuclear medicine enables functional changes to be mea-
sured and imaged, and it complements the higher resolu-
tion structural data obtained from x-ray and other
imaging modalities. The radionuclide technetium-99 m
(99mTc) has ideal properties for imaging. It emits a g-ray
with a suitable energy for imaging (140 keV), it does not
emit any particle radiation that would deliver a more
significant radiation dose, and its half-life is only 6 hours,
so that the activity will decline to one sixteenth of the
original within 24 hours. It is obtained from a parent
radionuclide (molybdenum-99) with a 2.5-day half-life,
which allows it to be used to make 99mTc generators that
can be transported to remote locations (3,6–8).

Certain radionuclides of more physiological elements
(e.g., C, N, and O) emit positrons that rapidly combine
with electrons and emit pairs of g-ray photons (511 keV).
Positron emission tomography (PET) scanners use coin-
cidence-counting techniques to register the pairs of g-ray
photons from which images are reconstructed. These are
proving useful in a variety of applications in oncology,
cardiology, and neurology. Unfortunately the radionu-
clides all have very short half-lives and can only be
produced in specialized facilities with a cyclotron. PET
scanners present greater radiation safety problems be-
cause of the higher photon energies (thicker shielding)
and shorter half-lives (higher activities handled during
preparation).

8.2. Protection of the Patient

The risks to a patient undergoing a nuclear medicine
investigation are from radiation emitted by radioactive
material inside the body (34). The exposure continues
after the patient has left the hospital until they have
excreted the activity or it has decayed. Others in contact
with the patient shortly after they have left hospital may
also receive a small radiation dose. Instruction will be
given to patients related to the test they have undergone
and any precautions they should take. Optimization of
exposures is achieved by administering recommended
activity levels and operating a QA system to ensure the
required activity is administered. Patients are encouraged
to drink plenty of fluid and void their bladder frequently to
clear radioactivity. There is a wide range in the radiation
dose levels and risk from use of different radiopharma-
ceuticals, depending on the activity administered, the
radiation emitted, the physical half-life, and the residence
time in the body (29). Examples of doses and appropriate
terms that can be used to describe risks for a few inves-
tigations are given in Table 6.

The administration of a radiopharmaceutical to a preg-
nant woman will inevitably result in exposure of the fetus
to radiation and so will require particular justification.
Certain radionuclides such as 131I, 67Ga, and 75Se can give
doses of tens of millisieverts to the fetus (29). When a
radiopharmaceutical is administered to a mother who is
breastfeeding, radioactivity will be secreted in her milk,
and so her infant will ingest radioactivity and receive
some internal exposure. If the effective dose to the infant
is likely to be significant, then it may be reduced in some
cases by a short interruption in breastfeeding and giving
the infant breast milk expressed before the radiopharma-
ceutical was administered. The nuclear medicine depart-
ment will provide advice on this.

8.3. Radiation Safety of Staff

There are more routes of exposure in nuclear medicine
than in radiology so protection is more difficult. The
nuclear medicine patient is a mobile radioactive source
and so a major source of exposure. There is also the
potential for exposure from the radiopharmaceutical and
from unused activity, as well as a risk of internal and
external exposure originating from any contamination
(Fig. 3) (3,34,35).

A patient who is to have an imaging investigation will
usually be injected with several hundred megabecquerel
of 99mTc. Time and distance are the most effective mea-
sures to reduce radiation dose. The lead rubber aprons
used in radiology do not contain sufficient lead to attenu-
ate the higher energy g-rays and so are of little use,
whereas free-standing lead shields provide adequate pro-
tection but are often impractical. Time spent close to
patients after injection should be kept to a minimum.
Any lengthy explanations should be given before radio-
pharmaceutical is injected, so that as far as possible, the
time staff need to spend close to a patient after the
injection is kept to a minimum. The biological half-life
governing removal of the radiopharmaceutical from the
patient will usually be considerably less than 6 hours, so
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the risk will decrease rapidly with time. In most cases, by
the time a patient leaves the hospital or returns to the
ward, the risk is small, so the best approach is to minimize
the time spent near a patient while not compromising his
or her care.

The radiation dose rate at the surface of vials or
syringes containing radiopharmaceutical will be high, so
the principles of time, distance, and shielding are used in
handling to protect the operator’s hands (3,25,31,35).
Vials will almost always be held in lead pots and forceps
used whenever they are picked up directly. Special shields
for syringes made from lead, tungsten, or lead glass are
employed when preparing radiopharmaceuticals and giv-
ing injections. They have lead glass windows to enable the
operator to view the liquid. A syringe shield will only
surround the body of the syringe, so there will be a
measurable radiation dose rate at the plunger. A syringe,
which has double the capacity required, is used to increase
the distance from the source and the syringe held by the
end of the plunger. All handling of radionuclides should be
carried out with a shield to protect the body and the
manipulations performed over a tray contain any spillage.
Used syringes and vials will contain a residue of radio-
active material and must be disposed of as radioactive
waste.

Members of staff who become pregnant or who are
breastfeeding a child and who work with radioactivity
should inform their employer, so that any restrictions on
work carried out that are considered appropriate can be
put in place. Staff members can normally continue work-
ing during pregnancy, but restrictions could be placed on
an aspect of their work from which a significant dose could
be received. Appropriate precautions will be determined
from an assessment of the risks involved, including in-
formation from personal dosimeters worn by the staff
member and the dose constraint adopted for fetal expo-
sure [e.g., 1 mSv in the United Kingdom, 5 mSv in the
United States (19,25)].

9. RADIOTHERAPY

Ionizing radiation plays an important part in the treat-
ment of malignant disease. Ideally the radiation dose
should be high enough to kill all cells within the volume
of the tumor, but the dose to the surrounding healthy
tissue must not be too high to minimize the risk of serious
damage (3). There are three main ways in which radio-
therapy treatment can be given called external beam,
brachytherapy, and unsealed source therapy, and each

involves different safety issues. Procedures are in place
covering all aspects of the treatment process to ensure the
patient receives the dose prescribed.

9.1. External Beam Therapy

9.1.1. Patient Treatment and Protection. Tumors at
depth in different parts of the body can be treated by
external radiation. The radiation beam is usually provided
by a linear accelerator, although units with cobalt-60
sources and kilovoltage x-ray tubes are also used. The
beam can consist of high-energy photons (6–20 MV x-ray
beams) or electrons of varying energies. Megavoltage
photons are used for deep-seated tumors, whereas elec-
tron beams or kilovoltage photons are used to treat super-
ficial ones.

Radiation beams from several different directions are
often employed as being the most effective method for
delivering a high dose to the tumor while keeping that to
overlying tissue at an acceptable level. The treatment is
planned on a computer to determine the best way to direct
the incoming radiation beams relative to the patient to
produce a uniform dose distribution across the tumor
volume, while avoiding critical organs where feasible,
and minimizing the dose to healthy tissue.

The maximum dose that can be given in a single
treatment without causing any acute or long-term side
effects in healthy tissue is usually not sufficient to kill all
tumor cells. For this reason, treatments are delivered in
several fractions separated by a time long enough to allow
the damage inflicted on healthy tissue to be repaired.

9.1.2. Radiation Safety of Staff. Treatments with high-
energy beams are carried out in concrete bunkers with
walls and roof 1–2 m thick to protect staff and members of
the public (3,43,44) (see attenuations data in Table 1).
Rooms with a lower amount of shielding are used for
treatments with kilovoltage x-rays. The patient is the
only person allowed in the treatment room when radiation
is on. Because doors with sufficient shielding capacity are
difficult to maneuver, entry is often via a maze, so that
only radiation that has been scattered several times can
reach the exit. Linear accelerators operating above about
12 MV also generate many neutrons, which must be
considered in the design of protection, particularly the
maze. Various other safety measures are employed for
external beam treatment (22,25,44). They include shield-
ing in the treatment head, safety interlock systems for the
equipment, and a system of treatment room entry de-

Table 6. Effective Doses and Terms to Describe Health Risks for Some Common Diagnostic Medical Examinations for
Adults in the United Kingdom

Examination Mean Effective Dose (mSv) Term to Describe Risk

57Co GI absorption (Schilling test) 0.1 Minimal
99mTc lung ventilation (aerosol) 0.4 Very low
99mTc bone scan (diphosphonate) 3 Low
201Tl myocardial perfusion 18 Moderate

Data taken from various sources including Ref. 29.
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signed to minimize the risk of accidental radiation expo-
sure.

9.2. Brachytherapy

9.2.1. Patient Treatment and Protection. Brachytherapy
makes use of sealed radioactive sources placed directly
into or immediately adjacent to the tissue to be treated.
Sources can be introduced into a cavity for temporary
insertion usually using remote afterloading equipment
(137Cs in cervix). Alternatively sources can be implanted
into tissue by using a catheter or similar device to allow
lateral movement (192Ir in breast), or sources emitting less
penetrating radiation and with shorter half-lives may be
permanently implanted (125I in prostate). The radiation
dose rate will be highest near the source, which gives a
high dose to the tumor. Protection of surrounding healthy
tissues is achieved through the decline in dose rate with
distance from the source via both attenuation and the
inverse square law (3,15). Unfortunately, brachytherapy
can only be applied to small, localized tumors that are in
accessible locations.

9.2.2. Radiation Safety of Staff. Almost all brachyther-
apy treatments are performed using systems in which
small sources of caesium-137 (137Cs) or iridium-192 (192Ir)
are inserted into an applicator inside the body via a
catheter. The applicator is positioned in theater, and the
patient is returned to the ward where the active sources
can be quickly inserted. It enables doses to theater staff to
be minimized. Remote afterloading systems are used for
most treatments, in which the sources (on a long thin
motor-driven cable) are moved to the desired position in
the catheter under computer control and left there for the
prescribed length of time to achieve the dose distribution
required. Low-dose-rate systems are used, in which the
patient is connected to the machine for up to several days.
Staff or visitors can enter the room without any risk of
radiation exposure as the sources can be removed from the
patient into a lead safe automatically at the press of a
button. High-dose-rate afterloading brachytherapy has
allowed new types of treatments to be attempted with
treatment times similar to those for external beam radio-
therapy. Radiation doses to staff have reduced markedly
since the introduction of afterloading techniques. Treat-
ment rooms resemble small versions of external beam
therapy rooms with shielded walls and often a simple
maze. Members of staff may be exposed to some scattered
radiation near the entrance to the room, but the design
will be such as to maintain dose rates below levels
required by legislation.

A few interstitial treatments are performed with man-
ual loading techniques, such as with iodine-125 seeds for
prostate treatments and 192Ir wire (or hair-pins) for im-
plants, although the latter have largely been replaced by
remote afterloading techniques. Special care is required in
preparing and loading the sources. Procedures are re-
quired to minimize the doses to staff during 192Ir and
137Cs treatments on the wards. Consideration must be
given to the time spent near the radioactive source, the
distance that staff need to be from the source to perform

their functions, and the use of suitably placed shields.
Radioactive sources for brachytherapy are stored in a
shielded storage facility in a special source room, or in
the treatment room in a lead-shielded container, which is
part of the afterloading system. The sources must be
transported in adequately shielded containers.

9.3. Unsealed Source Therapy

Unsealed source radiotherapy involves the introduction of
radioactive material into the body in a chemical form,
which is taken up by specific tissues (3). It is usually
performed by nuclear medicine departments. The most
common treatment is the oral administration of iodine-131
(131I) for hyperthyroidism, which is usually carried out on
an outpatient basis. The material is in the form of a
capsule or a liquid and is taken orally. Patients may return
home immediately after treatment, but they will need to
limit close contact with others, in particular pregnant
women and children for specified periods of time to main-
tain the doses to individuals outside the hospital at an
acceptable level (25,34). Patients must not continue
breastfeeding after the therapy or become pregnant
within 4 months of treatment. The treatment may not be
appropriate for patients who are incontinent.

Larger activities of 131I are used to treat carcinoma of
the thyroid. Patients must be treated in hospital initially
and be confined to a shielded room. Radiation safety issues
are similar to those that apply to manual loading techni-
ques in brachytherapy. Contact with members of staff and
with visitors or other patients will be restricted for several
days because of external dose rates. In addition, the
patient’s body fluids, including urine, excreta, and saliva,
all contain radioactive material. Treatment rooms should
therefore have their own washing and toilet facilities to
minimize the spread of contamination, which could be
ingested by other persons. Protective clothing will be worn
by staff when handling the patient (25,34). The patient
will be asked to use disposable crockery, cutlery, and other
items, and all waste generated will be treated as radio-
active. Patients are not discharged from the hospital until
the amount of radioactivity is below set limits and then
restrictions are placed on contact with others.

Other therapies, using b� -particle emitters such as
strontium-89 or phosphorus-32, do not have radiation
safety problems postadministration associated with exter-
nal radiation because of the nature of the radionuclide.
There will however still be contamination and radioactive
waste issues because of the risk from internal radiation.

10. NONIONIZING RADIATIONS

Photons with energies less than 12 eV cannot ionize
atoms, and these radiations are called nonionizing. These
include electromagnetic radiations and sound waves. Non-
ionizing radiations may be absorbed and so heat any
object on which they are incident. The electromagnetic
nonionizing radiations can be divided into optical radia-
tions and electromagnetic fields. The optical radiations
are ultraviolet (UV), visible, and infrared (IR) radiations.
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The wavelength ranges, medical applications, and effects
are summarized in Table 7.

10.1. Optical Radiation Hazard

Optical radiations do not penetrate far into the human
body, so the eyes and skin are the only organs at risk from
exposure. UV radiation induces photochemical reactions
in the skin, which produce erythema and tanning. Pro-
longed repeated exposure will, in the long term, cause
premature aging of the skin with deep wrinkles and a
leathery texture. UV exposure also increases the risk of
skin cancer. UV exposure of the eyes produces photoker-
atitis (snow blindness) and in the long term a risk of
cataract. Thermal injury to the eye and skin can result
from prolonged exposure to IR radiation.

High-intensity beams of laser radiation interact with
tissues through various mechanisms. Thermal effects are
the most important. Tissue starts to coagulate at 55–601C,
and when tissue temperature reaches 1001C, the cellular
water evaporates and tissue is vaporized. Effects depend
on absorption properties of the particular wavelength as
well as on the power. The Nd:YAG laser will coagulate
tissue, whereas the CO2 laser radiation, which is heavily
absorbed, is more likely to produce vaporization.

The nonthermal effects of lasers are photochemical,
photomechanical, and photoablative. Photochemical ef-
fects where there is a direct absorption of optical radiation
by a specific chemical, known as a chromophore, also occur
with laser radiation. The effects only predominate when
long exposures are used at low power densities. The
higher powers and short pulses produced by Q-switched
Nd:YAG lasers can create plasmas, which generate shock
waves when they collapse and give rise to photomechani-
cal effects. However, the photon energy of the UV excimer
laser is sufficiently high to cause direct breaking of
molecular bonds, so-called photoablation.

10.2. UV Phototherapy Safety

Large-area UV phototherapy sources comprising fluores-
cent lamps are used for treatment of skin conditions such
as psoriasis (45–47). UVB radiation is used on its own, or
UVA may be employed after administration of a photo-
sensitizing drug Psoralen (PUVA). The erythema effect is
strongly dependent on the wavelength of UV radiation
(Fig. 5), so it is important to know not only the irradiance
but also the spectral output of the radiation source
involved when making assessments of hazard. A relative
spectral effectiveness factor that takes into account both
the erythema hazard to skin and the photokeratitis ha-
zard to the eyes is used in assessment of occupational
exposure, and maximum permissible exposures are set in
terms of a weighted summation over all UV wavelengths.
Radiometers must be calibrated for each type of source.

The eyes of phototherapy patients must be protected by
appropriate goggles during treatment. Patients are more
sensitive to UV after administration of Psoralen for PUVA
and need to protect their eyes and take steps to limit
exposure from the sun. There is little formal legislation on
UV safety, but for the safety of staff and the public, it is
useful to designate controlled areas, as for ionizing radia-

tion, and to have local rules including safety measures
that must be adopted. UV protection can be achieved
through physical barriers. If staff need to enter photo-
therapy cabins for UV measurement, then the eyes must
be protected with spectacles, goggles, or visors designed
and approved for the purpose, and for UVB, all skin must
be protected. Protection can be achieved with normal
everyday clothing, but if full coverage is required, specified
barrier creams will be necessary for any areas that may be
exposed. UV irradiances outside treatment cabins do not
normally present a significant hazard, although levels
caused by reflection from the ceiling above a cabin should
be assessed.

10.3. Laser Hazards

The main hazard from lasers is to the eye. Visible light
and near-infrared radiation can damage the retina,
whereas UV and far infrared are absorbed into the cornea
and lens. The eye can focus parallel light onto a very small
spot on the retina, which can give an optical gain of 10,000
to 100,000. If the beam strikes part of the peripheral
retina, this may not too serious, but the effect could be
catastrophic if either the fovea, which is the region of
greatest visual acuity, located in the center of the macula,
or the optic nerve are involved. The eye has a natural
aversion mechanism in the blink reflex to intense visible
light that comprises closure of the eyelids and rotation of
the eyeball, which takes about a quarter of a second.
However, this will not protect against the intensity levels
from high-power lasers (48,49).

Maximum permissible exposure (MPE) levels have
been set for viewing laser radiation in terms of energy
incident on the cornea per unit area (50). These depend on
both the wavelength and the duration of the exposure.
Those for the wavelength range 400–1400 nm, where all
power may be focused onto a single spot on the retina, are
orders of magnitude lower than those for wavelengths
absorbed in the cornea. The MPEs are used in determin-
ing the optical density of goggles required to provide
protection for each type of laser. The distance over which
a laser presents an ocular hazard depends on the MPE

Figure 5. The skin erythema action spectrum compared with
normalized UV spectra for UVA and UVB lamps commonly used
in phototherapy (PT) and the solar spectrum in the UV.
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and the divergence of the laser beam and is called the
nominal ocular hazard distance.

The hazards to skin are akin to those in other soft
tissues. With most surgical lasers, damage is thermal in
nature. A plume of debris is emitted from tissue when
laser-induced vaporization takes place. The vapors have a
noxious smell and may represent an inhalation hazard.
The risk can be minimized by use of an efficient evacuation
system containing a viral trap.

There are risks of other indirect effects such as fire from
ignition of flammable material by the intense beam.
Flammable preparations with an alcohol base should be
avoided, and there should be no flammable drapes or other
material near the laser beam. Ignition of the endotracheal
tubes during laser surgery is also a significant hazard, and
‘‘laser-safe’’ ones with a protective metal coating are
available. Access to a fire extinguisher (preferably a CO2

type) in case of an emergency is essential, and a large
syringe loaded with sterile saline at hand to extinguish
any ignition is useful.

10.4. Laser Safety Procedures

There is no specific legislation governing use of lasers in
most countries. IEC and related national standards pro-
vide the basis for safety advice on lasers (50–52). They are
classified in terms of accessible emission limits. There is
not space to include the full classification scheme here.
Class 1 lasers are safe under reasonably foreseeable
conditions, whereas class 2 lasers emit visible radiation
and are of a power level such that eye protection is
afforded by the aversion responses. The class 3 lasers
have various subclasses and are hazardous under certain
conditions, whereas the class 4 lasers used for surgery are
always hazardous and protection may be required even
from diffuse reflections.

Various controls must be in place for class 4 and some
class 3 lasers. The engineering controls include use of a
key for operation of the equipment, warnings when the
laser is ready to fire and when it is emitting radiation, an
enable switch to put the laser into ready mode, an aiming
beam, an emergency stop button, and warning labels.

Procedural controls are required for management of
health and safety in the workplace (48,49,53). There
should be a laser protection adviser knowledgeable in
the evaluation of laser hazards to advise on the control
of hazards and assist in risk assessments. A controlled
area must be designated in which the laser may be used. It
is the area within which exposure levels may exceed the
MPEs and will normally be a whole room or operating
theater. Within the controlled area, there should be no
shiny surfaces near the laser beam to avoid specular
reflection and windows must be protected if the laser
radiation is transmitted through glass (Fig. 6). Warning
signs are required at the entrances, and illuminated signs
will normally be used to indicate that a laser is in use.

Local rules should be in place to ensure a safe working
environment. They should reflect local circumstances and
will include basic safety procedures such as arrangements
for operation of the laser such that the beam is directed
away from flammable materials and away from points of
entry into the room. They will also include procedures for
gaining access to the area when the laser is in use. Each
laser should have a designated laser protection supervisor
who is responsible for ensuring implementation of local
rules. There should be a register of persons authorized to
use the laser, who have received appropriate training and
understand the safety precautions. Any incident should be
investigated and an eye examination carried out within 24
hours if any exposure of the eye is suspected (48,49).

Protective eyewear should be provided to ensure that
the MPE will not be exceeded even if the laser beam is
directed toward a person’s eyes. The protection required is
based on the optical density of the filter material and its
ability to withstand damage from the laser beam. The
performance is specified in terms of an L number, which is
equal to the optical density up to the power or energy
density at which the material is damaged and laser break-
through occurs. The spectral transmittance is measured
for each laser wavelength, and both the L number and the
wavelength must be marked on the goggles to indicate
their suitability.

Table 7. Optical Radiation Sources Used in Medicine and Associated Hazards

Type Wavelength Artificial Sources Hazard

Ultraviolet UVC 100–280 nm Sterilization
UVB 280–315 nm UVB phototherapy Erythema (sunburn)

Photokeratitis
Skin cancer

UVA 315–400 nm Sunbeds Erythema
PUVA phototherapy Skin cancer

Photo-aging

Visible 400–770 nm Argon ion laser Retinal injury
Diode lasers

Infrared Near 770 nm–1.4mm Nd:YAG laser Retinal injury
Skin burn

Far 1.4mm–1 mm Incandescent lamps Corneal burn
CO2 laser Thermal cataract

Effects marked in bold italics are long term.
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10.5. Electromagnetic Field Safety

Electromagnetic (EM) radiations with wavelengths longer
than 1 mm are termed electromagnetic fields and are
described in terms of frequency rather than wavelength.
In radiation protection, it is standard to describe EM
radiations in the broad frequency range between 3 kHz
and 300 GHz (wavelengths 100 km–1 mm) as radiowaves,
but the upper end of this range (above 300 MHz) is
frequently referred to as microwaves (54).

Radiofrequency radiations are employed in some areas
of therapeutic medicine. Examples are high-frequency
(shortwave) diathermy (27 MHz), which is applied widely
by physiotherapists for heating tissue to aid healing of
injuries, surgical diathermy (300 kHz–1 MHz), and micro-
wave hyperthermia (900 MHz) employed in some centers
as a tool in the treatment of cancer.

The energy from radiowaves is absorbed by tissue. The
only physical effects are heating and buildup of charge on
the skin surface that can lead to a slight shock from
electrical discharge or radio-frequency burn when charge
flows to a conducting object. Guideline levels are recom-
mended for limiting exposure based on the specific absorp-
tion rate of energy in tissue. It varies with frequency
because of the resonance effect, which enhances absorp-
tion when the size of the body is of the order of the
radiation wavelength. A variety of other effects have
been postulated, but experimental data are equivocal
and no convincing mechanism for these effects has yet
been suggested (55). International guidelines on safety
have been produced (56). For most therapeutic devices,
sufficient protection is afforded by the operator maintain-
ing a safe distance from the active electrodes (1 m in the
case of continuous wave shortwave diathermy and shorter
distances for other equipment).

Magnetic resonance imaging (MRI) is widely used for
diagnostic investigations (3,6–8). MRI systems are built
around large magnets and incorporate sets of coils to
create magnetic field gradients. The magnets are usually
cooled to liquid helium temperature where metal is super-
conducting and large currents are easy to maintain. There
is little evidence for harmful effects of MRI, and all

recognized effects are only present during a scan, provided
that recommended exposure advice is adhered to. The
high static magnetic field (0.1–2 T) will exert a force on
any magnetic object either implanted inside the body, such
as an aneurysm clip, or external to the body. Ferromag-
netic objects are attracted to the magnet with such force
that if they are free to move, they can become dangerous
missiles. If such a missile enters the magnet, it may be
difficult to remove without taking the system out of action.
Patients must be screened for metallic implants and other
objects as this may cause a significant hazard (3,54). The
radiowaves used are typically in the frequency range 10–
300 MHz and are low level, although localized fields close
to coils will be greater. The rates of change of the magnetic
field are maintained below recommended safe levels to
prevent effects such as nerve stimulation or significant
heating of the body (57,58). MRI is not generally employed
during the first trimester of pregnancy when organogen-
esis is taking place, unless there is an overriding clinical
need, although no adverse effects have been reported.

Radio-communication handsets have the potential to
interfere with the operation of certain electromedical
equipment and their use may be restricted in hospitals
where patient-connected equipment is used, such as in-
tensive care units (54,59,60). Electromedical equipment
that may be affected by radio-communication devices
includes ventilators, infusion pumps, defibrillators, exter-
nal pacemakers, and patient monitoring devices.
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1. INTRODUCTION

The biological effects of radiofrequency (RF) and micro-
wave energy is a large subject encompassing parts of
biophysics, medicine, engineering, and, more recently,
epidemiology, risk assessment, law, and public policy.
The primary scientific literature on medical applications
and biological effects of RF fields contains several thou-
sand papers, including many written during and before
the 1960s.

This chapter reviews reported or established biological
effects of RF energy (3 kHz through 300GHz) that are
relevant to biomedical engineering. (Microwaves are con-
ventionally defined as RF energy between 1GHz and
300GHz and are a subset of RF energy.) Its approach is
tutorial rather than comprehensive. A concluding section
will review areas of uncertainty and controversy related to
potential biological effects of RF energy. Additional sources
are included in an annotated bibliography. This chapter
complements, and in part overlaps, an article by the same
author in the Wiley Encyclopedia of RF and Microwave
Engineering (1).

2. EXPOSURE AND DOSE

In discussing the biological effects of RF energy (or of any
other agent), one must distinguish between the exposure,
which is the concentration of the agent in the external
environment of a subject, and dose, which is the concen-
tration of the substance in target tissues. For RF fields, the
corresponding quantities are field levels external to the

body and those induced within body tissues by the ex-
posure. This distinction is important because the external
and internal fields are very different, and, when discuss-
ing a study, it is important to be clear which of these
quantities is being considered. The bioeffects literature
generally refers to assessment of both quantities as ‘‘dosi-
metry,’’ although some authors use the term ‘‘densitome-
try’’ to refer to determination of fields external to the body.

Exposure is very different from risk, which is the
probability of an adverse effect in an exposed individual
and the severity of the effect.

The coupling between RF fields and the human body
depends on the characteristics of the field (including
frequency, polarization, and field strength) as well as the
electrical characteristics of the biological target. As a
result of the wide range of these characteristics over the
frequency range considered here, the coupling properties
between an RF field and tissue are quite complex.

2.1. Bulk Electrical Properties of Tissue

The bulk electrical properties (dielectric properties) of
tissue determine the propagation characteristics of RF
fields inside tissue; for a review see (2). The bulk proper-
ties consist of the permittivity e and conductivity s. It is
convenient to define the complex conductivity s*:

s� ¼ sþ joee0; ð1Þ

where o is the frequency (radians/sec) and e0 is the
permittivity of space (a constant). The real and imaginary
parts of s� are shown in Fig. 1 for several representative
soft tissues [from (3)].

The dielectric properties of tissues exhibit dispersions
(variations with frequency) resulting from the structural
complexity of the tissue as well as from effects related to
the molecular constituents of tissue. Mechanisms for these
dispersions include charging of cell membranes, dipolar
losses in tissue water, and other effects. Charging of
cellular membranes is chiefly responsible for the disper-
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sion observed in tissue at MHz frequencies and below,
whereas dipolar relaxation of tissue water is the dominant
source of dispersion above about 1GHz. As the frequency
is increased above about 100MHz, the bulk electrical
properties of tissues increasingly reflect those of the water
that constitutes approximately 80% of the mass of most
soft tissues.

2.2. Quantities Used to Characterize Exposure

Depending on the exposure scenario, different quantities
are useful to characterize exposure and dose, which in-
clude:

2.2.1. For Assessing External Fields.

* External field strength, Eo, measured in volts/meter
(electric field) or amps/meter (magnetic field) (princi-
pally used at frequencies below 100MHz1 or in the
near field region of antennas).

* Incident power density, S, in W/m2 (principally used
at frequencies above 0.5GHz or in the far fields of
radiators).

2.2.2. For Assessing Internal Fields.

* Current density within the body Ji (in A/m2), princi-
pally used in the frequency range up to 10MHz; a
related measure is internal field strength Ei (V/m),
which is related to the current density by Ohms Law

Ji¼ sEi: ð2Þ

* Total current passed into tissue, J, which is chiefly
used to characterize contact currents, principally in
the frequency range up to 100MHz.

* Internal electrical field strength Ei, for example, the
electric field induced within body tissues.

* Induced current density Ji in A/m2.
* Specific absorption rate (SAR), defined as the power
dissipation in watts per kilogram of tissue. In terms
of the electric field Ei in the tissue,

SAR¼
s E2

i

�

�

�

�

r
; ð3Þ

where r is the density (kg/m3) of the tissue. The SAR can
be expressed as a point value at a given instant in time, a
value averaged over a specified time or distance, or a value
averaged over the whole body of an animal (the whole
body SAR). If the dose is considered to be the absorbed
energy, the SAR is then a measure of dose rate.

Under most circumstances, the SAR is the preferred
dosimetric quantity for RF fields, particularly over the
frequency range from 100kHz to about 10GHz, and

journal editors and referees typically insist that the SAR
produced in the exposed target be specified in papers
submitted for publication. However, SAR becomes less
useful at frequencies above 10GHz, where the energy is
absorbed close to the tissue surface and the incident power
density can be a more appropriate measure of exposure.
The SAR is also less useful when currents are introduced
into the body by contact with a conductive object, as occurs
in electrosurgery or in some accident scenarios. In that
case, the induced current (in amperes) or current density
(amperes per square meter) are more useful measures of
dose.

The SAR can be determined in a number of ways:

1. By measuring the rate of temperature increase
when the tissue is exposed to RF energy. In the
absence of heat conduction effects, RF energy expo-
sure at a SAR of 1W/kg produces a rate of tempera-
ture increase of 0.0151C/min in high water-content
tissues. The rate of temperature increase can be
measured with small temperature sensors, notably
‘‘nonperturbing’’ fiberoptic probes that are designed
specifically for measurements in RF fields. Another
approach employs thermal imaging of the surface of
the exposed object with an infrared camera, typi-
cally using phantom models to mimic animals. In
either case, effects of heat conduction can lead to
significant errors, particularly when the SAR pat-
tern is very nonuniform.

2. By measuring the internal electric field in the ex-
posed object with a small probe (taking care to avoid
electrical artifacts).

3. By modeling the exposure situation by computer to
determine the induced fields and power dissipated
in the exposed object. A variety of computer methods
are available, including finite element and finite
different time-domain techniques.

* Specific energy absorption SA, the total absorbed
energy in a pulse per kilogram of tissue, principally
used for pulsed fields in the frequency range of
300MHz to 10GHz.

Additional information may be necessary to character-
ize exposure, including the peak field strength or peak
incident power density (for pulsed fields) or description of
the modulation characteristics of the field.

Determining the SAR (or other measure of dose) in a
subject exposed to an RF field can be an extremely
complex task, because of the complicated interactions
between the human body and an RF field and the inability
to directly measure fields within the body of a living
subject. It also requires specialized equipment and tech-
niques to measure fields incident on the body.

Consequently, many bioeffects studies suffer from in-
adequate dosimetry, to an extent that clouds the inter-
pretation of the results. Many bioeffects studies,
particularly earlier studies, reported only the incident
field intensity, but did not determine the absorbed power
in the exposed animals. Lack of adequate (or no) exposure

1All frequency ranges in this discussion are approximate. 1 GHz
¼1000MHz.
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assessment is a particularly noticeable problem in many of
the bioeffects studies reported in the Russian scientific
literature, where even rudimentary information about the
frequency of the field and intensity of exposure is often
lacking.

A related problem has been the difficulty in distinguish-
ing effects caused by heating of exposed tissues from those
caused by the fields themselves (i.e., distinguishing ther-
mal from nonthermal effects), which, in part, develops
from the frequent difficulty of adequately measuring and
controlling temperature during an experiment. This is
particularly the case with experiments designed to un-
cover effects of RF energy on small structures and suspen-
sions of cells, in which the investigator applies strong
fields and cools the sample in a manner that may (or may
not) provide adequate temperature control. Moreover,
many bioeffects studies are not adequately designed to
distinguish direct (field-dependent) from thermal effects,
and consequently, the investigator’s judgment about
whether he or she has observed a thermal or nonthermal
effect often can be questioned.

After several decades of intensive engineering work, it
is now possible to expose biological objects to precisely
controlled exposures to RF fields, and to determine with a
high degree of precision the resulting SAR and tempera-
ture increase. However, adequate dosimetry remains dif-
ficult and expensive to achieve. Meaningful studies
require specially designed facilities and extensive engi-
neering support, often including elaborate computer ana-
lysis of the absorbed fields in the target structure.
Needless to say, such studies are expensive and time-
consuming. Figure 2 shows a noted bioeffects researcher,
Dr. Eleanor R. Adair, in a large microwave anechoic
chamber located at Brooks Air Force Base in San Antonio,
Texas.

3. COUPLING BETWEEN RF FIELDS AND BODY TISSUES

The coupling between external fields and body tissues
depends on the characteristics of exposure, which vary
greatly in different exposure scenarios, as well on the
geometry and electrical characteristics of the exposed
subject.

Numerous ways exist in which human subjects can be
exposed to RF energy. The exposure scenarios can often be
classified in one of three ways, which entail significant
technical differences in determining exposure:

3.1. Contact Currents

In this exposure scenario, RF currents are passed into the
body when a conductive object that is energized with RF
energy touches tissue, completing an electrical circuit.
Contact currents are a major potential occupational ha-
zard in some occupational settings. For example, touching
broadcast transmission towers or secondary metallic
structures (buildings, guy wires, fencing, etc.) near the
towers can induce contact currents at acutely hazardous
levels. In some biomedical applications (e.g., electrosur-
gery), the RF energy is passed into tissue through direct
contact between an electrode and tissue.

In such scenarios, the magnitude of the current in-
duced in the body is a function of the impedances of the
source, of the body itself, and between the body and
ground, and of the field strength in the vicinity of the
subject. Contact currents can be measured by placing an
instrument capable of measuring RF currents between the
source and subject.

3.2. Near-Field or Partial Body Exposures

In localized regions near RF sources, very high RF fields
can exist, possibly at acutely hazardous levels. Sources
include medical equipment (such as MRI scanners or
diathermy applicators), industrial equipment (such as
induction heaters or microwave drying equipment), and
radar and broadcast transmitters. Exposures to RF fields
from such equipment typically occur in the near fields of
RF sources and encompass only parts of the body. Partial
body exposure (albeit at thermally innocuous levels) is an
everyday occurrence to a user of a mobile telephone or
other portable communications devices.

As a result of the complex electrical interaction be-
tween the transmitting antenna and the subject’s body,
assessment of near-field exposures to RF energy is a
difficult matter. Exposure is typically determined with
computer modeling or physical measurements on ‘‘phan-
tom’’ models whose electrical properties approximate

Figure 2. Eleanor R. Adair, noted bioeffects investigator and
past chair of the International Committee on Electromagnetic
Safety (ICES), which is responsible for the IEEE exposure limits
for RF energy, in a microwave anechoic chamber used for RF
bioeffects studies at Brooks Air Force Base, Texas.
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those of tissue at the pertinent frequency (4). The mea-
surements can include thermal measurement of SAR or
direct measurement of the local field using small electrical
probes inserted into the model. Figure 3 shows a commer-
cial apparatus that employs a robot to move a small
electric field probe about a ‘‘phantom’’ model of the head,
which has become the most widely used method to mea-
sure SARs produced in the human head by mobile tele-
phone handsets.

3.3. Far-Field Exposure

In a typical far-field exposure scenario, plane wave energy
is incident on large areas of the subject’s body. This
exposure scenario is important because of the public’s
concern about possible health hazards from broadcast
transmitters, as well as in some occupational exposure
settings, for example, for workers near radar transmitters.

In comparison with near-field exposures, far-field ex-
posures are relatively easy to determine. Perhaps as a
result, a large amount of literature exists on far-field
dosimetry [e.g., (5)]. Initial studies, beginning in the
1960s, modeled the human body and experimental ani-
mals using homogeneous spheroids exposed to plane wave
irradiation. More recent studies have employed detailed
anatomical models of the body with millimeter spatial
resolution. A variety of thermal measurements have also
been reported, including infrared imaging or calorimetric
measurements on exposed ‘‘phantom’’ targets (5).

As with other exposure scenarios, the coupling between
an incident field and the body in the far field depends
strongly on the frequency and other characteristics of the
field. Figure 4 shows the whole body average SAR in an
isolated ellipsoid modeling an adult human exposed to
plane wave irradiation of different polarization. Below
about 70MHz, the SAR is proportional to the square of
the frequency, and energy is deposited throughout the
body. In this model, the SAR exhibits a maximum near
70MHz because of an electrical resonance caused by the
properties of the body as an antenna. At higher frequen-
cies, the whole body SAR decreases (for a given incident
power density) because the energy is deposited close to the
surface. In addition, various parts of the body exhibit their
own resonances, for example, the human head exhibits an
antenna resonance at approximately 1GHz. If the model
is placed in contact with the ground, the induced currents
(particularly those near the point of contact with the
ground) are increased because of image effects. Similar
resonances occur in animals, but at higher frequencies,
reflecting their smaller body size, and with different SAR
levels for a given incident exposure level (Fig. 5).

At sufficiently high frequencies, the wavelength of the
incident energy is much smaller than the dimensions of
the target, and the exposure approaches the ‘‘quasi-opti-
cal’’ regime. In this case, the distribution of energy within
the body is similar to that produced by a plane wave
incident on an absorbing surface. For a plane wave
incident on a plane surface of tissue, the SAR as a function

Figure 3. Apparatus for measuring SAR distribution produced
by a mobile phone in the head. The yellow arm is a computer-
controlled robot, which moves an electric field probe inside a
‘‘phantom’’ model of the head that is filled with a liquid whose
electrical properties are similar to those of tissue. From Schmid &
Kuster with permission. Available: http://www.dasy4.com/wel-

come.html.
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Figure 4. Whole body average SAR in a prolate spheroidal model
of man in a plane wave, as a function of frequency of the incident
wave. The major semi-axis is 0.875m, minor semi-axis 0.138m,
volume 0.07m3. The SAR is given in W/kg, normalized to an
incident power density of 10 W/m2 (from Ref. 5). Three curves are
shown, for E (electric field vertical), H (magnetic field vertical),
and K (wave propagating from the top) polarizations. The incident
power density is 10W/m2.
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of depth x into the tissue is given by

SAR¼
IoT

rL
e�x=L; ð4Þ

where T is the fraction of energy transmitted in the tissue
(the remaining part of the incident energy being reflected)
and L is the energy penetration depth. In terms of the
relative permittivity and conductivity of the tissue (e0, s),
these quantities are
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where e� ¼ e0 � js
2pf eo

and c is the velocity of light. Energy
penetration depths of microwaves into soft tissue, such as
muscle, range from about 1 cm at 1GHz to a few tenths of
a mm at 100GHz (Fig. 6).

4. BIOPHYSICAL MECHANISMS OF INTERACTION

The energy of photons of RF and microwave fields is
several orders of magnitude (at least) below that needed
to disrupt the weakest chemical bonds and create free
radicals. Consequently, RF fields are nonionizing, in con-
trast to ionizing radiation such as x-rays or ultraviolet
light, whose photons have sufficient energy to disrupt
chemical bonds and create highly reactive free radicals
when they are absorbed in tissue.

Nevertheless, RF fields can interact with biological
systems, most obviously by exerting forces on charges in

tissue (6). These forces act in the presence of random
thermal agitation, which will overwhelm the effects of the
fields if the forces are too small. The absorbed power in
tissue will also generate heat and increase the local
temperature, an obvious thermal mechanism for biological
effects.

4.1. Thermal Mechanisms

Thermal mechanisms develop from the deposition of
power in the biological system (as opposed to nonthermal
mechanisms, which develop from direct interactions be-
tween electric or magnetic fields and tissue structures).
When RF energy is absorbed in tissues, it generates heat,
which may cause biological effects in a number of ways.

4.1.1. Direct Effects of Temperature Increase. Biochem-
ical reactions typically vary in rate by about 3%/1C.
Consequently, a wide range of biological responses will
be produced with even modest temperature changes.
Moreover, some biological structures (i.e., thermal recep-
tors in the human body or infrared receptors in some
species of snake) respond to very small changes in tem-
perature, as little as a few hundredths of a degree or less.
Thus, even modest temperature increases, particularly if
they persist over appreciable times, can elicit biological
effects.

4.1.2. Physiological Effects of Thermal Load. An addi-
tional heat load on the body because of exposure to RF
energy can also elicit effects caused by thermoregulatory
responses. The natural rate of power generation in the
human body (the basal metabolic rate) is about 1watt per
kg of body mass. Addition of heat by an RF field at levels
comparable with or above this rate can produce significant
physiological effects even in the absence of thermally
damaging temperature increases anywhere in the body.
These changes can be interpreted as normal thermoregu-
latory responses, and may explain, in part, various subtle
physiological effects that have been reported in animals
subjected to moderate levels of RF energy exposure.

4.1.3. Effects of Local Temperature Increases. At SAR
levels somewhat above 1W/kg, depending on the duration
of exposure, rate of cooling of the tissue by blood flow, and
other factors, local heating effects in tissue can become
significant or even damaging. These can elicit a variety of
biological changes and, at sufficient heating levels, cause
burns or other tissue damage.

4.1.4. Effects Associated with Rate of Temperature Increa-
se. Some thermal mechanisms depend on the rate of
temperature increase (as opposed to the magnitude of
increase), which is clearly the case with human tempera-
ture sensation: A person can perceive changes in skin
temperature far below 11C if they occur over seconds or
less, but not if they occur over much longer periods.

A variety of biophysical mechanisms exist that depend
on the rate of temperature increase. One widely discussed
example is the microwave auditory effect, which refers to
auditory sensations experienced by a subject whose head
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Figure 5. Whole body absorption rates for spheroidal models of
man, a squirrel monkey, and a mouse exposed to plane wave
irradiation at 10W/m2 in the E polarization (from Ref. 5).
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is exposed to pulsed microwave energy. This example
typically requires exposure to microsecond pulses of RF
energy with a carrier frequency near 1GHz, and peak-
field intensities above 10,000W/m2. (Such exposures,
which approach or exceed safety limits, might be possible
near some radar equipment, but are not emitted by
ordinary communications or broadcast equipment. Con-
trary to assertions on some activists’ websites, the micro-
wave auditory effect cannot be experienced by people in
ordinary residential or occupational environments.) The
sensations result from perception, through ordinary hear-
ing mechanisms, of acoustic transients that are thermally
generated in the head by the microwave pulses, caused by
thermal expansion of tissue water. Under typical experi-
mental conditions, each microwave pulse raises the tem-
perature of tissues in the head by a few microdegrees in a
few microseconds. The resulting thermal expansion of
tissue water produces brief (millisecond) acoustic transi-
ents in the head with peak pressures above 100 dB peak
sound pressure (7), which are close to the threshold for
hearing by bone conduction. (In principle, one could use
the effect to convey information or speech to the subject,
but the high power levels required, and weak nature of the
audible stimuli, severely limit the practicality of such a
scheme.)

Under more extreme exposure conditions, changes in
membrane potentials and stimulation of cell membranes
can occur, as a result of a high rate of temperature
increase (8). For example, mice exposed to intense micro-
wave pulses to the head, leading to brain temperature
increases of a few tenths of a degree within one second,
exhibit a variety of involuntary body movements and
other stun phenomenon (9). The extreme exposure levels
needed to produce such effects are far above those encoun-
tered in realistic environments. To produce such effects
generally requires animals to be placed inside waveguides
that are connected to high-powered military transmitters.

4.2. Nonthermal Mechanisms

Electric fields can exert forces on charges, and magnetic
fields exert torques on magnetic dipoles in biological
systems, which gives rise to several classes of ‘‘nonther-
mal’’ interaction mechanisms. (Whether the mechanisms
can result in observable biological effects under realistic
exposure conditions is a different question, however.)
Examples include:

4.2.1. Membrane Excitation. The dominant hazard me-
chanism for low-frequency currents is shock and other
membrane excitation phenomena. Above a few kHz, the
threshold current needed to excite membranes increases
rapidly with frequency. With few exceptions, over the
entire frequency range considered in this chapter, the
thresholds for biologically significant heating are lower
than those for producing neural responses through mem-
brane excitation (Fig. 7).

4.2.2. Electroporation. Electric fields can create pores
in cell membranes (electroporation) by inducing electrical
breakdown. This process requires membrane potentials of
about 1V, which, in turn, requires tissue field strengths
that can exceed 104–105V/m, which would be thermally
damaging if sustained for more than brief periods. How-
ever, electroporation can be produced in the absence of
thermal damage using brief pulses of RF fields, typically
with carrier frequencies below 1MHz. Electroporation is a
factor in some kinds of electrical injury (10).

4.2.3. Field-Induced Forces. Electric fields exert forces
on ions and torques on permanent dipoles, as well as
forces and torques on induced dipoles (dielectrophoretic
forces). Magnetic fields exert torques on magnetic dipoles.
These forces are opposed by viscous drag from the sur-
rounding medium and occur in the face of random thermal
agitation.

E
ne

rg
y 

T
ra

ns
m

is
si

on
 C

oe
ffi

ci
en

t

E
ne

rg
y 

P
en

et
ra

tio
n 

D
ep

th
, c

m

0.2

0.4

0.6

0.8

1.0

Brain (White Matter)
Wet Skin

Skeletal Muscle
Cornea

Brain (White Matter)
Cornea

Wet Skin

Skeletal Muscle

Frequency, Hz

109

101

100

10−1

10−2

10−3

1010 1011 1012

Frequency, Hz

109 1010 1011 1012

Figure 6. Energy penetration depths and transmission coefficients for several tissues.

6 RADIOFREQUENCY ENERGY, BIOLOGICAL EFFECTS OF



Dielectrophoretic forces on cells are well documented
and have important applications in biotechnology. How-
ever, biophysical considerations show that the forces to be
expected on cells from RF fields at normal environmental
levels are far too weak to overcome naturally occurring
thermal agitation.

4.2.4. Other Proposed Mechanisms. The nonthermal
mechanisms discussed above are a result of direct inter-
actions between the field and biological structures, as
opposed to thermal effects from temperature changes
resulting from absorption of the energy by tissue. How-
ever, these and other established ‘‘nonthermal’’ mechan-
isms generally require very high field strengths to produce
observable effects, which would quickly lead to biologically
significant heating.

Various scientists, including some prominent physi-
cists, have suggested mechanisms for biological effects
involving direct interaction of weak RF fields with tissue
structures. These proposed mechanisms include various
quantum phenomena, nonlinear effects such as creation of
solitons, and kinetic effects including disruption of
‘‘bound’’ water and excitation of molecular resonances (to
name a few proposed mechanisms). There has been con-
siderable speculation in the bioeffects literature about the
possibility of resonance-type effects, in which a weak RF
field might produce an effect only if its frequency matched
some inherent resonant frequency in the body.

These theories were generally proposed to explain
reported biological effects of low-level fields, which the
investigators considered to be nonthermal in nature.
However, they remain weakly supported by experimental
evidence. Moreover, most of these theories are susceptible
to severe criticism, for example, for neglecting effects of
thermal agitation or viscous drag or other dissipative

processes (11). This remains a highly uneven and, in
many places, highly contentious literature.

5. THERAPEUTIC EFFECTS OF RF FIELDS

5.1. Therapeutic Heating

The use of RF fields for therapy goes back to the beginning
of the twentieth century or before. During the 1930s,
many physicians and engineers became interested in
using RF energy for medical applications, chiefly for
therapeutic heating, and major firms, including Siemens
in Germany and General Electric in the United States,
had groups developing equipment for such purposes.

Initial applications included treating sprains and mus-
cle pain (diathermy); more recently, this technology has
been adapted for use in cancer treatment (hyperthermia).
Other applications that have been subject to recent study
include ablation (use of high levels of RF energy, delivered
through a catheter) for destroying tissue. The literature
on therapeutic heating of tissue by RF energy is now
immense: A recent search through Medline for the key-
words ‘‘ablation’’ and ‘‘radiofrequency’’ uncovered 5355
articles.

5.2. ‘‘Nonthermal’’ Therapeutic Effects

In addition to these well-established applications that
depend on tissue heating, a scattering of therapeutic
effects of RF energy have been proposed that rely on
nonthermal mechanisms. The amount and quality of
clinical evidence for such effects varies widely. Perhaps
the best documented of these ‘‘nonthermal’’ therapies is
Diapulse (http://www.diapulse.com/index.shtml), which
employs 65 ms pulses of RF energy (27.12MHz) repeated at
the rate of up to 600pulse/sec, applied to the patient
through a coil placed near the body, to enhance wound
healing. The manufacturer claims that the effects are
‘‘nonthermal,’’ but, with peak power levels up to about
1 kW and average power levels ranging up to 40W, the
device is not exactly low-powered; some of its reported
effects may be thermal in nature.

Probably the most astonishing reports of therapeutic
effects of low-level microwave energy are associated with
millimeter wave therapy, which is widely practiced in the
countries of the former Soviet Union and Eastern Europe
(12). Currently, more than 100 models of medical milli-
meter wave generators are on the market in these coun-
tries, operating in several bands near 42GHz, 53GHz,
and 59–63GHz. In a treatment, the millimeter waves are
applied from a small transmitter or waveguide to acu-
puncture or other sites on the body, at an incident
intensity as low as a few mW/cm2. The Russian medical
literature has many reports of successful use of millimeter
wave therapy for gastric ulcers, cardiovascular, respira-
tory, skin diseases, and other ailments. The mechanisms
effects are completely unknown; the vast majority of the
incident energy is absorbed within the first few milli-
meters or so of skin. However, few, if any, of the studies
involving this therapy are blinded randomized clinical
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trials (the gold standard of clinical research), and the
therapy is little known in the West.

6. ADVERSE EFFECTS OF RF FIELDS IN HUMANS

This subject is large and, particularly as it relates to
possible chronic health effects in humans, very controver-
sial. This section will consider the well-established ha-
zards of RF energy, against which major RF exposure
standards are designed to protect; the controversial issue
of possible hazards from low-level or chronic exposures
will be discussed in a later section.

6.1. Thermal Death

Numerous studies have been conducted, beginning in the
early 1960s, to determine lethal levels of exposures to RF
and microwave energy for animals. The exposure level, in
terms of incident power density, that will kill an animal
varies considerably depending on species, frequency of the
field, environmental conditions, pretreatment by drugs or
other physiological manipulation, and other factors, which
in part, reflects the different absorption characteristics of
different species for RF energy and, in part, physiological
differences among species, such as different capabilities
for thermoregulation. Prior to death, animals typically
exhibit circulatory failure and other signs of extreme heat
stress, and the thresholds for lethality typically correlate
with an increase in core body temperature of several
degrees above normal (13). Clearly, similar effects would
occur to a human, in the unlikely circumstance that he or
she was exposed at comparable levels.

6.2. Perception and Pain

Thresholds for perception of contact currents have been
measured for humans at several frequencies (Table 1). At
frequencies below about 10kHz, subjects report ‘‘mild
tickling or pricking’’ sensations near the threshold for
perception; at higher frequencies, subjects report ‘‘faint
warmth’’ (15), evidently reflecting two different mechan-
isms for perception (direct stimulation of sensitive tissues
at low frequencies and cutaneous perception of warmth at
higher frequencies).

The thresholds for perception of microwave energy
have been measured by Blick et al. (16) over a wide range
of microwave frequencies. These experiments used brief
(10 second) exposures to microwave energy over an area of
0.024m2 on the backs of human volunteers (Table 2) (16).
The estimated increase in skin temperature at the thresh-
old for perception is about 0.071C over this entire fre-
quency range (17). The threshold for perception decreases
with increasing frequency, because of the shorter penetra-
tion depth into tissue and corresponding increase in SAR
near the skin surface. Thresholds for pain under similar
exposure conditions are approximately 100 times higher,
and correspond to peak temperature increases of several
1C at the surface of the skin (18). These thresholds clearly
reflect thermal phenomena.

6.3. Burns

Burns and other thermal damage are clear potential
hazards of RF and microwave energy. Typically, human
tissues can tolerate temperatures up to about 431C for
prolonged periods without damage. Exposure to progres-
sively higher temperatures will cause thermal damage in
progressively shorter times, an effect that can be quanti-
fied in terms of the thermal dose (19).

In a medical setting, burns from the use of electrosur-
gical equipment or therapeutic procedures using RF en-
ergy are a fairly common injury (and also a common
subject of litigation). The potential of medical equipment,
such as MRI scanners, for creating RF burns is well
known. In nonmedical settings, the potential for RF burns
exists whenever people are in proximity to sources of
intense RF energy, which includes high-powered broad-
cast equipment and various industrial RF heating equip-
ment.

Despite the many high-powered RF sources in the
modern environment, serious RF burns are quite uncom-
mon. Exposure at levels sufficient to cause thermal injury
is very painful, and the victim withdraws from exposure
before thermal injury occurs. Serious injuries generally
require extreme exposure levels that quickly produce
damage, or a situation in which the victim cannot volun-
tarily leave the area of exposure—as with a patient under
anesthesia. A scattering of reports exist of burns produced

Table 1. Ranges of Threshold Currents for Indirect
Effects, Including Children, Women, and Men

Threshold current (mA) at frequency:

Indirect effect 50/60Hz 1kHz 100kHz 1MHz

Touch
perception

0.2–0.4 0.4–0.8 25–40 25–40

Pain on finger
contact

0.9–1.8 1.6–3.3 33–55 28–50

Painful shock/
let-go
threshold

8–16 12–24 112–224 Not deter-
mined

Severe shock/
breathing
difficulty

12–23 21–41 160–320 Not deter-
mined

From Ref. 14.

Table 2. Thresholds for Perception of Microwave Energy
by Humans [adapted from (17)]

Frequency,
GHz

Threshold for
perception

(10 s exposure,
0.024m2

exposure
area), W/m2

Approximate
energy

penetration
depth, m

Approximate
temperature
increase at

skin surface C
at threshold

2.45 630 0.01 0.06
7.5 195 0.003 0.05
10 196 0.002 0.07
35 88 4 � 10� 4 0.08
94 45 1 � 10� 4 0.05
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by microwave ovens whose interlock mechanisms (which
turn off the microwave power when the door is opened)
have failed, and there have been at least two reported
cases of infants being placed deliberately in microwave
ovens and suffering severe burns (20).

6.4. Other Adverse Thermal Effects

Many adverse thermal effects of exposure to RF energy
have been demonstrated in animals, and analogous effects
can be anticipated in humans as well. Deleterious effects
include:

Cataracts are an established hazard of microwave
energy, and have been reported occasionally in humans
exposed to high-intensity microwaves. Cataracts can be
produced in animals at high exposure levels, generally
41000W/m2, where they are associated with temperature
increases of several degrees in the eye. Such exposure
levels are similar to those capable of producing skin burns.
Occasional claims of cataract from low-level microwave
exposure have not been substantiated by animal studies
and remain controversial (21).

Adverse reproductive effects. Development abnormal-
ities have been convincingly demonstrated in animals
exposed to microwave energy at near-lethal levels. These
effects are associated with significant increases in body
temperature, which is itself a well-established cause of
birth defects (22,23). Heating the testes to microwave
energy to induce temporary sterility has been explored
in China as a means of contraception. Some men have
received more than 100 treatments, each raising the sur-
face temperature of the scrotum to 40–421C. No significant
abnormalities were reported in a follow-up study in these
men after cessation of the treatments (24).

Behavioral disruption has been observed in several
species of animals exposed to microwaves at whole body
exposures of 4–6W/kg, at several frequencies above
100MHz (25). In such studies, the animals are trained
to carry out a task (for example, pressing a lever to obtain
food pellets) and exposed to microwave energy. At suffi-
cient exposure levels, the animals stop performing the
assigned task and begin a different behavior, typically one
associated with thermoregulation (in rats, spreading sal-
iva on the tail). The threshold SAR for behavioral disrup-
tion is approximately 4W/kg in several species (several
times the natural rate of heat generation in these ani-
mals), and does not vary greatly with frequency (Table 3).
The effect is reversible (i.e., no lasting effects are observed
in the animals after the exposure is terminated). Conse-
quently, it is not considered deleterious, although expo-
sures that are sufficient to produce behavioral disruption
are undoubtedly close to those that would be thermally
injurious if sustained for sufficient lengths of time.

6.5. Mobile Phones and Health

The hazards discussed above are principally (if not exclu-
sively) thermal in nature, and require high exposure
levels. Much public and legal controversy has concerned
the possibility of hazards from use of mobile telephones or
living near cell base stations. The exposure levels encoun-

tered in these two situations are very different, but both
are far below any threshold for a thermal hazard.

Certainly the most visible public issue has been the
possibility that use of mobile telephones can cause brain
cancer. Since the issue was first raised (by a nonscientist
on a U.S. television show in 1992), about a dozen epide-
miology studies have been completed, together with sev-
eral long-term animal studies designed as cancer assays.
The results so far have failed to identify a link between
use of mobile telephones and cancer. A review of the
literature published in 2003 found that ‘‘the epidemiolo-
gical results fall short of the strength and consistency of
evidence that is required to come to a conclusion that RF
emissions are a cause of human cancer’’ (27). However,
because of numerous technical limitations in the studies,
the same author concluded that the studies ‘‘cannot be
unequivocally interpreted in terms of cause and effect’’
(i.e., do not give confidence that there is no effect). In
particular, given the long time required for brain tumors
to develop (years to decades may pass between initiation
and clinical diagnosis), the studies completed to date have
only limited ability to address the question of possible
long-term effects from use of a mobile telephone.

A number of studies have been conducted to address
possible health effects of mobile phones or base stations
other than cancer. (One database of studies maintained by
the World Health Organization lists more than 1100
recently completed or ongoing studies; see http://
www10.who.int/peh-emf/emfstudies/database.cfm.)

These studies have resulted in a variety of effects being
reported (mostly from the use of mobile phone handsets)
on neurological function, response time, sleep, and other
functions in human subjects. However, the effects have
generally been small with no clear health significance.
Reviews of the issue by a number of expert committees
have concluded that no convincing evidence exists for a
hazard from mobile phones or their base stations, but also
that numerous open questions still remain. (For some of
these reports, together with their links to the Internet, see
‘‘Further Reading’’ near the end of this chapter.)

7. OTHER BIOLOGICAL EFFECTS IN HIGHER ORGANISMS

After a half century of research, the literature on biologi-
cal effects of RF energy is vast and heterogeneous. One
now-outdated book (1987) included nearly 700 pages of
descriptions of hundreds of studies related to biological
effects of RF energy (13). The studies included a large
number of in vitro (cellular) studies, as well as animal
studies that examined reproductive, developmental, ther-
moregulatory, neurophysiological, behavioral, cardiovas-
cular, neuroendocrine, immune system, and hematological
endpoints, among others.

Most of these reported effects, as well as effects re-
ported in more recent studies, involved exposures at levels
above present U.S. and European exposure limits, and are
presumably thermal in origin. A smaller number of stu-
dies have reported effects at much lower exposure levels,
which the investigators considered ‘‘nonthermal.’’ How-
ever, when considering these studies, the characterization
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of effects as ‘‘thermal’’ or ‘‘nonthermal’’ is uncertain.
Comparatively few of these studies were sufficiently well
designed to directly separate thermal from nonthermal
effects, and few reported effects have been sufficiently well
explored for their mechanisms to be understood in any
event. While many studies completed in recent years have
been well done, others have not, and much inconsistency
remains.

8. TWO MAJOR WESTERN EXPOSURE LIMITS

Government and nongovernment agencies throughout the
world have established guidelines for human exposure to
electromagnetic fields. The rationale for two major wes-
tern limits [Institute of Electrical and Electronics Engi-
neers (IEEE) standard C95.1-1999 (28) and the
International Commission on Non-Ionizing Radiation Pro-
tection (ICNIRP) guideline (14)] are presently considered.
The IEEE limits are undergoing revision, with a new
edition anticipated in 2006.

The standards are complex, and readers should refer to
the original documents for authoritative statements of the
limits. They have similar rationales but differ in many
particulars. ICNIRP limits include ‘‘basic restrictions,’’
which are limits on absorbed power (or other measures
of internal field) based directly on adverse health effects,
and ‘‘reference levels,’’ which are limits on external field
strength designed to ensure that the basic restrictions are
not exceeded.

Each standard has two tiers: for ‘‘controlled’’ and ‘‘un-
controlled’’ environments (IEEE) or for occupational
groups and the general public (ICNIRP). The ‘‘controlled’’
limits in IEEE C95.1 are intended for environments in
which the exposed subjects are aware of the potential for
exposure, and correspond roughly to occupational expo-
sure guidelines in ICNIRP.

8.1. Limits to Whole Body SAR

Both the IEEE and ICNIRP limits are designed to limit
the whole body average SAR to 0.4W/kg (‘‘controlled’’ or
occupational) or 0.08W/kg (‘‘uncontrolled’’ or general pub-
lic limits). The rationale, as described in ICNIRP, is:

‘‘Established biological and health effects in the frequency
range from 10MHz to a few GHz are consistent with responses
to a body temperature rise of more than 11C. This level of
temperature increase results from exposure of individuals

under moderate environmental conditions to a whole body
SAR of approximately 4Wkg� 1 for about 30minutes. A whole
body average SAR of 0.4Wkg� 1 has therefore been chosen as
the restriction that provides adequate protection for occupa-
tional exposure. An additional safety factor of 5 is introduced
for exposure of the public, giving an average whole body SAR
limit of 0.08W kg�1’’ (14).

The IEEE and ICNIRP limits are compared for one
exposure situation (general public for ICNIRP; uncon-
trolled environments for IEEE) in Fig. 8. The antenna
resonance of the human body at 70MHz accounts for the
lower limits near that frequency in both limits.

8.2. Limits to Partial Body SAR

For the head and trunk, ICNIRP limits for partial body
exposures are 2W/kg (general public) and 10W/kg (occu-
pational), averaged over any 10 gram mass of contiguous
tissue. Limits elsewhere in the body are a factor of two
higher. The corresponding limits in the present IEEE limit
are 1.6W/kg and 8W/kg, averaged over 1 gram of tissue.

Table 3. Thresholds for Behavioral Disruption in Different Animals [adapted from (26)]

Species and Conditions 225MHz (continuous-wave) 1.3GHz (pulsed) 2.45GHz (continuous-wave) 5.8GHz (pulsed)

Norwegian Rat Power density SAR 10mW/cm2 128mW/cm2 20mW/cm2

2.5W/kg 5.0W/kg 4.9W/kg

Squirrel Monkey Power Density SAR 45mW/cm2 40mW/cm2

4.5W/kg 7.2W/kg

Rhesus Monkey Power Density SAR 8mW/cm2 57mW/cm2 67mW/cm2 140mW/cm2

3.2W/kg 4.5W/kg 4.7W/kg 8.4W/kg
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Figure 8. Comparison of ICNIRP (dotted line) and IEEE (solid
line) limits for general population/uncontrolled environments.
Limits for occupational groups/controlled environments are gen-
erally five times higher than for the general public/uncontrolled
environments.
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8.3. Contact Currents

The limits in these two standards are compared in Table 4.
ICNIRP limits are somewhat more restrictive, but both
sets of limits are clearly rather similar.

9. CONTROVERSIES AND UNRESOLVED ISSUES

The literature on biological effects and health hazards of
RF energy is complex and frequently inconsistent and
controversial even among scientists—which is the normal
state of affairs with scientific evidence about possible
health risks of any sort. Although the comments below
are focused on possible health risks, many of them apply
as well to claims of therapeutic benefits of RF fields at low
exposure levels.

Two main sources of controversy about possible health
risks of RF fields are:

9.1. Many Reported Biological Effects of RF Energy

Large and highly diverse literature on biological effects of
RF energy exists, representing a great many different
biological endpoints, biological targets, and exposure con-
ditions. The studies are also highly variable in quality;
many are distinctly preliminary or exploratory in nature.

Many of these studies involved exposures well above
present safety limits, and the effects they reported are
presumably thermal in origin. A relatively fewer number
of studies involved low-exposure levels (and consequently
small and subtle effects). These latter studies have often
created public and scientific controversy. On the one hand,
the reported effects suggest to many people that RF fields
are biologically active even at low-exposure levels. How-
ever, the studies typically involve endpoints that have no
clear significance to health, may be of questionable valid-
ity, or their results could not be confirmed in subsequent
follow-up studies by other investigators (29). Even experts

themselves have difficulty in interpreting much of this
literature.

9.2. Reports of Adverse Health Effects of RF Energy in
Humans at Low-Exposure Levels

A scattering of reports exist in the medical literature of
associations between adverse health outcomes and pre-
sumed exposure to RF energy. For example, one report
exists of clusters of cases of testicular cancer among police
officers using radar guns (30). One investigator has re-
ported an increase in cancer mortality in Polish soldiers,
whose job classifications suggest exposure to RF radiation,
compared with other soldiers used as controls (31). A
recent epidemiology study by a French investigator re-
ported an association between nonspecific health symp-
toms and residence near a mobile base station (32). This
last scientist, Roger Santini (Institut Natl. des Sciences
Appliquées, Lyon, France), has been one of the most
outspoken scientific proponents of the idea that low-level
exposure to RF energy does carry health risks.

Perhaps even more perplexing, the medical literature
of the former Soviet Union and its former Warsaw Pact
allies contains numerous reports of adverse health effects
in people exposed to RF energy. For example, Russian
physicians have identified a ‘‘neurasthenic’’ syndrome
among workers in radio equipment factories, which is
characterized by diverse and nonspecific symptoms such
as fatigue, anxiety, headache, and impotence (33). The
exposures to the subjects were undocumented, but almost
certainly were far below Western exposure limits.

These various reports have been a source of public
controversy about possible health hazards (or conversely,
therapeutic benefits) from exposure to low-level RF fields.
Activist groups (and a few scientists) argue that low-level
exposure to RF energy is or might be hazardous. But
health agencies have repeatedly examined the literature

Table 4. Comparison of ICNIRP and IEEE Limits for Contact Current

ICNIRP Reference Levels for Time-Varying Contact Currents from Conductive Objects

Exposure characteristics Frequency range Maximum contact current (mA)

Occupational exposure up to 2.5kHz 1.0
2.5–100kHz 0.4f

100kHz–110MHz 40
General public exposure up to 2.5kHz 0.5

2.5–100kHz 0.2f
100kHz–110MHz 20

IEEE C95.1 Standard: Limits on Induced and Contact Radiofrequency Currents

Part B: Induced and contact radio frequency currents (uncontrolled environments); limits for controlled environments are a factor of
approximately two higher

Maximum current (mA)

Frequency range Through both feet Through each foot Contact

3–100kHz 0.9 f 0.45 f 0.45 f

100kHz–100MHz 90 45 45

Note: f is the frequency in kHz.
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and found no persuasive evidence for a hazard at low-
exposure levels.

In part, this difference results from the great differ-
ences between lay and expert assessment of risk. The
evaluation of an issue such as possible health risks of RF
fields by a health agency generally involves a weight-of-
evidence assessment of all relevant evidence by a panel of
experts with a broad range of expertise. These panels
consider the technical strengths and weaknesses of indi-
vidual studies, their relevance to health, and consistency
of effects across studies. By contrast, public opinion is
influenced by media reports of individual studies, typically
accompanied by speculation about their potential health
significance. By picking and choosing among the diverse
literature in this field, and giving worst-case interpreta-
tions to studies reporting effects, one can paint a frighten-
ing picture of the hazards of RF energy. This approach is
evident in Websites of activist groups, which list diverse
collections of studies reporting effects of RF energy, while
ignoring other studies that may be more relevant to hu-
man health risks or whose results were negative.

In their reviews of the RF bioeffects literature, health
agencies in the United States and Europe have been
unpersuaded that a hazard exists at exposure levels below
international (IEEE or ICNIRP) limits. In particular, they
found the scattered reports of statistical associations
between RF exposure and disease unpersuasive, because
of lack of adequate dosimetry, inconsistencies across dif-
ferent studies, severe weaknesses in study design, lack of

supporting evidence from animal studies, and other tech-
nical problems. At the same time, they avoid unqualified
statements that exposures to such fields are ‘‘safe.’’

For example, a 1999 review by the Royal Society of
Canada concluded:

‘‘Scientific studies performed to date suggest that exposure to
low intensity non-thermal RF fields do not impair the health of
humans or animals. However, the existing scientific evidence
is incomplete, and inadequate to rule out the possibility that
these non-thermal biological effects could lead to adverse
health effects. Moreover, without an understanding of how
low energy RF fields cause these biological effects, it is difficult
to establish safety limits for non-thermal exposures’’ (34).

Similarly, the report of the Independent Expert Group on
Mobile Phones (IEGMP) concluded:

‘‘The balance of evidence to date suggests that exposures to RF
radiation below NRPB and ICNIRP guidelines do not cause
adverse health effects to the general populationyit is not
possible at present to say that exposure to RF radiation, even
at levels below national guidelines, is totally without potential
adverse health effectsy’’ (35).

9.3. Large Variations in Exposure Limits to RF Energy
Throughout the World

The underlying philosophy in setting exposure limits to
RF and microwave energy varies greatly in different

Table 5. Comparison of Five Different Exposure Limits for RF Energy at 2000MHz (Similar to that Used by Many Cellular
Telephones Throughout the World)

Country

Limit for general public
exposure to RF fields

(2000MHz) for extended
periods of exposure, W/m2

(applies to far-field exposure,
extended duration) Basis

ICNIRP (adopted in more than 30 countries worldwide) 10 Science-based

U.S. 10 Science-based
Federal Communications Commission Bulletin 65,

‘‘Evaluating Compliance with FCC Guidelines for
Human Exposure to Radiofrequency Electromagnetic
Fields’’, Washington DC 1997. (similar to IEEE C95.1-
1999)

China 0.1 Science-based
UDC 614.898.5 GB 9175-88

Russia 0.1 Science-based
Sanitary Norms and Regulations 2.2.4/2.1.8.055-96

Switzerland 0.1 Precautionary
Ordinance on Protection from Non-ionising Radiation

(NISV) of 23 December 1999 (similar limits in Italy)
Typical maximum exposure from cellular base station

with antennas 50m above ground (assuming a total
effective radiated power of 2500 watts in each sector,
sum over all channels)

0.01

The limits are for long term exposure to any member of the general population for exposures of indefinite duration.
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countries, and a corresponding large variation exists in
exposure limits. These limits can be classified as ‘‘science-
based’’ (in that they were designed to avoid identified
hazards, on the basis of detailed analysis of the relevant
scientific literature) and ‘‘precautionary’’ (not designed to
exclude particular hazards). The limits for general public
exposure to 2000MHz energy (similar to that emitted by
many mobile telephone base stations) are compared in
Table 5.

9.4. Science-Based Limits

One group of science-based limits consists of the IEEE and
NCRP limits discussed above.

A very different group of science-based limits is in effect
in Russia and most of its former Warsaw Pact allies. These
limits are far lower (as much as 100 times, if the limits are
expressed in terms of incident power density) than the
ICNIRP and the IEEE limits (as well as those of many
other western countries). The Russian standards clearly
reflect a conviction that prolonged exposure to low-level
RF fields causes health problems of many sorts. It has, so
far, proven impossible to reconcile these two sets of limits,
in part because of the brief nature of the Russian scientific
reports (many of which lack sufficient technical detail to
permit expert evaluation) and in part because of technical
limitations of the studies (which frequently do not provide
information about exposure) (36). This situation goes back
for many years and is not likely to be resolved anytime
soon.

9.5. Precautionary Limits

More recently, Italy, Switzerland, and a few other coun-
tries have adopted strict limits for RF exposure that are
even below those of Russia. To a large extent, these limits
reflect public fears about the safety of mobile telephone
masts (whose exposure levels are invariably far below
ICNIRP and other western limits). These limits are not
science-based, but are justified in terms of the precau-
tionary principle, and thus are designed to be highly
restrictive because of uncertainty about the safety of RF
energy at low-exposure levels.
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INTERNET SITES

Bioelectromagnetics Society, the major professional so-
ciety concerned with studies of possible health and safety
issues related to RF energy http://bioelectromagnetics.org.
FAQ sheets related to electromagnetic fields and health by
John Moulder at The Medical College of Wisconsin offers
comprehensive and up-to-date reviews about mobile
phones and health and other issues www.mcw.edu/gcrc/
cop/cell-phone-health-faq/toc.html.
IEEE Committee on Man and Radiation (COMAR) pre-
pares ‘‘technical information statements’’ on issues related
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to health and safety of electromagnetic fields. http://
ewh.ieee.org/soc/embs/comar/.
International Commission on Non-Ionizing Radiation Pro-
tection (ICNIRP) is an international agency that estab-
lishes exposure guidelines for electromagnetic fields
http://www.icnirp.de.

World Health Organization EMF Project offers an exten-
sive array of information including ‘‘fact sheets: about
health and safety issues related to RF energy, comparison
of international exposure limits http://www.who.int/peh-
emf/.
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1. INTRODUCTION

Diagnostic radiology has witnessed a revolution in multi-
dimensional imaging in the second half of the twentieth
century in terms of x-ray computed tomography (CT);
nuclear magnetic resonance imaging (NMRI/MRI); nu-
clear medicine, single photon emission computed tomo-
graphy (SPECT) and positron emission tomography
(PET); ultrasound computed tomography; and optical
tomographic imaging. The foundation of such and many
other multi-dimensional tomographic imaging techniques
started from a basic theory of image reconstruction from
projections that were first published by J. Radon in 1917
(1) and later explored by a number of researchers includ-
ing Cramer and Wold (2), Renyi (3), Gilbert (4), Bracewell
(5), Cormack (6), and Hounsfield (7,8) and many others for
imaging applications in many areas including medicine,
astronomy, microscopy, and geophysics (9–11). The imple-
mentation of the Radon transform for reconstructing
medical images from the data collected from imaging
instrumentation was only realized in the 1960s. In 1963,
Cormack (6) showed the radiological applications of Ra-
don’s work for image reconstruction from projections
using a set of measurements defining line integrals. In
1972, G. N. Hounsfield developed the first commercial x-

ray CT scanner that used a computerized image recon-
struction algorithm based on the Radon transform. G. N.
Hounsfield and A. M. Cormack jointly received the 1979
Nobel Prize for their contributions to the development of
computerized tomography for radiological applications (6–
8).

2. RADON TRANSFORM

Let us define a 2-D object function f ðx; yÞ and its Radon
transform by Rff ðx; yÞg. Let us use the rectangular coordi-
nate system (x,y) in the spatial domain. The Radon trans-
form is defined by the line integral

R

L along the path L
such that

Rff ðx; yÞg¼JyðpÞ¼

Z

L

f ðx; yÞdl; ð1Þ

where the projection JyðpÞ acquired at angle y in the polar
coordinate system is a 1-D symmetric and periodic func-
tion with a period of 2p. The polar coordinate system ðp; yÞ
can be expressed into rectangular coordinates in the
Radon domain by using a rotated coordinate system
ðp; qÞ that is obtained by rotating the ðx; yÞ coordinate
system (Fig. 1) by an angle y as

x cos yþ y sin y¼p

� x sin yþ y cos y¼ q:
ð2Þ

A set of line integrals or projections can be obtained for

x 

y 

q 

θ

p

θ

p

f(x,y) 

Jθ (p)

Figure 1. Line integral projection Pðp; yÞ of the 2-D
Radon transform.
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different y angles as

Rff ðx; yÞg¼JyðpÞ

¼

Z 1

�1

f ðp cos y� q sin y;p sin yþ q cos yÞdq:
ð3Þ

A higher-dimensional Radon transform can be defined
in a similar way. For example, the projection space for a 3-
D Radon transform would be defined by 2-D planes
instead of lines.

The significance of using the Radon transform for
computing projections in medical imaging is that an image
of a human organ can be reconstructed by back-projecting
the projections acquired through the imaging scanner.
Figure 2 shows an illustration of the back-projection
method for image reconstruction using projections. Three
simulated projections of two objects A and B are back-
projected into the reconstruction space. Each projection
has two segments of values corresponding to the objects A
and B. When the projections are back-projected, the areas
are of higher value because of the intersection of back-
projected projection data represents two reconstructed
objects. It should be noted that the reconstructed objects
may have geometrical or aliasing artifacts because of the
limited number of projections used in the imaging and
reconstruction processes. In the early development of first
and second generations of CTscanners, only parallel-beam
scanning geometry was used for direct implementation of
Radon transform for image reconstructions from projec-
tions. To improve the geometrical shape and accuracy of
the reconstructed objects, a large number of projections is
needed that must be acquired in a fast and efficient way.
Today, fourth-generation CT scanners use a cone-beam of
x-ray radiation and multiple rings of detectors for fast 3-D
multislice scanning. More advanced imaging protocols,
such as Spiral CT, use even faster scanning and data
manipulation techniques. Figure 3 shows a fourth-gen-
eration x-ray CT scanner to obtain projections using a
divergent cone-beam x-ray beam source that is rotated to
produce multiple projections at various angles for multi-

slice 3-D scanning. Modern CT scanners are used in many
biomedical, industrial, and other commercial applications
using a large spectrum of imaging modalities in multi-
dimensional image reconstruction space.

To establish a fundamental understanding of Radon
transform and image reconstruction from projections, only
a 2-D representation of Radon transform with image
reconstruction from projections defined through a paral-
lel-beam scanning geometry is discussed below.

The projection theorem, also called the central slice
theorem, provides a relationship between the Fourier
transform of the object function and the Fourier transform
of its Radon transform or projection.

The Fourier transform of the Radon transform of the
object function f ðx; yÞ can be written as (1,9–12)

FfRff ðx; yÞgg¼FfJyðpÞg

¼

Z 1

�1

Z 1

�1

f ðp cos y� q sin y;p sin y

þ q cos yÞe�j2popdqdp;

ð4Þ

where o represents the frequency component in the Four-
ier domain.

The Fourier transform, Sy(o) of the projection Jy(p),
can also be expressed as

SyðoÞ¼
Z 1

�1

Z 1

�1

JyðpÞe
�j2popdp: ð5Þ

From Equations 4 and 5, the Fourier transform of the
Radon transform of the object function can be written as

SyðoÞ¼
Z 1

�1

Z 1

�1

f ðx; yÞe�j2poðx cos yþ y sin yÞdxdy

¼Fðo; yÞ:

ð6Þ

Equation 6 can be considered as the 2-D Fourier transform
of the object function f ðx; yÞ and can be represented as

Projection J �2 (p)

Projection J �3 (p)

Projection J �1 (p)

Reconstruction
Space 

A

B 

Figure 2. A schematic diagram for reconstructing
images from projections. Three projections are back-
projected to reconstruct objects A and B.

2 RADON TRANSFORM



Fðu; vÞ with

u¼o cos y

v¼o sin y;
ð7Þ

where u and v represents frequency components along the
x and y directions in a rectangular coordinate system.

It should be noted that Sy(o) represents the Fourier
transform of the projection Jy(p) that is taken at an angle y
in the space domain with a rotated coordinate system
ðp; qÞ. The frequency spectrum Sy(o) is placed along a line
or slice at an angle y in the frequency domain of Fðu; vÞ.

If several projections are obtained using different va-
lues of the angle y, their Fourier transform can be com-
puted and placed along the respective radial lines in the
frequency domain of the Fourier transform, Fðu; vÞ, of the
object function f ðx; yÞ. Additional projections acquired in
the space domain provide more spectral information in the
frequency domain leading to filling-up the entire fre-
quency domain. Now the object function can be recon-
structed using 2-D inverse Fourier transform of the
spectrum Fðu; vÞ.

3. INVERSE RADON TRANSFORM

The forward Radon transform is used to obtain projections
of an object function at different viewing angles. Using the
central slice theorem, an object function can be recon-
structed by taking the inverse Fourier transform of the
spectral information in the frequency domain that is
assembled with the Fourier transform of the individual
projections. Thus, the reconstructed object function,
f
_

ðx; yÞ, can be obtained by taking the 2-D inverse Fourier
transform of Fðu; vÞ as

f̂ ðx; yÞ¼F�1fFðu; vÞg

¼

Z 1

�1

Z 1

�1

Fðu; vÞej2pðxuþ vyÞdudv:
ð8Þ

With the change of variables,

u¼o cos y

v¼o sin y:

(

Equation 8 can be rewritten with the change of variables
as

f
_

ðx; yÞ

¼

Z p

0

Z 1

�1

Fðo; yÞej2pwðx cos yþ y sin yÞjojdody:
ð9Þ

In Equation 9, the frequency variable o appears Jacobian
because of the change of variables. Replacing Fðo; yÞ with
Sy(o), the reconstruction image f

_

ðx; yÞ can be expressed as
the back-projected integral (sum) of the modified projec-
tions J�y ðpÞ as

f̂ ðx; yÞ¼

Z p

0

Z 1

�1

jojSyðoÞej2poðx cos yþ y sin yÞdody

¼

Z p

0

Z 1

�1

jojSyðoÞej2popdody¼
Z p

0
J�y ðpÞdy;

where

J�y ðpÞ¼

Z 1

�1

jojSyðoÞej2poðx cos yþ y sin yÞdo: ð10Þ

4. BACK-PROJECTION METHOD FOR IMAGE
RECONSTRUCTION

The classic image reconstruction from projection method
based on the Radon transform is popularly known as the
Back-projection method. The back-projection method has
been modified by a number of investigators to incorporate
specific data collection schemes and to improve quality of
reconstructed images. Although a number of other image
reconstruction methods, such as Fourier transform, Alge-
braic Reconstruction Techniques (ART), and statistical
estimation-based Bayesian and Maximum Likelihood
methods (11,12), have been developed for medical ima-
ging, the filtered back-projection method has been the
most widely used method for diagnostic radiological ima-
ging modalities particularly in x-ray and nuclear medicine
(SPECT and PET).

Although the object function can be reconstructed
using the inverse Fourier transform of the spectral in-
formation of the frequency domain Fðu; vÞ obtained using
the central slice theorem, an easier implementation of
Equation 10 can be obtained by its realization through the
modified projections, J�y ðpÞ. This realization leads to the
convolution-back-projection, also known as filtered-back-
projection method for image reconstruction from projec-
tions.

Ring of 
Detectors 

Source 

Source 
Rotation Path

X-rays

Object 

Figure 3. The fourth-generation x-ray CT scanner geometry.
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The modified projection J�y ðpÞ can be expressed in terms
of a convolution of

J�y ðpÞ¼

Z 1

�1

jojSyðoÞej2popdo

¼F�1fjojSyðoÞg

¼F�1fjojg � JyðpÞ;

ð11Þ

where � represents the convolution operator.
Equation 11 presents some interesting challenges for

implementation. The integration over the spatial fre-
quency variable o should be carried out from �1 to 1.
But in practice, the projections are considered to be
bandlimited, which means that any spectral energy be-
yond a spatial frequency, say O, must be ignored. Using
Equations 10 and 11, it can be shown that the reconstruc-
tion function or image, f

_

ðx; yÞ; can be computed as

f
_

ðx; yÞ¼
1

p

Z p

0
dy
Z 1

�1

dp0Jyðp
0Þhðp� p0Þ; ð12Þ

where h(p) is a filter function that is convolved with the
projection function.

Ramakrishnan and Lakshiminarayanan (9) computed
the filter function h(p) strictly from Equation 11 in the
Fourier domain as

HR�L¼
joj if joj�O

0 otherwise

( )

; ð13Þ

where HR�L is the Fourier transform of the filter kernel
function hR�LðpÞ in the spatial domain and is bandlimited.

In general, H(o), a bandlimited filter function in the
frequency domain (Fig. 4), can be expressed as

HðoÞ¼ jojBðoÞ;

where B(o) denotes the bandlimiting function

BðoÞ¼
1 if joj�O

0 otherwise

( )

: ð14Þ

For the convolution operation with the projection function
in the spatial domain (Equations 10 and 11), the filter
kernel function, H(o), can be obtained from h(p) by taking
the inverse Fourier transform as

hðpÞ¼

Z 1

�1

HðoÞej2popdo: ð15Þ

If the projections are sampled with a time interval of t, the
projections can be represented as JyðktÞ, where k is an
integer. Using the sampling theorem and the bandlimited
constraint, all spatial frequency components beyond O are
ignored such that

O¼
1

2t
: ð16Þ

For the bandlimited projections with a sampling interval
of t, Equation 15 can be expressed with some simplifica-
tion as

hðpÞ¼
1

2t2
sinðpp=tÞ

pp=t
�

1

4t2
sinðpp=2tÞ

pp=2t

� �2

: ð17Þ

Thus, the modified projection J�y ðp
0Þ and the reconstruction

image can be computed as

J�y ðpÞ¼

Z 1

�1

Jyðp
0Þhðp� p0Þdp0

f
_

ðx; yÞ ¼
p
L

X

L

i¼ 1

Jyi ðpÞ;

ð18Þ

where L is the total number of projections acquired during
the imaging process at viewing angles yi; for i¼ 1; . . . ;L.

The quality of the reconstructed image depends heavily
on the number of projections and the spatial sampling
interval of the acquired projection. For better quality
images to be reconstructed, it is essential to acquire a
large number of projections covering the entire range of
viewing angles around the object. Higher resolution
images with fine details can only be reconstructed if the
projections are acquired with a high spatial sampling rate
satisfying the basic principle of the sampling theorem. If
the raw projection data is acquired at a sampling rate
lower than the Nyquist sampling rate, aliasing artifacts
would occur in the reconstructed image because of the
overlapping spectra in the frequency domain. The fine
details in the reconstructed images represent high-fre-
quency components. The maximum frequency component
that can be reconstructed in the image is thus limited by
the detector size and the scanning procedure used in the
acquisition of raw projection data. To reconstruct images
of higher resolution and quality, the detector size should

H(ω) 

1/2τ-1/2τ

1/2τ

ω

Figure 4. A bandlimited filter function H(o).

4 RADON TRANSFORM



be small. On the other hand, the projection data may
suffer from poor signal-to-noise ratio if an insufficient
number of photons collected by the detector exist because
of its smaller size.

Several variations exist in the design of the filter
function H(o) investigated in the literature. The acquired
projection data is discrete in the spatial domain. To
implement the convolution-back-projection method in
the spatial domain, the filter function has to be realized
as discrete in the spatial domain. The major problem of
the Ramachandaran–Lakshiminarayanan filter (9) is that
it has sharp cutoffs in the frequency domain at o¼ 1=2t
and o¼ � 1=2t as shown in Fig. 4. The sharp cutoffs-
based function provides sinc functions for the filter in the
spatial domain, as shown in Equation 16 causing modu-
lated ringing artifacts in the reconstructed image. To
avoid such artifacts, the filter function must have smooth
cutoffs such as those obtained from Hamming window
function. A bandlimited generalized Hamming window

can be represented as

HHammingðoÞ¼ joj½aþ ð1� aÞ cosð2potÞ�BðoÞ

for 0�a�1;
ð19Þ

where the parameter a can be adjusted to provide appro-
priate characteristic shape of the function.

The Hamming window-based filter kernel function
provides smoother cutoffs, as shown in Fig. 5. The Ham-
ming window-based convolution function provides
smoother function in the spatial domain that reduces the
ringing artifacts and improves signal-to-noise ratio in the
reconstructed image. Other smoothing functions can be
used for reducing ringing artifacts and improving the
quality of the reconstructed image (11,12).

Figure 6(a) shows a reconstructed image of a cross-
sectional slice of chest of a cadaver using the Radon
transform-based back-projection method. The actual
pathologically stained slice of the respective cross section
is shown in Fig. 6(b).
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1. INTRODUCTION

For over a half century, the Fourier transform (FT) has
been significantly used to elicit periodicities or patterns in
temporally or spatially ordered data, which has been
especially true with respect to the unraveling of compli-
cated biological time series variables such as electroence-
phalograms, electromyograms, and electrocardiograms. It
is not trivial to say that many consider it one of the most
important tools ever developed in science and engineering.
For all its achievements, it does have some limitations,
which, when not considered, may produce spurious re-
sults. Specifically, the transform is linear, assumes statio-
narity, and works best with relatively long datasets. Thus,
data that fail in any of these assumptions may provide less
than adequate results. To be sure, efforts, such as the
Wigner transform and wavelets, have been introduced to
overcome some of these difficulties.

A more recent effort to overcome the drawbacks is
recurrence quantification analysis (RQA), an attempt to
objectively analyze recurrence plots (RPs). Natural pro-
cesses can have a distinct recurrent behavior (e.g., peri-
odicities) but also irregular cycles. Moreover, the
recurrence of states (i.e., states that become arbitrarily
close to each other after some time) is a fundamental
property of dynamic systems and is typical for nonlinear
or chaotic systems.

2. HISTORICAL REVIEW

Eckmann et al. (1) introduced RPs, which can visualize
the recurrence of states X i in a phase space. Usually, a
phase space has a dimension (two or three) that allows it
to be pictured. Higher dimensional phase spaces, however,
can only be visualized by projection into two- or three-
dimensional subspaces. However, Eckmann et al. pro-
posed a graphic method that allows for an analysis of m-
dimensional phase space trajectories by means of a two-
dimensional representation of its recurrences.

The notion of a recurrence is simple: For any ordered
series (time or spatial), a recurrence is simply a point that
repeats itself. In this respect, the statistical literature
points out that recurrences are the most basic of relations
(2), and it is important to reiterate the fact that calcula-
tion of recurrences, unlike other methods, such as Fourier,
Wigner, or wavelets, requires no transformation of the
data and can be used for both linear and nonlinear
systems. Because recurrences are simply tallies, they
make no mathematical assumptions. Given a reference

point, X0, and a ball of radius r, a point is said to recur if

BrðX0Þ ¼ fX ; jjX �X0jj�rg: ð1Þ

A trajectory of size N falling within BrðX0Þ is denoted as

S1¼fXt1;Xt2; . . . ;Xti; . . .g ð2Þ

with the recurrence times defined as

T1ðiÞ¼ tiþ 1 � ti; i¼1; 2; . . . ;N: ð3Þ

If the dynamics is stationary, the reference point can be
chosen arbitrarily, which in most biological contexts,
cannot be assumed, yet this very condition is revealed by
contextual changes seen in a plot of recurrences.

3. RECURRENCE PLOTS

Given a scalar times series fxðiÞ¼ 1; 2; 3; . . .g, an embed-
ding procedure will form a vector,
X i¼ ðxðiÞ; xðiþLÞ; . . . ; xðiþ ðm� 1ÞLÞÞ with m the embed-
ding dimension and L the lag. fX i¼ 1; 2; 3; . . . ;Ng then
represents the multidimensional process of the time series
as a trajectory in m-dimensional space. Recurrence plots
are symmetricalN�N arrays in which a point is placed at
ði; jÞ whenever a point X i on the trajectory is close to
another point X j. The closeness between X i and X j is
expressed by calculating the Euclidian distance between
these two normed vectors (i.e., by subtracting one from the
other) jjX i � X jjj�r where r is a fixed radius. (Other norms
such as the min or max can also be used.) If the distance
falls within this radius, the two vectors are considered to
be recurrent, which can graphically be indicated by a dot.

An important feature of such matrices is the existence
of short line segments parallel to the main diagonal, which
correspond to sequences ði; jÞ; ðiþ 1; jþ 1Þ; . . . ; ðiþ k; jþ kÞ,
such that the piece of X j;X iþ 1; . . . ;X iþ k is close to
X i;X iþ 1; . . . ;X iþ k in series that are deterministic. The
absence of such patterns suggests randomness. Thus,
recurrence plots simply correspond to the distance matrix
between the different epochs (rows of the embedding
matrix) filtered, by the action of the radius, to a binary
0/1 matrix having a 1 (dot) for distances falling below the
radius and a 0 for distances greater than radius (Fig. 1).
Distance matrices are demonstrated to convey all the
relevant information necessary for the global reconstruc-
tion of a given system, and thus represent an exhaustive
representation of the studied phenomenon.

4. RECURRENCE QUANTIFICATION

As graphical representation may be difficult to evaluate,
given the vagaries of computer screen and printer resolu-
tion, RQA was developed to provide objective quantifica-
tion of important aspects revealed by the plot. Recurrent
points that form diagonal line segments are considered to
be deterministic (as distinguished from random points
that form no patterns). Unfortunately, beyond general
impressions of drift and determinism, the plots of them-
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selves provide no quantification. Zbilut and Webber and
Webber and Zbilut (3,4) developed several strategies to
quantify features of such plots originally pointed out by
Eckmann et al. Hence, the quantification of recurrences
leads to the generation of descriptive variables including
REC (percent of plot filed with recurrent points); DET
(percent of recurrent points forming diagonal lines, with a
minimum of two adjacent points); ENT (Shannon informa-
tion entropy of the line length distribution); Lmax, length of
longest line segment [the reciprocal of which is an approx-
imation of the largest positive Liapunov exponent and is a
measure of system divergence, (DIV) (5)]; and TREND
(measure of the paling of recurrent points away from the
central diagonal). Subsequently, Marwan et al. suggested
LAM as a measure of vertical line segments and TT as the
average length of vertical line segments (6). Table 1
summarizes the commonly used recurrence variables.

When one needs to appreciate eventual changes in the
autocorrelation structure at the level of single element of
the series, it is not possible to rely solely on the ‘‘holistic’’
summaries given by the direct application of RQA to the
global sequence. In this case, use is made of a ‘‘windowed’’
version of RQA, such that for a time series ðs1; s2; . . . ; snÞ,
where ðsj¼ jtsÞ and ts¼ sampling time. For an N point
long series,

E1¼ ðs1; s2; . . . ; snÞ

E2¼ ðs1þw; s2þw; . . . ; snþwÞ

E3¼ðs1þ2w; s2þ 2w; . . . ; snþ 2wÞ

..

.

Ep¼ ðs1þ ðp�1Þw; s2þ ðp�1Þw; . . . ; snþ ðp�1ÞwÞ;

ð4Þ

with w¼ the offset, and the number of epoches (windows),
Ep, satisfies the relation Nþ ðp� 1Þ�n; which can provide

a localization of times series state changes comparable to
wavelets.

The data obtained can also be used to obtain estima-
tions of local Liapunov exponents, information entropy, or
simply plotted as Nrecurrences vs. period (i.e., a histogram of
recurrence times). In the case of histograms, strictly
periodic points demonstrate instrumentally sharp peaks;
whereas chaotic or nonlinear systems reveal more or less
wider peaks depending on the radius chosen and noise
effects. The histogram of the distribution of recurrence
times gives a sort of ‘‘nonlinear’’ analogue of a Fourier
power spectrum and can be profitably used to derive
scaling profiles of the studied systems (Fig. 2). RQA can
also be combined with other statistical techniques. Table 2
summarizes these features which can be seen in Fig. 1.

Subsequently, Zbilut and Webber (7) expanded the
method of recurrence plot to the method of cross recur-
rence plot, which compares the dynamic behavior of two
time series, which are embedded in phase space. Here, two
time series are simultaneously embedded in the phase
space. The test for closeness of each point of first trajectory
X iði¼ 1; . . . ;MÞ with each point of second trajectory
Y jðj¼1; . . . ;MÞ results in a M�M-array
CRi;j¼ yðe� jjX i � Y jjjÞ-the cross recurrence plot. Long
diagonal structures show similar phase space behavior
of both time series.

5. DETERMINING PARAMETERS

As has been emphasized, RQA is useful for understanding
nonstationary time series. Yet, because a given system
may be changing state (i.e., the relevant degrees of free-
dom may change), the choice of m, L, and r can become
confounding. Unfortunately, most algorithms for such
choices are based on computer simulations of well-known,
stationary examples. Typically, however, human systems
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Figure 1. Times series of electromyogram (top),
and its recurrence plot (bottom).
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are rarely stationary, and often exhibit rather sudden
changes of state. Nonetheless, some guidelines can be

established based on available research and a careful
consideration of the import of nonstationarity.

Table 1. Commonly Used Recurrence Variables

Measure Definition

Recurrence, REC Percentage of recurrence points in an RP, REC¼ð1=N2Þ
PN

i;j¼1 Ri;j

Determinism, DET ePercentage of recurrence points that form diagonal lines,
DET¼

PN
l�lmin

lPðlÞ
� �

=
PN

i;j Ri;j

� �

P(l) is the histogram of the lengths l of the diagonal lines.
Laminarity, LAM Percentage of recurrence points that form vertical lines,

LAM¼
PN

v¼ vmin
vPðvÞ

� �

=
PN

v¼1 vPðvÞ
� �

P(v) is the histogram of the lengths v of the vertical lines.
Ratio, RATIO Ratio between DET and RR, RATIO¼N2

PN
l¼ lmin

lPðlÞ
� �

=
PN

l¼ 1 lPðlÞ
� �2

Averaged diagonal line length, LEN Average length of diagonal lines, LEN¼
PN

l¼ lmin
lPðlÞ

� �

=
PN

l¼ lmin
PðlÞ

� �

Trapping time, TT Average length of vertical lines, TT¼
PN

v¼ vmin
vPðvÞ

� �

=
PN

v¼ vmin
PðvÞ

� �

Longest diagonal line, Lmax Length of the longest diagonal line, Lmax¼ maxðfli; i¼1 . . .NlgÞ

Longest vertical line, Vmax Length of longest vertical line, Vmax¼ maxðfvl; l¼1 . . .LgÞ
Divergence, DIV Inverse of Lmax, DIV¼1=Lmax

Related to the largest positive Liapunov exponent, but does not correspond to it.
Entropy, ENT Shannon entropy of the distribution of the diagonal line lengths pðlÞ, ENT¼ �

PN
l¼ lmin

pðlÞ lnpðlÞ

Trend, TREND Paling of the RP towards its edges,
TREND¼

PN�2
i¼1 ½i� ðN � 2Þ�½RECi � hRECiiÞ=

PN�2
i¼1 ½i¼ðN � 2Þ=2�2
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Figure 2. Comparison of FT (b and e) with recurrence analysis (c and f) for ECG (a) and sine wave
(b).
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5.1. Choice of Embedding

In the context of nonstationarity, the notion of a ‘‘correct’’
embedding or delay is inappropriate, as has been pointed
out by Grassberger et al. (8). Instead, it becomes impor-
tant to remember that a sufficiently large embedding be
chosen that will ‘‘contain’’ the relevant dynamics (as it
may change from one dimension to another) as well as
account for the effects of noise, which tend to inflate
dimension. No clear guidelines exist relative to this ques-
tion, except from what can be inferred from studies of
noise. In this respect, Ding et al. (9) have indicated that
noise will tend to require higher dimensions, even in the
case of stationary dynamics. Gao and Cai (10) have
studied this question in the context of a noisy Lorenz
attracter and concluded that an embedding of 6 is required
to provide reasonable clarification of the dynamics. Heg-
ger et al. (11) justifies the approach we have used for some
time, namely, to ‘‘overembed.’’ Care, however, must be
taken to ensure that the system is not excessively noisy,
because embedding will amplify such noise to the detri-
ment of the real dynamics. As a practical matter, it is often
difficult a priori to determine relevant degrees of freedom
and strength of noise. A heuristic response to the problem
would embed the time series in a relatively high dimen-
sion (say 20–25), and then progressively decrease the
embedding while observing the behavior of the RP. If
there is minimal change, the decrease is continued until
there is an obvious change in the character of the plot.
Presumably, minimal changes are a result of noise and the
effects of the ‘‘curse of dimensionality’’ (i.e., the shortening
of distances in high dimensions with resulting ‘‘false
nearest neighbors’’) (10). However, major topological
changes should not result unless the embedding is insuffi-
cient. Thus, it would seem to be prudent to stop decreasing
embedding when such an obvious change occurs. Adding a
few dimensions to this minimum would ensure against
such vagaries as local changes (especially when window-
ing is used). Because of the high complexity of human
systems, we have empirically embedded in 10. Again, care
must be taken to ensure that the system is not excessively
noisy, since embedding will amplify such noise to the
detriment of the real dynamics.

5.2. Choice of Lag

Choice of lag is governed by similar considerations. As a
system changes from one dimension to another, the effects
of the lag are perforce changed. Thus, a so-called ‘‘optimal’’
lag in one embedding becomes less so as the relevant
dimension changes.

Although there have been numerous proposals for
choice of lag, chief among them the first local minimum
of the autocorrelation or mutual information, they all are
presented with the assumption of stationarity (12). What
would appear to be more important is an understanding of
the data acquisition apparatus (typically A/D), as well as
the system studied. Specifically, what is the sampling, the
bandwidth, the precision, the nonlinearity?

As no fully developed theory of nonlinear systems
exists, as there is for linear systems, the problem would
seem to be complex, which is to say that a nonlinear
system is often sampled by guidelines developed for linear
systems (i.e., the sampling theorem). Such a strategy may
miss important nonlinear dynamics, unless preliminary
evaluation is based on ‘‘oversampling.’’ As a matter of fact,
the delay reconstruction theorem indicates that practi-
cally any delay is appropriate. In practice, actual sampling
determines whether a nonlinear system is sufficiently
sampled to capture the important dynamics. Thus, it
would seem to be reasonable to ‘‘over’’ sample a system
to determine if there are important small, but putatively
significant, features in the times series. Clearly, however,
care must be made to balance this need for adequate
sampling against the possibility of introducing greater
amounts of noise associated with a larger bandwidth.

Once this has been determined, use of autocorrelation
or mutual information as a guide may provide a recon-
struction that may maximally ‘‘unfold’’ the dynamics
while keeping in mind the limitations. (An alternative
would be to ramp up the embedding and delay and check if
the number of recurrences plateau; but this most likely
would not happen in the case of nonstationarity.) If the
embedding is high enough to contain the nonstationary
dynamics and the lag constant, the change in recurrences
simply fulfill the objective of identifying state changes.
The critical point is that the method of choice of lag be
consistent for a given method of data acquisition.

Table 2. Recurrence Plot Features

Recurrence Plot Feature Interpretation

Homogeneity Stationary process
Fading to the upper left and lower right corners Nonstationarity; the process contains a trend or drift
Disruptions (white bands) Nonstationarity; some states are rare or fare from the normal; transitions may

have occurred
Periodic patterns Cycles; the time distance between periodic patterns (e.g., lines) corresponds to

the period
Single isolated points Heavy fluctuation in the process—may be a random process
Diagonal lines (parallel to the line of identity) The evolution of states is similar at different times, and suggest a deterministic

process
Diagonal lines (orthogonal to the line identity) The evolution of states is similar at different times but with inverse time
Vertical and horizontal lines/clusters Some states do not change or change slowly for some time (laminar states)
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5.3. Choice of Radius

The object of RQA is to view the recurrences in a locally
defined (linear) region of phase space. Practically speak-
ing, however, because of intrinsic and extrinsic noise, too
small a value of r results in quantification of the noise
only; whereas too large a value captures values that can
no longer be considered recurrent. To get to the proper
dynamics, a strategy is to calculate DET for several
increasing values of r and to plot the results on a log-log
plot to determine a ‘‘scaling’’ region (i.e., where the
dynamics are found). The beginning of a linear region
would indicate an appropriate radius.

If the data are extremely nonstationary, a scaling
region may not be found. The guide is then the percent
recurrence. A critical factor is that sufficient numbers of
recurrences exist so as to make sense for computation of
the other variables. A value of approximately 1% recur-
rence tends to fulfill this criterion. Further verification
can be obtained from an inspection of the recurrence plot;
too sparse a matrix suggests a modest increase. Windowed
RQA is especially informative. If a given window fails to

achieve 1% recurrence, the radius should be increased or
the window enlarged.

It should be noted that the choice of radius is depen-
dent on different scaling choices (i.e., whether (1) the data
are expressed in the original units of the series; (2) a
radius scaled for the average distance between all the
elements of the matrix is used; or (3) a radius normalized
by the maximum distance is used. Although these choices
are obviously neutral for single series, they are important
in comparing different types of signals (e.g., ECG and
related breathing rates).

5.4. Statistical Considerations

Although each of the RQA variables can be used for
customary statistical tests (ANOVA, etc.), the variables
can be, in turn, subjected to additional statistical manip-
ulations. Especially useful is to submit them to a principal
components analysis that can identify unique features
derived from several of the variables. Discriminant ana-
lysis can also be informative.
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6. UTILITY

Numerous articles substantiating the utility of RQA in
physiological signal processing and time series analysis
have been documented, especially in circumstances where
standard methods are found to be wanting. These have
included applications with respect to electrocardiograms,
heartbeat intervals, atrial and ventricular electrograms,
blood pressure, electromyograms, neuronal dynamics, re-
spiratory dynamics, electroencephalograms, papillary dy-
namics, otoacoustic emissions, molecular dynamics
simulations, protein folding, and ecosystems. The example
for protein folding highlights the fact that RQA need not
be confined to time series—any ordered series can be
studied, which includes amino acids in proteins and
DNA sequences. Examples are listed in the further read-
ing list.

6.1. Examples

The following example demonstrates the utility of RQA to
provide excellent detail relative to periodicities in a time
series. Specifically, ventricular fibrillation is often naively

described as having a ‘‘chaotic’’ pattern. As many investi-
gators know, however, this is not necessarily the case;
voltage patterns exist, but because the time series is
nonstationary, it is often difficult for the FT to demon-
strate this. Figure 3 displays a recurrence histogram
obtained from the surface electrocardiogram of a human
subject experiencing ventricular fibrillation. A 2048-point
FT was not able to resolve more than one significant peak
(not shown). What is noteworthy are the relatively clear
four major peaks (95% confidence intervals). Additionally,
the RQA variables demonstrated that they could better
classify ventricular arrhythmias as compared with the FT
when subjected to a logistic discriminant analysis (13).

Another simple example demonstrates how the wind-
owed version can help identify particular features in a
time series: An experiment was performed using a ‘‘ma-
nipulandum’’ (i.e., a device that allows the recording of
arm movement in the horizontal plane with the elbow
being the pivot). The motion describes an arc and, of
course, a sine wave in the digitized time series. At the
end of each arc, a brief singular pause exists that is very
difficult to identify. Figure 4 demonstrates the windowed
RQA results for the maxline ðLmaxÞ variable. Although the
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data were filtered, a divergence of the variable, identifying
the pause, can be clearly seen.

7. CONCLUSIONS

Although the temptation to dismiss linear techniques in
the analysis of biological signals exists, this would be
unfortunate. In many circumstances, methods such as
the FT can be very useful when there is a large, clear
effect. However, when nonstationarities or nonlinearities
exist, such as are often encountered in biological signals,
which result in important but perhaps subtle effects,
methods such as RQA should be considered. The advan-
tage of RQA and the basis of its wide applicability is its
simplicity. RQA requires no mathematical assumptions
and needs only to count similar events in an embedded
space.
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1. INTRODUCTION

Rehabilitation biomechanics is a field of study that ad-
dresses the impact of disability and the effectiveness of
rehabilitation therapies and interventions on perfor-
mance. Engineering and physics principles are applied
to evaluate and treat deficits in motor performance,
thereby reducing the risk of injury posed on body tissues,
and maximizing efficiency of task performance. In rehabi-
litation, the tasks analyzed relate most often to activities
of daily living and work-related activities that are of the
utmost importance to maximize quality of life and invol-
vement. Rehabilitation biomechanics has evolved through
multidisciplinary collaborations between researchers and
clinicians in the areas of physical and occupational ther-
apy, exercise physiology, engineering, physics, ergonomics,
kinesiology, and medicine. Biomechanical assessments in
rehabilitation are often still performed in specialized
research laboratories; however, many research tools
have worked their way into the clinical environment in
recent years, as measurement systems have become more
automated and more powerful, thus requiring less engi-
neering expertise. Examples include isokinetic torque
measurements to assess strength; 2-D and 3-D motion
analysis to assess gait (walking), lifting, and movement
ability and efficiency; force platforms to measure sitting
and standing balance; and electromyography to measure
muscle activities.

The use of biomechanics in rehabilitation is discussed
in the context of functional assessment, therapeutic inter-
ventions, and devices including wheelchairs, orthotics,
and prosthetics. Although a broad range of patient popu-
lations who benefit from rehabilitation biomechanics ex-
ists, it is only feasible to discuss a few sample analyses in

this section. As such, the aim is to provide the reader with
a general overview of rehabilitation biomechanics, using
examples from the literature to illustrate key points. The
topics discussed below include kinematic, kinetic, and
energetic analyses of human movement in healthy and
aging individuals and in individuals with musculoskeletal
and neurologic impairments. This review is by no means
all-inclusive, and the reader is encouraged to review
specific examples from the published literature in their
area of particular interest for further information.

Biomechanical evaluations are often used by clinicians
and researchers in rehabilitation as a quantitative tool for
objective assessment of human performance during essen-
tial tasks such as ambulation, reaching, lifting, pushing/
pulling, and job-related tasks (e.g., typing, driving, stand-
ing, sitting, kneeling). In addition, biomechanical evalua-
tions assess the potential risk for developing an acquired
disability (e.g., repetitive strain injury, hip fracture, rup-
tured ligaments/tendons) as a result of performing tasks
that may be stressful to certain tissues. Moreover, biome-
chanical evaluations can be used to suggest strategies for
regaining equilibrium during gait when balance is chal-
lenged by environmental hazards (e.g., slip or fall event).
Biomechanical evaluations are often performed repeat-
edly over a period of time to monitor an individual’s
progress (e.g., after a surgical or exercise intervention).

As an example, consider a person with diabetic neuro-
pathy and foot deformity who presents with early signs of
ulceration. Possible solutions are custom-designed shoes
or inserts (foot orthoses) that are custom-molded to the
foot and provide pressure relief. A number of materials
and designs of inserts are available. For determining
which orthoses unequivocally provides the most effective
pressure relief, a biomechanical evaluation is conducted.
Several types of inserts are custom-molded for the indivi-
dual and pressure-sensing film is placed in the indivi-
dual’s shoe for measuring the pressure on the plantar
surface of the foot. To examine alterations in gait as a
result of the orthosis, a motion analysis system is set up to
record whole body movement as the person walks several
meters in the clinic. The evaluation is also repeated with-
out the foot orthoses for comparison. Pressure distribu-
tions are compared between each orthoses (and without)
as well as gait parameters such as foot angle, stride
length, and step width. After selecting the optimal foot
orthosis, adjustments may be made and a second biome-
chanical evaluation conducted to ensure the best fit. In
addition, it is helpful to conduct another evaluation after a
period of time has passed to monitor the wear properties of
the orthosis.

Direct observation of the individual performing a task
and a clear understanding of the problem is the first step
of a biomechanical evaluation. Astute observers gather
details about the problem through personal interviews
and questionnaires. This information is used to determine
the biomechanical variables that will accurately describe
the situation to be analyzed. The advantage of a biome-
chanical evaluation lies in the unbiased measurement of
key variables that are used to define task performance.
Commercial and custom measurement tools that are cap-
able of recording body movements (position and speed),
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applied forces and torques, pressure distribution, and
muscle activation patterns are used to collect the key
measures. Accurate and reliable measures are required
to assess the efficacy of intervention strategies or make
comparisons. Thus, it is important to use systems that
have been properly calibrated and provide signals that are
conditioned to minimize the effects of noise and artifacts.

Once the measures have been collected, the next step of
the biomechanical evaluation is the data analysis process,
which entails data conditioning and calculation of key
variables. Data conditioning entails taking the raw sig-
nals and filtering, smoothing, or interpolating to eliminate
noise or error in the signals. Using the processed signals,
general variables describing the task are computed such
as work, power, and joint ranges of motion. Biomechanical
models are effective tools that combine measures (e.g.,
kinematic and kinetic) to determine loading responses on
joints, tissues, and bones. Inverse dynamic models esti-
mate net muscle joint moments and forces using a me-
chanical link-segment model containing known values of
externally applied force, body movements, and anthropo-
metric data. Direct dynamic models estimate the position,
velocity, or acceleration of the body or segment(s) when
internal forces and torques are known. Finite element
analyses are also gaining popularity in rehabilitation
biomechanics applications to determine stress and strain
on body segments, joints, and devices.

Interpretation of the measures and key variables is the
final step. Individual characteristics, such as gender, age,
and body weight, can help with interpretation of the
biomechanical findings. For example, research studies
have shown distinct differences in the way that men and
women walk and their susceptibility to injuries. The
anterior cruciate ligament (ACL) is the primary structure
within the knee that resists anterior movement of the
tibia with respect to the femur, and provides restraint to
varus (i.e., bow-legged)/valgus (i.e., knock-kneed) angula-
tion when the knee is fully extended. Females are 2 to 8
times more likely than males to sustain an ACL injury (1).
To determine the reasons behind the discrepancy in in-
cidence rates between the genders, numerous biomecha-
nical studies have been performed to compare body
movement patterns and neuromuscular characteristics
between males and females in functional tasks such as
landing from a jump and performing a running and
cutting maneuver (2–5).

The next section describes the methods commonly used
in rehabilitation biomechanics, followed by clinical exam-
ples that employ these methods, limitations of these
methods, and future direction of rehabilitation biomecha-
nics.

2. METHODS ON REHABILITATION BIOMECHANICS

Measurement in rehabilitation biomechanics is the quan-
tification of variables related to human movement. More
specifically, measures are collected on the position of the
body and individual body segments (kinematics) and the
forces that cause or result from the motion (kinetics).
Additional measures of energy expenditure, muscle acti-

vation, and pressure distribution may also be useful for
studying problems in rehabilitation.

2.1. Kinematics

2.1.1. Definition. Kinematics is the study of motion
independent of forces. Kinematic variables in rehabilita-
tion may include linear and angular displacements, velo-
cities, and accelerations. Position data are typically
recorded from anatomical landmarks, limb centers of
mass, and pertinent points on any surfaces or devices
that the person is interacting with. Kinematic data are
either related to a fixed point (e.g., on the floor in a
laboratory or clinic) or relative to a point on the body or
object.

3-D motion of the body is commonly described in three
anatomical planes, frontal, transverse, and sagittal in
relation to a reference coordinate system (Fig. 1). The
right-hand rule (Fig. 2) is used to establish the direction of
each axis in the Cartesian coordinate system. It is a
conventional method in determining the orientation of
vectors in space. For application of the right-hand rule,
first the fingers lay flat and are pointed in the ‘x’ direction.
By curling the fingers inward and toward the ‘y’ direction,
the thumb sticks out, resulting in the ‘z’ direction. It is
important to note that the hand is placed so that the
fingers curl inwards following the smallest angle between
the ‘x’ and ‘y’ directions. The right-hand rule is a signifi-
cant and straightforward tool that is pertinent in deter-
mining physical characteristics specific to biomechanical
systems. An example reference coordinate system (Fig. 1)
denotes the vertical direction as ‘y’. Movement along this
axis is superior if motion occurs in the positive ‘y’ direction
and inferior if motion occurs in the negative ‘y’ direction.
The horizontal ‘x’ axis and ‘z’ axis are orthonormal to each
other and to the ‘y’ axis. Movement along the ‘x’ axis is
anterior if motion occurs in the positive ‘x’ direction and
posterior if motion occurs in the negative ‘x’ direction.
Movement along the ‘z’ axis is lateral if motion occurs in

Y

X

Z
Transverse

Frontal

Sagittal

Figure 1. The three anatomical reference planes and reference
coordinate system.
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the positive ‘z’ direction and medial if motion occurs in the
negative ‘z’ direction. Absolute angles in the x-y plane are
measured from horizontal, with positive angles increasing
counter-clockwise.

2.1.2. Measurement. Numerous methods are used to
capture kinematic data. Among these methods are goni-
ometers, accelerometers, and video and motion capture
systems. Goniometers are devices that attach to the body
to measure angular or linear position or displacement.
Goniometers consist of two arms that are connected to
each other at one end by a small pin joint. At the pivot
point is a scale that indicates the angle between the two
arms (01 to 3601). Goniometers are appropriate for mea-
suring small movements (e.g., motions of the hands and
fingers) or for measuring simple immediate relative joint
angle measures (e.g., knee flexion-extension angle). Me-
chanical goniometers are usually made of plastic and are
generally used to record a static angle between two body
segments. Electronic goniometers are sometimes used
because data can be continuously recorded during a mo-
tion and stored electronically in a computer. These devices
attach directly to a segment being measured, so care
should be taken to position them in such a way that
they do not interfere with natural movement patterns.
An advantage of electronic goniometers is that they can
measure motion in the plane of the joint regardless of
absolute position. The disadvantages of electronic goni-
ometers include difficulties with attaching the device on
the segment, hindering movement with the device, and
measuring complex joint motions. Relative angles of a
body segment with respect to a reference frame cannot be
provided, which is necessary for computation of joint
kinetics.

Accelerometers are also used to directly record accel-
eration kinematic data. Accelerometers consist of small
force transducers that incorporate a fixed mass. When
applying Newtonian mechanics, force equals mass times
acceleration, thus when a fixed mass exists, changes in

force are proportional to acceleration. Triaxial acceler-
ometers (single-axis accelerometers mounted along ortho-
gonal axes) are required to obtain 3-D components of
acceleration and resultant acceleration. Accelerometers
are best for measuring vibration or impact where large
accelerations may occur with small motions. They are
commonly used as a measure of general activity level or
total energy expenditure (6). Accelerometers can also
provide a way to analyze the stress placed on the bones
during walking and running (7). Accelerometers have
been used in gait analysis to examine walking balance
or monitor the progress of therapy (8).

For complex motions, an imaging or motion capture
system is the most appropriate means for recording kine-
matic data. Cinematographic studies involve filming the
subject using a highspeed analog or digital video and
sometimes a mirror. At least two cameras are needed for
determining 3-D motion. More cameras are necessary if
the motion is complex (e.g., twisting or turning). A refer-
ence frame containing reference points may be used for 3-
D calibration of the system. Images are recorded directly
into a computer or transferred via tape, cropped, and
digitized. Sometimes, markers are placed on the body to
help with identifying specific body landmarks in the
digitization process. After digitization, a method known
as direct linear transformation is used to obtain the 3-D
motion data (9). Cinephotography has proved to be reliable
but time-consuming because each frame of data must be
manually digitized. Computer software is now available
that can automatically obtain 3-D position coordinates
from video, but some manual techniques are still required
(e.g., cropping and clipping video). Video systems have the
advantage of being used in many different environments,
whereas other systems are limited to indoor settings only.
Video also allows for qualitative assessment of the person
performing a task.

The most popular kinematic measuring systems are 3-
D motion analysis systems that track the motion of the
body via small markers attached to anatomical land-
marks. These systems consist of multiple cameras because
each camera is only capable of tracking markers in its field
of view. A single camera is able to capture planar motion.
To calculate 3-D motion, a direct linear transformation
(DLT) technique is used to combine 2-D data from multiple
cameras to calculate 3-D marker positions. Both passive
(retroreflective) and active (light-emitting diodes, LED)
markers are available. Passive marker measurement sys-
tems use light sources placed very near each camera to
generate light, which is returned from highly reflective
markers. Active marker systems use small wired light-
emitting diodes placed directly on the subject to generate
the light that is recorded by the motion cameras. The
position of each marker is known because the LEDs are
sequentially pulsed by the control and data acquisition
software. Unlike the active marker system, the operator of
the passive marker system may need to assist the compu-
ter with marker identification. Data are collected at a
fixed sampling frequency, which should be set several
times faster than the motion being recorded. The output
of a 3-D motion analysis system may be in the form of
automatic real-time 3-D position data (x, y, and z coordi-

�
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x

z

Figure 2. Applying the right-hand rule.
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nates) and a graphical figure displaying the location of the
markers in relationship to one another.

Electromagnetic systems have become powerful tools
for collecting kinematic data in a rehabilitation setting.
They have the added advantage of recording real-time
motion without requiring line-of-sight. Electromagnetic
systems consist of a transmitter and several lightweight
receivers that are placed on body landmarks. The trans-
mitter is a triad of electromagnetic coils enclosed in a
plastic shell that emits magnetic fields. The transmitter is
the frame of reference for the receiver measurements and
is placed in a stationary location near the body. Each
receiver contains a triad of electromagnetic coils whose 3-
D position and orientation (azimuth, elevation, and roll) is
precisely measured based on distortion of the transmit-
ter’s fields. A disadvantage of this system is that ferrous
metal can interfere with the signal. In rehabilitation
settings, metal is common (e.g., wheelchairs, slings, force
plates). Also, these systems are ideal for measuring small
movements (e.g., head and arm range of motion) as
opposed to larger movements (e.g., running and jumping)
because the transmitter needs to remain in close proxi-
mity (usually within about 10 feet) for the signals to be
accurate.

The previously described measurement systems are
noninvasive with little to no risk to the patient or research
participant. However, some degree of error exists when
using noninvasive systems because of skin movement
under the markers or sensors, particularly if they are
placed on bony prominences. To examine the extensive-
ness of skin-movement error, one study compared a bone
pin-insertion method with placing sensors directly on the
skin and observed differences in scapular range of motion
calculations (10). Although this study did not find large
differences between the two methods, the range of motion
was controlled and slow. Faster and irregular movements
may result in larger skin-movement errors. Researchers
have developed processing techniques for identifying and
removing skin-movement artifact with noninvasive sys-
tems (11,12).

Advanced medical devices typically used for diagnosing
disease and injury have also been used for recording
kinematic data of intrinsic structures, including func-
tional magnetic resonance imaging video technique
(fMRI), ultrasound, fluoroscopy, and computed tomogra-
phy (CT). Unlike the motion capture and electromagnetic
systems, fluoroscopy and CT carry the risk of radiological
exposure, and fMRI is contraindicated for patients who
have metal in their body (e.g., pacemakers, rods, and
shrapnel). Magnetic resonance imaging (MRI) uses
radio-frequency signals and a strong magnetic field to
provide clear and detailed images of internal organs and
tissues. Functional MRI is capable of recording multiple
images over a period of time and has been useful for
examining intravertebral movements that otherwise
could not be observed with traditional noninvasive meth-
ods (13). MRI capabilities include accurately determining
muscle-tendon lengths over a range of motions and their
respectable moments placed on the bone. With this poten-
tial, movement abnormality in patients with cerebral

palsy, for example, can be treated and presurgical speci-
fications can be administered (14,15).

Ultrasound is a technique that uses high-frequency
sound waves and their echoes to identify soft tissue,
muscle, tendons, nerve bundles, and bone. Ultrasound
was used in a study to examine the potential cause of
carpal tunnel syndrome by monitoring position changes of
the median nerve during wrist movements (16). Fluoro-
scopy is a technique for obtaining continuous x-ray images
and is widely used clinically to diagnose digestive tract
disorders. Fluoroscopy has also been useful for analyzing
rotation and translation of the shoulder joint after arthro-
platic surgery (17). CT probably provides the most de-
tailed images in comparison with the other devices, but
the technique is limited to static images. CT has been
useful for examining bone orientation in loaded and
unloaded conditions and for determining mechanical prop-
erties of the bones needed as inputs to finite element
biomechanical models (18).

Position data can be noisy. Much of the noise that
pollutes kinematic data is of higher frequency than the
signal and can be easily removed using a suitable low-pass
filter (e.g., Butterworth, Chebychev) and cut-off frequency.
The cut-off frequency for the filter can be determined by
calculating the power spectral density estimate of the
signal using a commercial software package. A need may
also exist to apply an interpolation procedure (e.g., cubic
spline) to replace missing data points that may have
occurred from marker dropout or obstruction.

2.1.3. Interpretation and Application. Once body posi-
tion has been recorded and conditioned, further analysis is
often needed to explore associations between additional
kinematic variables and a patient’s functional status or
rehabilitation outcomes. Kinematic variables such as joint
angles, velocities, and accelerations are frequently exam-
ined to characterize task performance and injury risk.
These variables can be calculated in absolute or local
terms. The position data are recorded in absolute terms,
such that the x, y, and z marker coordinates are given
relative to some fixed point (0,0,0) in a laboratory or global
coordinate system (GCS). Absolute angles are angles
calculated directly from the recorded position data. If
markers are in line with the long axis of the bone, the
absolute angles (y) can simply be calculated using the
position data (x, y) for a marker on a proximal location on
the bone (P) and a marker on the distal location on a bone
(D) (Equation 1). The term distal refers to points on a body
segment or limb that are further from the torso and
proximal refers to points that are closer to the torso. For
example, the hand is distal to the forearm.

y¼a tan
yP � yD
xP � xD

; ð1Þ

where a tan indicates arc tangent or inverse tangent.
More meaningful to the rehabilitation professional is

the relative movement between two segments. In most
rehabilitation applications, angles are frequently com-
puted using a local coordinate system (LCS) approach.
This approach involves using the recorded position data to
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form localized coordinate systems for each body segment
and then computing the relative angles between the
segments. For example, in order to determine wrist joint
motion, a local coordinate system is formed for both the
hand and the forearm (Fig. 3).

Three noncollinear points are needed for forming a
local set of axes. For the hand, three common points of
choice are the ulnar styloid (US), radial styloid (RS), and
the third metacarpalphalangeal joint (3MP) (Fig. 4).

The first step is to create a unit vector between two of
the points. In general, the first axis is along the longest
bone (or bony parts). For the hand, the first unit vector is
formed between a point halfway between the US and RS
(point 1) and the 3MP (point 2). Equations 2, 3, and 4 are
used to create a unit vector between points 1 and 2. The
first axis of the hand in the local coordinate system is

defined as IH.

~V1�2¼ ðP1x � P2xÞ~iþ ðP1y � P2yÞ~jþ ðP1z � P2zÞ
~k; ð2Þ

k ~V1�2 k ¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ðP1x � P2xÞ
2
� ðP1y � P2yÞ

2
� ðP1z � P2zÞ

2
q

; ð3Þ

IH
�!
¼

~V1�2

k ~V1�2 k
represented in Fig: 3 as axis 1: ð4Þ

After this step, a second unit vector is defined by obtaining
the cross product between the first unit vector and a vector
between the US and RS. By definition, this unit vector will
be perpendicular to the plane formed by the two lines, and
will come straight out of the hand (Equation 5). The third
axis is obtained by calculating the cross product of the first
two vectors (Equation 6). By definition of the cross pro-
duct, this axis will be orthogonal to the first two axes.

~IH � ~JH ¼
~KH represented in Fig: 3 as axis 2; ð5Þ

~KH �
~IH ¼ ~JH represented in Fig: 3 as axis 3: ð6Þ

These three unit vectors define a local coordinate system
for the hand. Dividing each vector by its length (which
equals 1) gives the cosine of the angle that the vector
makes with each coordinate axes of the global system.
These angles are called direction angles, and the cosines
are termed direction cosines. The position of a local system
with regard to the global one can be expressed as 3 � 3
matrix of direction cosines and is referred to as a rotation
matrix. The position vectors can be arranged in matrix
form as shown in Equation 7.

RH ¼

Ix Iy Iz

Jx Jy Jz

Kx Ky Kz

2

6

6

4

3

7

7

5

: ð7Þ

Several ways exist to determine the wrist joint angles; one
method consists of forming a vector on the forearm [VF]
from the origin of the hand local coordinate system, in this
case midway between the RS and the US, to one of the
markers on the elbow (i.e., the lateral epicondyle). Then,
the forearm vector is transformed into the hand coordi-
nate system ðHVFÞ (Equation 8).

HVFx

HVFy

HVFz

2

6

6

4

3

7

7

5

¼ ½RH � �

VFx

VFy

VFz

2

6

6

4

3

7

7

5

¼

a

b

c

2

6

6

4

3

7

7

5

: ð8Þ

The flexion-extension angle, a, and ulnar-radial deviation,
b, are:

a¼a tan 2
�c

b

� �

ð8aÞ

2

3

1 1

Figure 3. Local coordinate system for the hand.

(1)

(2)

(3)
JH

IH

KH

Figure 4. Anatomical points for kinematic marker placement on
the hand and wrist.
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and

b¼a tan 2
�b

a

� �

: ð8bÞ

A second and more common method for calculating joint
angles is Euler’s method. The Euler method presumes that
a change in orientation can be described as a sequence of
three successive rotations from an initial position at which
two reference frames, GCS and LCS or one LCS and a
second LCS, coincide. For instance, suppose you wanted to
assess wrist range of motion during a repetitive, high-
force task (e.g., wheelchair propulsion) to determine risk
of developing an overuse injury. In this case, studying the
relative angles between the hand LCS and forearm LCS
provides the best information about wrist joint motion.

The hand local coordinate system depicts its orienta-
tion in space relative to the GCS. If the two coordinate
systems are in perfect alignment, then no rotation has
occurred. If the hand orientation is different than the
laboratory’s orientation, than its position can be deter-
mined by an operation referred to as decomposition of the
rotation matrix. Equation 7 can be viewed as a combined
matrix, which is the result of three sequential rotation
matrices. First, consider a vector r whose 2-D components
(X1, Y1) are defined relative to a global coordinate system
(Fig. 5). The vector is of length (r), and an angle of
elevation (a) relative to the X-axis. The corresponding
components are (Equations 9 and 10).

X1¼ r� cos a; ð9Þ

Y1¼ r� sin a: ð10Þ

Now suppose the vector rotates through an angle f to a
new location (X2, Y2). Its new location can be defined

relative to the GCS as follows (Equations 11–13):

X2¼ r cosðaþfÞ; ð11aÞ

X2¼r cos a cos f� r sin a sin f; ð11bÞ

X2¼X1 cos f� Y1 sin f; ð11cÞ

Y2¼ r sinðaþfÞ; ð12aÞ

Y2¼ r sin a cos fþ r cos a sin f; ð12bÞ

Y2¼Y1 cos fþX1 sin f: ð12cÞ

A rotation matrix [R] is formed by arranging Equations
11c and 12c as shown in Equations 13a and 13b:

X2

Y2

" #

¼
cos f � sin f

sin f cos f

" #

X1

Y1

" #

; ð13aÞ

X2

Y2

" #

¼ ½R� �
X1

Y1

" #

: ð13bÞ

A third dimension can then be added to this equation to
indicate that the rotation occurred about the z-axis (Equa-
tion 14).

X2

Y2

Z2

2

6

6

4

3

7

7

5

¼

cos f � sin f 0

sin f cos f 0

0 0 1

2

6

6

4

3

7

7

5

X1

Y1

Z1

2

6

6

4

3

7

7

5

; ð14Þ

X2

Y2

Z2

2

6

6

4

3

7

7

5

¼ ½Rz;f�x

X1

Y1

Z1

2

6

6

4

3

7

7

5

: ð15Þ

The corresponding matrices for rotation about the x and y
axes are:

Rx;g¼

1 0 0

0 cos g � sin g

0 sin g cos g

2

6

6

4

3

7

7

5

; ð16Þ

Ry;y¼

cos y 0 sin y

0 1 0

� sin y 0 cos y

2

6

6

4

3

7

7

5

: ð17Þ

Finite rotations in 3-D space are noncommunitive, mean-
ing that arranging the rotation matrices in different
orders will yield different results. However, some guide-
lines exist and for some joints, standardized protocols
exist that suggest the order of the rotation matrices. For
instance, the combination of matrices should be chosen to
avoid a situation of gimbal lock. Gimbal lock occurs when
the first and third axes of rotation coincide when the
second rotation is þ 901 or � 901 (for any combination of
x, y, and z rotations) or 01 or 1801 (for a combination when

Y

Y2

Y1

X1X2

�

�

�

�
X

Figure 5. Example of 2-D vector rotation.
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the first and third axes are the same, for example, y-z-y).
Near the gimbal lock position, measurement errors will be
amplified and large inaccuracies of the first and third
rotations will result. A gimbal lock situation can also lead
to an indeterminate solution. To avoid this situation,
knowledge of how the joint behaves for a given motion is
necessary. For example, a common rotation scheme for
determining wrist angles is x-y-z. The second rotation
about y, or axis 2 in Fig. 3, is a measure of wrist deviation,
which, for a majority of tasks, would not come close to 901
because of anatomical constraints. The relationship be-
tween the hand LCS and a forearm LCS is shown in
Equation 18.

IH

JH

KH

2

6

6

4

3

7

7

5

¼ ½Rz;f�½Ry;y�½Rx;g�x

IF

JF

KF

2

6

6

4

3

7

7

5

: ð18Þ

The equation is rearranged to place all the knowns on one
side (hand and forearm LCS) and the unknowns (rotation
angles) on the other side of the equation (Equation 19).
Equation 19 also shows the rotation matrix [R] that
results after multiplying the three individual rotation
matrices. In Equation 19, cosine of the angle is repre-
sented as ‘c’ and sine of the angle as ‘s’.

IH

JH

KH

2

6

6

6

6

6

4

3

7

7

7

7

7

5

IF

JF

KF

2

6

6

6

6

6

4

3

7

7

7

7

7

5

�1

¼

cfcy cfsysg� sjcg cfsycgþ sfsg

sfcy sfsysgþ cfcg sfsycg� cfsg

�sy cysg cycg

2

6

6

6

6

6

4

3

7

7

7

7

7

5

¼ ½R�:

ð19Þ

The 3-D wrist angles are determined by solving for each
rotation angle:

f¼a tan
R21

R11

� �

ð19aÞ

y¼a tan �
R31

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

R2
11þR2

21

q

0

B

@

1

C

A

; ð19bÞ

g¼a tan
R32

R33

� �

: ð19cÞ

Additional kinematic parameters that are commonly used
in rehabilitation applications are linear and angular
velocity and acceleration. These parameters are important
for describing body movements or motion of an assistive
device. For example, knowledge of the angular velocity
and acceleration of limb segments are needed to deter-
mine joint forces and moments (see section B.7 Biomecha-

nical Models). To track activity level of wheelchair users, a
data-logging device is attached to the person’s wheelchair
(19). The device consists of a magnet and sensors that
record a pulse for every revolution of the wheel and the
time. With this information, it is possible to determine
how fast the person traveled during the day and how far
they traveled given that the wheel diameter is known.

2.2. Kinetics

2.2.1. Definition. Kinetics is the study of the forces
applied by an individual and on the individual. In reha-
bilitation applications, it is desirable to understand the
forces that are required to maintain static equilibrium or
the forces that cause some type of movement to occur.

2.2.2. Measurement. More often, the rehabilitation pro-
fessional is interested in forces involved with movement.
Force plates and load cells are commonly used to measure
force exerted by the body. Using Newton’s third law, the
forces exerted on the body can be determined. Force plates
are stiff, flat platforms containing foil strain gages, a
collection of thin wires whose resistive properties change
under loading, or piezoelectric crystals, which experience
a charge separation under loading. The change in resis-
tance or charge separation corresponds to a change in
voltage, which is amplified and fed into an analog-to-
digital converter. The converter sends the incoming data
to a computer for display and storage. A calibration
process, typically performed by the manufacturer, deter-
mines the (linear) relationship between voltage and force
and moment and provides the users with equations for
converting the voltages to actual forces and moments. By
attaching several gages, oriented perpendicular to each
other, 3-D forces and moments acting on the plate can be
determined. Force platforms can be used to estimate the
instantaneous coefficient of friction necessary to stop the
foot from sliding (see next section). The dampening prop-
erties of shoes and prosthetic feet can also be measured.

Load cells work the same way but, instead of mounting
the strain gages or piezoelectric crystals to a flat plate,
they are mounted inside a cylindrical structure that can
be secured to objects or surfaces the individuals interact
with. Custom force and moment sensing systems using
similar technology have also been developed. For instance,
wheelchair wheels have been instrumented with strain
gages mounted to beams within the plane of the wheel to
record the amount of force and torque exerted on the
pushrims during wheelchair propulsion (Fig. 6) (20,21).

As with kinematic data, the forces and torques re-
corded from force plates and load cells are susceptible to
noise and usually need to be filtered. Low-pass filters are
generally used and the cut-off frequencies are determined
through a power spectral analysis of the force signals or
similar procedure.

2.2.3. Interpretation and Application. Newton’s laws of
motion assist with solving problems where forces are of
interest to the rehabilitation professional. Suppose you
were asked to consult on a case where traction was being
prescribed to mobilize a fractured limb. Although traction
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is not so common these days, it is a good example of a
static force analysis. What is the distraction force at the
hip if the pulley were maintained at an angle f relative to
the thigh (Fig. 7)? A free body diagram is constructed and

the main forces acting on the limb are indicated in Fig. 8.
To simplify the problem, 01 of knee flexion is assumed.
Using Newton’s second law,

X

Fx¼Fs cos fþFt � Fr¼ 0: ð20Þ

Assume angle f is 601, than

Fr¼ 0:5FsþFt; ð20aÞ

where Fs is the force transmitted by the traction rope and
is proportional to the amount of weight added to the pulley
system (Fwp).

Fr¼0:5FwpþFt: ð20bÞ

A separate free-body diagram of the pulley system is
constructed to solve for the unknown Ft force (Fig. 9):

X

Fx¼ � F1 cos b� F2 cos bþFt¼0; ð20cÞ

F1¼F2¼Fwp; ð20dÞ

Ft¼ 2Fwp cos b: ð20eÞ

Substituting Equation 20e into Equation 20b yields:

Fr¼ 0:5Fwpþ 2Fwp cos b: ð20f Þ

Using these calculations, the desired distraction force at
the hip can be achieved through the addition or subtrac-
tion of pulley weights.

Forces exerted by the foot on the ground during walk-
ing are of major interest to rehabilitation professionals
who are interested in studying gait patterns (the manner
or style of walking). By understanding how shoe soles,
floor materials, prosthetics (artificial limbs), and orthotics
(devices that support limbs) affect foot forces, improved

Figure 6. SMARTWheel instrumented wheel-
chair wheel.

Figure 7. Traction schematic.

Figure 8. Free-body diagram of the forces involved in the trac-
tion example. Fs is the sling force, Fr is the distraction force at the
hip, Ft is the traction force at the foot, and W is the weight of the
leg. The bed is also providing a reaction force opposing the weight
of the leg (not shown).
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designs can be developed or tried that increase efficiency,
reduce risk of slips/falls, and decrease chronic biomecha-
nical stresses that lead to lower extremity and back
disorders.

One example of a kinetic measure that has been used to
quantify the risk of slip initiation is the peak required
coefficient of friction (RCOFpeak) that is derived as follows:

RCOFpeak¼ max
Fshear

Fnormal

� �

; ð21Þ

where Fshear is the resultant shear force exerted by the
foot on the ground and Fnormal is the normal force exerted
by the foot on the ground.

RCOFpeak, the maximum value of the shear-to-normal
ground reaction force ratio evaluated over a gait cycle,
represents the friction an individual needs not to slip
given the way he/she walks and the particular walking
activity being performed (e.g., level walking, descending
ramps, load carrying, walking fast, short strides). In
normal gait, this maximum value of the RCOF occurs
shortly after heel contact and near toe off (i.e., the risk of
falls is the greatest at these phases of the gait cycle). Slips
occurring at heel contact are the most dangerous as body
weight is being transferred to the slipping leg. During
normal gait on level walking, RCOFpeak at heel contact is
about 0.20. RCOFpeak has been used not only to under-
stand the biomechanics of gait relevant to slips, but also to
predict slips when this variable is compared with the
available friction (ACOF) measured at the shoe-floor inter-
face. Specifically, if RCOFpeak (biomechanical frictional
requirements of walking without slipping) is greater
than ACOF, a slip can occur and the probability of this
slip grows as the difference between RCOFpeak and ACOF
increases. On the other hand, if ACOF exceeds RCOFpeak

then, in theory, a slip will not occur. Thus, RCOFpeak has
been explored in the design of slip-resistant environments
(e.g., selecting slip-resistant floors and shoes with enough
friction to accommodate different biomechanical walking
styles). For a review of the use of RCOFpeak in slips/falls
research, the reader is referred to Redfern et al. (22).

In addition to forces and moments, other kinetic vari-
ables of interest include center of pressure, work, and
power.

2.2.3.1. Center of Pressure. A kinetic variable used in
the analysis of standing and walking patterns is the
center of pressure (COP). All the forces exerted by the
body onto the ground and measured with a force plate
embedded in the ground can be summed to yield a
resultant ground reaction force vector (F) and a moment
vector (M). The COP can be thought of as the point of

application of F. Thus, the COP can be derived from the
following simplified vector relationship:

M¼COP�F ð22Þ

Although the configuration and type of force sensors used
in the force plate can require the addition of extra calibra-
tion factors in the previous vector relationship to remove
any potential bias, the overall principle behind the deriva-
tion of the COP remains the same. Typically, force plate
data consist of 6 channels, including 3-D forces (Fx, Fy, Fz)
and 3-D moments (Mx, My, Mz). Thus, the previous equa-
tion can be decomposed in the different directions and the
COP location along the floor can be computed by dividing
the appropriate components of the moment by the force. In
quiet stance, and assuming that a person’s weight is
evenly distributed, the center of pressure would lie mid-
way between the feet. If the person shifts their weight to
one side, the COP moves to the weighted side. COP is
monitored for both quiet stance and perturbed stance (e.g.,
sudden shifting of the floor beneath the feet) to investigate
the effect of neurological complications on loss of balance
(23,24).

2.2.3.2. Work and Power. In addition to force and mo-
ment, other kinetic parameters such as mechanical work
and power are often used to assess gait efficiency in
healthy older adults (25) and various clinical populations
in rehabilitation settings [e.g., persons with amputations
wearing prosthetic legs (26,27), patients who have had a
stroke (28), and frail older adults (29)]. Total mechanical
work performed by muscles during gait can be separated
into internal and external work (30). Internal work is the
work associated with the motion of the limbs relative to
the total body’s center of mass. Measurements of kine-
matics and inertial properties of body segments are
needed to estimate internal measures of work. External
work is work performed by external forces (e.g., ground
reaction forces) to move the center of mass through a
displacement. Power is the rate that work is done by the
external or internal forces. The general equation for
computing external power in 3-D is:

Power¼ ~Fx � v
*
x;COM þ F

*

y � v
*
y;COM þ F

*

z � v
*

z;COM; ð23Þ

where power is equal to the dot product of two vectors: 3-D
external force components (F) acting on the limb and 3-D
velocity components (v) of the body center of mass (COM).

Mechanical work is equivalent to the cumulative time-
integral of the external mechanical power:

Work¼

Z t¼T

t¼ 0
Pdt: ð24Þ

Many different methods are used to estimate internal and
external work and power. For example, in gait studies,
traditional measures of external work use the sum of the
ground reaction forces acting on the limbs allowing for the
cancellation of simultaneous positive and negative work
when both feet are in contact with the ground (31).

Figure 9. Free-body diagram of the pulley system.
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Quantifying the external work for each limb separately
yields different results (31).

2.3. Interface Pressure

2.3.1. Definition. Force per unit area or pressure is
another variable common to rehabilitation applications
like wheelchair seating, the prevention of pressure sore
development, and the design of prosthetics and orthotics.
Pressure sore formation is extremely complex and may be
attributed to a number of factors such as excessive uni-
axial pressure, friction and shear forces, heat, moisture,
incontinence, age, poor nutrition, sensory loss, and im-
mobility. Pressure is considered as the major contributor
to pressure sore formation.

2.3.2. Measurement. Several commercially available
tools are on the market that measure interface pressure
and numerous rehabilitation devices have been developed
to minimize pressure on skin and bony prominences.

Pressure measurement devices consist of resistive
strain gages or pressure-sensitive film that is inserted
between two surfaces to record contact or interface pres-
sure. Pressure mapping systems consist of arrays of small,
thin-film tactile pressure sensors so that pressure can be
observed for different regions of the body. In wheelchair
seating, pressure mapping systems are used to monitor
how force is dispersed between the buttocks and the
wheelchair seat cushion in real-time. The software
coupled with a mapping system graphically displays the
distribution of pressure as a function of time (Fig. 10) so
that changes in pressure resulting form changes in body
position can be observed. Pressure mapping systems are
very useful in situations where the individual does not
have sensation (because of paralysis or neuropathy) and
therefore cannot sense discomfort from increased pres-
sures. In this case, mapping systems can assist the
clinician in determining a good pressure-relieving cushion
for the patient. Pressure mapping systems can also be
used to evaluate the effect of wheelchair positioning aids

(e.g., seat back recline and tilt systems) on effective
pressure reduction (Fig. 10).

Similar pressure mapping systems are being used to
monitor the pressure distribution between the foot and
insole of an orthotic foot device. Other pressure-sensing
devices exist, such as pressure-sensing film, that are more
cost-effective and provide a static imprint of the pressure
distribution between two surfaces. Pressure-sensing film
is limited to one time usage, whereas the pressure map-
ping systems are dynamic and the quantitative pressure
recordings can be stored directly in a computer.

2.3.3. Interpretation and Application. Finite element
analysis (FEA) has gained increased popularity recently
because of advancements in computer power and speed.
FEA is a computer-based numerical method developed
primarily for calculating strength and behavior of struc-
tures. However, some researchers are finding FEA a
useful tool for examining the effects of loading on soft
tissues and bones. In FEA, a structure is broken down into
smaller blocks or elements whose behavior can be de-
scribed with a set of equations. To build the structures, the
elements are connected together and equations are joined
together to describe the behavior of the entire structure
when it is subjected to specified loading conditions. For an
accurate FEA model, detailed geometry as well as anthro-
pomorphic properties of the body structures (e.g., bone
sizes, shape, density, muscle insertions) are needed.

FEA models have been used to examine loading pat-
terns that would be difficult to measure experimentally,
such as the load transfer between an assistive device and
the body (e.g., prosthetic socket and skin) or the distribu-
tion of stresses through body structures as a result of a
surgical implant (32) or prosthetic/orthotic device (33).
Zhang et al. used nonlinear FEA to determine and predict
the pressure and shear stress distribution at the interface
between the residual limb and the socket in individuals
with transtibial (below the knee) amputations (34). The
nonlinearities resulting from interface frictional action
and tissue deformation were considered. The results

Figure 10. Seat pressure distribution results of an individual seated in a wheelchair with an
adjustable back angle. The photo on the left was taken with the seat at zero degrees and an upright
position of the backrest. The photo on the right shows the pressure distribution results for a
backrest with more recline. The red and yellow areas are areas of higher pressure, whereas the
blue and green areas are areas of lower pressure. Topographical displays are to the right of each
picture.
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described high-pressure distribution and shear stress
around various regions of the residual limb. The study
suggested use of FEA for manufacturing better socket
designs to improve comfort and usability of the prosthesis.
The review study by Zachariah and Sanders (35) was
proposed to describe utility of the FEA to enhance pros-
thetics design and development. The study indicated
many positive features of FEA as being effective in study-
ing residual limb and socket interface in great detail
without a person actually wearing the prosthesis. Recom-
mendations provided by the study consisted of modifying
existing forms of FEA procedures to include features that
further represent residual limb geometry; element proper-
ties of skin, soft tissues, and socket; and stress distribu-
tion and alignment of the residual limb within socket.
Finally, experimental verification of the FEA was sug-
gested to determine validation of the FEA procedure.

2.4. Energetics

2.4.1. Definition. When skeletal muscle is contracted
to cause movement, exercise, or maintain a given posture,
the body uses energy. Persons with neurological impair-
ments or lower-limb prostheses use more energy to walk
than healthy persons. Investigating biomechanical vari-
ables (e.g., speed, cadence, force, movement patterns) and
energy cost can provide the information necessary to
develop more effective interventions or designs. The unit
of energy has traditionally been expressed as calories or
kilocalories (Kcal).

2.4.2. Measurement. The energy expenditure of skeletal
muscle cannot be directly measured. However, an indirect
laboratory method, indirect calorimetry, can be used to
calculate the rate and quantity of energy expenditure
when a human body is at rest and during activity. This
method of estimating energy expenditure is determined by
measuring the volume of oxygen (O2) and carbon dioxide
(CO2) exchange from respiratory gases during activity.
The basic design of a computerized indirect calorimetry
system is illustrated in Fig. 11. The person breathes in
outside air through plastic tubes and through a specially

designed mouthpiece attached to a mixing chamber. Nose
clips are attached to prevent breathing through the nose,
and the lips are sealed tightly around the mouthpiece to
prevent mixing of respiratory air with atmospheric air.
Expired air from the mixing chamber then passes through
oxygen and carbon dioxide analyzers. Electrical signals
from the gas analyzers are diverted to a computer where
they are first converted from electrical current (analog) to
digital signal via an analog-to-digital (A-D) converter. For
example, for ventilation and gas fraction measurement,
electronic accessory equipment is connected to the equip-
ment so that a change in the measurement condition of the
instrument exerts a proportional change in electrical
voltage output. This voltage change is converted to digital
output by the A-D converter.

When concerned with metabolic intensity of activity,
the predominant application of indirect calorimetry is for
measurement of O2 consumption and CO2 production.
Also, the ratio between carbon dioxide production
ð
.
VCO2Þ and oxygen consumption ð

.
VO2Þ is used to indicate

the contribution of fat and carbohydrate substrates to
energy production. This ratio is termed the respiratory
exchange ratio, or RER.

RER¼

.
VCO2.
VO2

: ð25Þ

Once the RER value is determined from measurement of
respiratory gases, the value can be compared with a table
(Table 1) (36) to determine the caloric expenditure equiva-
lent for the respective RER of the activity (Kcal/L O2). For
instance, if the RER value is 0.8, the RER caloric equiva-
lent will be 4.801 Kcal/L O2. The calculation of energy
expenditure (EE) during exercise can be determined using
the following equation:

EE ðkcal=minÞ¼
.
VO2ðL=minÞ

�RER calorie equivalent ðkcal=LÞ:
ð26Þ

For example, during 30 min of steady-state exercise, a

Pneumotach

Expired air

Mixing
chamber

O2 analyzer CO2 analyzer

A/D convertor

Computer

Inspired air

Figure 11. Inspired air samples are obtained from tubing connected to the mouthpiece, then are
pumped to rapidly responding analyzers. Expired air flow rate is measured by a pneumotach, or
low-resistance impeller, with the exhaust air turned to the room.
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subject averages an O2 consumption of 3.10 L/min with a
CO2 production of 2.48 L/min. Therefore, respiratory ex-
change ratio is:

RER¼
2:48

3:10
¼ 0:8: ð27Þ

From Table 1, the RER caloric equivalent¼ 4.801 (Kcal/L).
Therefore, the energy expenditure in this case will be:

EE ðkcal=minÞ¼ 3:10� 4:801¼ 14:88 ðkcal=minÞ: ð28Þ

The RER calculations are based on the assumption that
the exchange of oxygen and carbon dioxide measured at
the lungs reflects actual gas exchange from nutrient
metabolism. At rest and during light steady-state activity,
this assumption is reasonably valid. Factors that disturb
the normal metabolic relationship between these gases
may drastically alter the ratio. For example, hyperventila-
tion increases carbon dioxide elimination because the
response of breathing is disproportionately high in rela-
tion to the metabolic demands of a particular activity
level. In other words, the increase in carbon dioxide
elimination is not accompanied by a corresponding in-
crease in oxygen uptake. In such cases, the ratio of carbon
dioxide produced to oxygen consumed exceeds one. Under
such conditions, it can no longer be assumed that the RER
is an accurate reflection of the fat and carbohydrate
mixture. In strenuous or exhaustive exercise, the RER
may exceed one because of increasing lactic acid produc-
tion and rising CO2 in the blood. Therefore, when using
RER to calculate the energy expenditure, the type and
duration of activity should be considered and the results
should be interpreted carefully.

An alternative way to estimate EE during exercise is to
use the following expression (37):

EE ðWattsÞ¼
1440

0:239�24�3600
�fð3:941�

.
VO2½ml=min�Þ

þ ð1:1�
.
VCO2½ml=min�Þg:

ð29Þ

2.4.3. Interpretation and Application. Efficiency of hu-
man movement refers to the ratio of the mechanical

energy produced during the movement to the metabolic
energy used to cause the movement.

Efficiency¼
mechanical work generated

metabolic energy expenditure
: ð30Þ

For example, a person pushes a wheelchair for three
minutes. The average propulsion velocity and moment
for ten continuous strokes measured at the wheel was
1.22 (m/sec) and 8.12 (N-m), respectively. The radius of the
wheel is 0.26 meters. Mean values of oxygen uptake ð

.
VO2Þ

and carbon dioxide output ð
.
VCO2Þ obtained from a meta-

bolic cart were 970.6 (ml/min) and 821 (ml/min). How
efficient was the person in pushing his wheelchair? The
solution is executed in two steps: (1) determination of
mechanical energy generated and (2) determination of
metabolic energy expenditure. The mechanical energy
generated is:

Powerout¼M�
V

r
ðWattsÞ; ð31Þ

where M¼propulsion moment, V¼ linear velocity of the
wheelchair, and r¼wheel radius.

Powerout¼ 8:12�
1:22

0:26
¼ 38:1 ðWattsÞ: ð31aÞ

Then, the metabolic energy expenditure using Equation
29 is:

EE¼
1440

0:239�24�3600
�fð3:941� 970:6þ ð1:1� 821Þg

¼ 329:72 ðWattsÞ:

ð32Þ

Therefore,

efficiency¼
Powerout

energy expenditure
¼

38:1

329:72
¼ 0:12¼ 12%:

ð33Þ

In this case, the low gross mechanical efficiency of wheel-
chair propulsion may be explained by the heavy reliance
on small muscle mass of the upper extremity to move the
body and wheelchair, the complex coupling of the hand to

Table 1. Caloric Expenditure Equivalents of the RER and the Contribution of Carbohydrates and Fats (36)

Caloric Equivalence of the RER and % Kcal from Carbohydrates and Fats

Energy %Kcal contribution

RER Kcal/L O2 Carbohydrates Fats

1 5.047 100 0
0.95 4.985 84.0 16.0
0.90 4.924 67.5 32.5
0.85 4.862 50.7 49.3
0.80 4.801 33.4 66.6
0.75 4.739 15.6 84.4
0.71 4.690 1.10 98.9
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the pushrim, and propulsion technique. The efficiency of
wheelchair propulsion is also highly influenced by wheel-
chair type (e.g., a wheelchair designed for hospital use will
be less efficient than one designed for active use or sports
activities) and setup, such as seat height and axle position.

2.5. Electromyography

2.5.1. Definition. Electromyography (EMG) is the mea-
surement of the electrical signals associated with muscle
contraction. These electrical signals are caused by muscle
fiber action potentials. The EMG signal is the summation
of motor unit potentials and is influenced by both recruit-
ment and firing rate. EMG is used to study neuromuscular
function. Rehabilitation applications use EMG to quantify
muscular demand, duration, and intensity of muscle
activity during tasks of interest (e.g., lifting, reaching,
walking, exercising). EMG helps to identify differences in
muscle activation magnitudes and recruitment patterns
in individuals undergoing rehabilitation as compared with
healthy individuals.

2.5.2. Measurement. EMG is measured by recording
the small muscle fiber action potentials as they pass by
an electrode. Electrodes are placed either on the surface of
the skin or within the muscle tissue itself via a fine wire.
As the signal is so small, it is passed through a pre-
amplifier located near the electrode. The signal is then
sent via electrical cables or telemetrically to a signal
conditioning unit, where it is amplified again and band-
pass filtered to remove the high-frequency noise asso-
ciated with the electrical environment of the laboratory
and the low-frequency noise associated with subject move-
ment. The signal then passes through the A/D board and
is saved on a computer. For surface EMG, the minimum
sampling rate is approximately 1000 Hz, whereas the
minimum sampling rate for fine wire EMG is 2000 Hz.

2.5.3. Interpretation and Application. The magnitude of
the EMG voltage varies considerably between individuals
depending on the amount of tissue between the muscle
fibers and the electrode. It is also affected by a number of
factors, including temperature, electrolyte levels, elec-
trode placement, fat tissues, filtering technique, humidity,
and hydration. Therefore, the EMG signal is usually
normalized to a standard reference for the subject, such
as the signal obtained during a maximal voluntary iso-
metric contraction (MVIC) or during a standardized task
between subjects, such as rising from a chair.

A number of EMG variables are commonly calculated
depending on the questions raised by the clinicians/re-
searchers. For example, the EMG signal is full-wave
rectified and integrated. This integrated EMG (IEMG) is
considered to be more representative of the contraction
than a maximum activation value, which tends to be quite
variable. Alternatively, the root mean square (RMS) of the
signal is often calculated to quantify the amount of muscle
activation. Temporal variables are also calculated, such as
the time of muscle activation, deactivation, and duration
of activation.

A decline of the median power frequency of the myo-
electric signal is also commonly used as a method of
assessing neuromuscular fatigue. When a muscle is pro-
ducing a constant force, the EMG amplitude increases
over time because of a slowing of the conduction velocity
along the muscle fibers as well as an increase in firing
rate. The median power frequency declines because of the
slowing of the motor unit potential conduction velocity,
and perhaps the accumulation of fluid in the extracellular
spaces (38). To calculate the decline in the median power
frequency, the median value is calculated from EMG data
on which a fast-Fourier transformation (FFT) has been
performed (38).

2.6. Anthropometry

2.6.1. Definition. Anthropometry is the physical mea-
surement of the human body. Anthropometric data are
needed as inputs to a biomechanical model (e.g., segment
center of mass and weight) and for understanding the
relationship between body measures and task perfor-
mance.

2.6.2. Measurement. Two basic types of anthropometric
measurements are generally made: static and functional.
Static pertains to the measurement of fixed properties of
the body (e.g., mass, density, limb lengths). Functional
measures are those taken with people performing move-
ment tasks, which help to determine the properties of the
body (e.g., reach, range of motion).

2.6.3. Interpretation and Application. For biomechani-
cal models, physical size, mass, and inertial properties of
body segments are essential input parameters. Segment
lengths are usually determined from the distance between
anatomical landmarks at each end of the segment but can
also be estimated from cadaver studies that estimate the
length for each segment as a percentage of overall body
stature (39). Each segment of the body has a unique
composition of fat, connective tissue, bone, and muscle.
Segmental mass determinations, moments of inertia, and
center of mass locations are dependent on knowing the
density and volume of various tissues within the segment
and how they are distributed throughout the segment.
These types of data are difficult to obtain from living
individuals. Many cadaver studies (generally male and
Caucasian specimens) have been conducted to determine
segment densities, center of mass location, and inertial
parameters. Using this data introduces some error in
biomechanical models in rehabilitation, as the persons
studied do not share the same segment composition as the
cadavers. For example, persons with spinal cord injury,
through disuse and overuse of different areas of their body,
have different mass and density distributions compared
with unimpaired individuals. Error will also exist in
applying the findings from male cadaver studies to women
who are built differently than men.

A model often used for estimating inertial properties of
each body segment in biomechanics studies was developed
by Hanavan (40). He developed a 15-segment model based
on modeling body segments as an ellipsoid (head), ellip-
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tical cylinders (upper and lower trunk), solid spheres
(hands), and frustra of right circular cones (the remaining
portions of the arms and all segments of the legs). Hana-
van developed a set of equations for determining indivi-
dual segment center of mass location and moments of
inertia about the three principal axes of each segment. To
apply these anthropometry models, one only needs to
measure the axillary segment circumference and length
with a tape measure.

2.7. Biomechanical Models

2.7.1. Definition. Two types of models exist: inverse
dynamics and direct dynamics. Inverse dynamics models
allow for estimating internal forces (e.g., in a joint) from
measurements of external forces, kinematic data, and
anthropometric data. Direct dynamics models are used
when internal forces are known and the resulting motions
are determined.

2.7.2. Measurement. Biomechanical models require
multiple measures including kinetic [e.g., external forces
acting on the body segments (inverse solution) or internal
forces (direct solution)], kinematic (e.g., position, velocity,
acceleration of body segments), and anthropometric (e.g.,
segment mass, center of mass, length, mass moment of
inertia) measures.

2.7.3. Interpretation and Application. With current
technology and methods, it is easier to measure body
movements than internal forces; therefore, inverse dy-
namics models are more commonly used in rehabilitation
applications. Inverse dynamics models have been used to
examine joint loading during activity (e.g., walking) after
a surgical procedure has been performed (e.g., hip replace-
ment), therapeutic intervention, (e.g., exercise, therapy)
or while using prosthetic limbs, orthotics, and assistive
devices (e.g., walkers, canes, wheelchairs). Models can
also be used to understand how forces and moments acting
at critical joints (e.g., wrist, shoulder, hip, and knee) may
be related to the development of disability or injury. For
example, carpal tunnel syndrome (CTS) is very common
among wheelchair users. Research in this area suggests
that CTS may be the result of compression of the median
nerve in the carpal tunnel caused by repetitive wrist
exertions and high force application. Repetitive strikes
of the heel of the hand against the pushrim during wheel-
chair propulsion may contribute to the development of
CTS. The ability to accurately calculate wrist joint forces
and moments may help with understanding the link
between propulsion and CTS and in identifying preventive
measures for wheelchair users (e.g., padded gloves or
propulsion training).

An inverse dynamics model generally consists of multi-
ple rigid-link body segments with n-degree of freedom
(e.g., the number of body segments is not fixed) (41). The
model requires accurate knowledge of segment masses,
centers of mass, joint centers, and moments of inertia,
which are usually estimated or extrapolated from the
literature (see Section 2.6: Anthropometry). Several as-
sumptions are made when applying inverse dynamics

models. Each segment is assumed to be of fixed mass,
which is modeled as a point mass at the COM. The
segment COM remains stationary within the segment.
The length of the segment and mass moment of inertia of
each segment about its proximal end are both constant.
All body joints are either considered perfect ball or hinge
joints.

Four basic types of forces act in a link-segment model:
(1) gravitational forces, (2) external forces, (3) inertial
forces, and (4) muscle and ligament forces. Gravitational
forces act in the direction of gravity through the COM of
each segment and are equal to the mass multiplied by the
gravitational acceleration. The external forces are those
that are measured by a force plate, load cell, or some other
type of force-sensing device. Usually, these forces act over
an area (e.g., the area of the foot on a force plate) and are
modeled by a force vector acting upon the center of
pressure. Inertial forces always impede motion and are a
function of each limb segment’s resistance to change in
motion. During movement, body segments rotate and
translate, and so inertial force components that oppose
both types of movement need to be included in the model.

In simple biomechanical models, the muscle and liga-
ment forces are computed in terms of net muscle moments
and net joint forces. Determining individual muscle and
ligament forces requires detailed information about active
and passive properties of the muscles, muscle and liga-
ment origin/insertion points, muscle bundle directions,
and muscle contraction parameters (e.g., muscle mass,
maximal muscle force, cross-sectional area). These proper-
ties are estimated from CT or MRI scans of living humans
or cadaver studies. In addition, complex numerical opti-
mization algorithms are needed to solve the inverse
dynamics equations because many more unknowns (e.g.,
the shoulder has over 16 muscles with larger muscles
requiring more than one force vector) exist than knowns.

In a link-segment model, each segment acts indepen-
dently under the influence of reaction forces, muscle
moments, inertial forces, and gravitational forces. Free-
body diagrams are drawn for each segment and the net
muscle moments and joint forces computed using 3-D force
and moment balance equations:

X

Fx¼Max

X

Fy¼May

X

Fz¼Maz; ð34aÞ

X

Mx¼ Ixax
X

My¼ Iyay
X

Mz¼ Izaz: ð34bÞ

A free-body diagram of a body segment is shown in Fig. 12.
More complex biomechanical models have been devel-

oped and a few implemented in commercial software
packages designed for clinical and rehabilitation settings.
Some biomechanical measurement systems (e.g., motion
analysis systems) have a built-in analysis feature that,
after collecting the data, can solve the inverse dynamics
solutions, display the graphs, and write data to a file.
Computer software can be helpful for visualizing muscle
length changes and real-time joint forces and moments as
a result of the movement. This feature can be used to train
patients on the proper technique by displaying model
output during activity and by comparing the patient’s
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movement profile with an optimal movement profile. Soft-
ware enables for quick solutions, but a solid understand-
ing of the theory behind the model is key to avoiding
misrepresentation of the data. Also, care should be taken
when using data from models as they have not been
rigorously validated. Validation of biomechanical models,
particularly more complex musculoskeletal models, is
difficult because of the difficulties in measuring muscle
forces directly.

Modeling software that features simulation capabilities
can be useful for investigating the body’s response to

impact and instability. Simulation software is often used
when it is unethical to study live persons such as when
investigating possible fractures and injuries from trips
and falls or when it is difficult to conduct an experiment
that examines numerous possibilities (e.g., different fall
heights, initial velocities, impact angles, ground com-
pliances, and body postures). Body segments are con-
structed from geometrical shapes with similar
anthropometric characteristics to the population studied.
The body is then placed in a computer-simulated environ-
ment containing similar ground properties and objects as
those found in the real setting. Sometimes, a simulation
may involve an assistive device (e.g., wheelchair or pros-
thetic leg), in which case a computer-simulated model of
the device is inserted and connected to the body. After
running the simulation, the model will calculate para-
meters such as forces on the joints and segments, segment
accelerations and velocities, and segment/joint ranges of
motion. Computer simulation of gait has been used to
optimize the design of prosthetic joints and limbs (42).

3. CLINICAL EXAMPLES

3.1. Quantifying Gait

The analysis of gait includes the identification of general
temporal and spatial parameters often used to compare
gait patterns in healthy and clinical populations or be-
tween younger and older adults. An example of the
temporal sequencing of these two phases for unimpaired
gait is shown in Fig. 13. When considering the movements
of one leg, a gait cycle begins with heel contact onto the
ground and ends when the foot contacts the floor again. A

y
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RyP
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MzD

MzP
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IzP αzP
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Figure 12. Free-body diagram of a body segment. Sagittal plane
view. D¼distal end of the segment. P¼proximal end of the
segment. Ry, Rx¼ reaction forces at the distal (D) and proximal
(P) ends. Mz¼moment about the distal (D) and proximal (P) ends.
Izpazp¼moment caused by resistance to segment inertia during
rotation about the proximal end. maxcom, maycom¼ translational
forces acting on the segment at the center of mass. mg¼weight of
the limb.

Right heel contact Left toe-off Left heel contact Right toe-off Right heel contact

Right swingRight stance

Left stance Left stanceLeft swing

Double
support
left-right

Single
support
right

Double
support
right-left

Single
support
left

Figure 13. Chronological sequencing of stance and swing phases for unimpaired gait.
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gait cycle comprises of a stance phase accounting for about
60% of the gait cycle and a swing phase accounting for the
remaining 40%. Once again, when considering the move-
ments of one leg, the stance phase starts at heel contact
and terminates when the toe is taken off the ground, at
which point the swing phase is initiated and ends when
the gait cycle is completed (i.e., at the next heel strike).
When examining the movements of both feet during a gait
cycle, one notices that as the stance/leading limb strikes
the floor, the swing phase of the trailing leg is initiated.
The swing leg passes in front of the stance limb, becoming
the leading limb, and prepares for its own heel contact and
thus stance phase. Each gait cycle includes two double
support periods when both feet are on the ground. The
combined duration of the double support periods is about
20–24% of the total duration of the gait cycle.

The basic spatial gait parameters used are stride
length, step length, stride width, and toe-out angle (Fig.
14). Stride length is the distance between two successive
placements of the same foot. Step length is the distance by
which one foot moves forward in front of the other foot.
Stride width is the side-to-side distance between the
centerline of each foot. Toe-out angle is the angle between
the midline of the foot and the line of progression.

The basic temporal gait parameters used are velocity,
cadence (step frequency), stride time, and step time.
Velocity is the rate of linear motion along the line of
progression of the body’s center of mass. Cadence is the
number of steps taken per minute. Stride time is the
amount of time required to complete an entire gait cycle
(e.g., heel strike to heel strike of the same foot). Step time
is the amount of time between foot contacts.

Measurement of gait is affected by individual charac-
teristics (e.g., gender, size, mass, age) and environmental
(e.g., indoors versus outdoors, length of walkway, floor
surface) conditions. Features of unimpaired gait include
symmetry or equal left and right step lengths and times
and consistencies between successive stance phases and
swing phases. Energy is conserved when forces and mo-
ments acting in the opposite direction to the line of
progression are minimized. Injury and inflexibility of
muscles and connective tissues influence gait performance
and efficiency. Characteristics of inefficient gait patterns
may include excessive hip sway; excessive trunk or pelvis
rotation; excessive arm swing; and lateral hip, knee, and
foot movements (movements that are perpendicular to the
line of progression). If antagonist muscles (muscles that

stabilize the joint) and ligaments are impaired, agonist
muscles (muscles that primarily move the joint) must
exert more force to move the joints through normal ranges
of motion. For example, tight hamstrings may cause the
muscles that extend the knee to create a larger than
normal force in order to bring the knee joint into full
extension during heel-strike, toe-off, and swing phases.
The imbalance in forces generated by the muscles can lead
to increased energy expenditure. When excessive vertical
toe-off force is exerted, a bounce is added to the gait
pattern. In normal unimpaired gait, the center of mass
oscillates about 50 mm (41). Bounce increases the vertical
component the body’s center of mass, which increases
energy cost through the increased work against gravity.

Environmental factors, such as ground coefficient of
friction and damping properties, influence gait. Ground
reaction forces are required to generate propulsive forces
during gait. Surfaces with lower coefficients of friction
exert smaller ground reaction forces and thus reduce
propulsion efficiency. For example, it takes more energy
to walk on ice because greater force is used to maintain
balance and only a small percentage of the propulsion
force generated by the body is applied toward forward
motion. Surfaces with high-damping properties absorb
large amounts of energy. For example, walking on loose
sand (high-damping coefficient) will require greater en-
ergy expenditure than walking on a tile floor (low-damp-
ing coefficient) because more energy is absorbed. Persons
with disability or impairment will be more affected by
changes in the environment than an unimpaired person.

Standard equipment used to analyze gait patterns
includes force plates to measure ground reaction force
and a motion analysis system to examine position of body
segments. Inverse dynamics models are employed to
determine joint kinetics and kinematics. EMG and meta-
bolic measurement systems provide additional insight into
gait efficiency and the intensity and timing of muscle
activity. In addition to the basic gait parameters described
above, additional parameters may include range of mo-
tion, velocities and accelerations of the body segments and
joints, forces and moments at the joints, postural sway
(deviations in the body’s center of mass and center of
pressure), total work and joint work, and power.

3.2. Postural Control Deficits and Evaluating Fall Risk

An understanding of the biomechanical reasons for an
individual to fall in response to an external perturbation

Step length

Stride width

Stride length

Foot angle

Line of progression

Figure 14. Illustration of the basic spatial gait
parameters.
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(e.g., slip or trip) whereas another recovers in the same
environment is important. This information is helpful in
the development of fall prevention and rehabilitation
programs focused on improving motor responses when
balance is perturbed. The simple task of walking on dry
floors necessitates the performance of complex processes
involved in the initiation of movement and balance main-
tenance. In the presence of slippery environments, pre-
venting falls becomes more challenging, requiring
appropriate biomechanical corrective reactions to recover
from slip events. Findings of biomechanical gait studies
have been important in slips/falls prevention research
(22,43–50). Gait studies have improved our understanding
of the complex relationship between gait biomechanics
and slip-precipitated falls. For example, researchers have
identified the frictional requirements needed to prevent a
slip during gait (43,45,47,50). Kinematic variables such as
heel velocity at heel contact and stride length/duration
may also influence slipping risks (46,51).

Another important finding of experimental studies
resulted from the monitoring of postural strategies gen-
erated in response to external perturbations. In order to
avoid a fall after a slip event, the body must generate a
quick and effective corrective response to re-establish
dynamic balance and maintain an upright posture while
continuing with the locomotion task. Corrective joint
moments and postural strategies have been identified
experimentally during real slip events (e.g., flexion reac-
tions at the knee are important in slip-initiated recov-
eries) (52).

The significantly higher incidence rate of falls among
older adults compared with the rest of the population has
motivated extensive investigations concerned with the
effect of age-related changes in the neural, sensory, and
musculoskeletal systems on the ability of maintaining
balance during quiet standing, normal gait, or in response
to external perturbations. In particular, the biomechanics
of corrective responses to large disturbances such as base
of support translation (53–55), trip (56,57), or release-
from-a-forward-lean (58–61) have been compared between
younger and older subject populations in an attempt to
understand the reasons for fall-related injuries among
older adults. As part of this effort, the impact of a number
of other age-dependent human factors on the ability of
generating successful corrective reactions during such
large disturbances have been considered. For example,
as trip severity is increased, greater lower extremity
strength and faster reaction times are required to recover
from such a perturbation (62). Other investigators have
studied and emphasized the role of lower extremity
strength in identifying the risk of falling (63,64) and the
ability to generate rapidly corrective moments at the
lower extremity joints (64). Another finding reported
during successful recoveries following release-from-a-for-
ward-lean perturbations include a positive correlation
between initial lean angle and both required peak lower
extremity joint moments and range of motion (60). In that
same study, the impact of ankle and hip strength on
recovery potential varied among genders and age groups
(60). Finally, general gait variables such as gait speed
have been shown to impact the dynamics of simulated slip-

precipitated falls (65). In summary, those studies have
been very helpful in understanding possible indicators of
increasing falling risks among older adults.

3.3. Gait in Parkinson’s Disease

Parkinson’s disease (PD) results when neurons (nerve
cells) in a part of the brain called the substantia nigra
die or lose function. These cells are responsible for produ-
cing a vital chemical called dopamine. Dopamine allows
for smooth, coordinated function of the body’s muscles and
movement. A deficiency of dopamine results in abnormal
movement patterns. PD is one among many neurological
diseases that are associated with an elevated risk of falling
(66). A person with PD may exhibit tremor (shaking),
slowness of movement, rigidity of muscles (stiffness), and
balance difficulties.

Biomechanical studies have resulted in the identifica-
tion of several balance and gait deficits in patients with
PD, and have been used to evaluate the impact of drug and
physical therapy treatments on these deficits. Parkinso-
nian body sway during unperturbed standing is abnormal.
Specifically, Maurer et al. reported enlarged body excur-
sions in PD compared with controls (67). The velocity and
frequency of center of pressure sway are greater in un-
treated PD even when tremor is accounted for (67) with
significant left/right asymmetries reported in these vari-
ables (68). In the absence of vision, few studies found PD
sway normal (67,69–71). In contrast, Horak et al. sug-
gested a reduced sway area exists in patients with PD
(72). Treatment with dopamine improves abnormalities in
sway velocity/frequency (67,68) but also increases sway
magnitude (especially in the mediolateral direction)
(67,69–71) and worsens the left/right asymmetry (68).
Postural reactions generated in response to external
sensory and motor perturbations during standing are
also impaired in PD. Visual destabilizing environments
(i.e., moving scenes) yielded more pronounced body move-
ments in PD patients compared with controls (67,70).

Parkinsonian gait patterns have been the subject of
numerous investigations reviewed by Morris et al. (73).
Gait initiation, breaking, and turning are complex tasks
that require the execution of coordinated sequential/si-
multaneous motor programs essential to maintain equili-
brium and to generate ‘‘new’’ movements (74). Healthy
controls are able to harmoniously perform such tasks,
whereas this ability is often impaired in PD, resulting in
freezing, instability, and falls (75–81). Examples of PD
abnormalities observed during gait initiation include
longer times needed to turn off postural muscles delaying
movements, reduced propulsion forces, and reduced lat-
eral COM displacement over the support limb (76,82,83).

Once gait is initiated, steady-state walking in PD is
also abnormal. Specifically, reduced walking speed in
patients with PD (84,85) provides an explanation for
several of the spatiotemporal gait differences reported
between PDs and age-matched controls (75,86,87). Angu-
lar excursions of the arm (e.g., shoulder), leg (e.g., knee),
and trunk joints are reduced in amplitude (88). As the
disease progresses, stooped posture (80), short steps/
strides (81,84), and gait shuffling often resulting in re-
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duced ground clearance (80) and festination (81,85) be-
come obvious trades of parkinsonian locomotor patterns.
Gait variability, which also deteriorates with disease
severity, is often considered reflective of the inability to
regulate gait (89–94). An abnormally slow loading phase
and reduced peak normal ground reaction force are among
the kinetic abnormalities in parkinsonian gait (95,96).
Also, the shape of the normal ground reaction force
produced by PD patients exhibits a uniform distribution
across stance duration (attributed to foot-flat walking
patterns) instead of the double-peak pattern observed in
controls (97–100). In summary, both the kinematics and
kinetics of parkinsonian gait are unrepresentative of
healthy locomotor patterns.

3.4. Gait Improvements with Rehabilitation of Knee
Osteoarthritis

Osteoarthritis (OA) is a progressive disorder that typically
occurs in older persons. Knee osteoarthritis, the most
prevalent type of OA in the United States, occurs when
the surface (articular) cartilage of the knee breaks down
and affects normal knee function. Knee OA severely limits
performance in such weight-bearing tasks as walking,
stair ascent and descent, and housekeeping (101,102).
Patients with knee OA exhibit altered biomechanics
when compared with healthy age-matched individuals
(103–109). People with knee OA have a shorter stride
length and slower walking speed (104). The knee is
maintained in extension throughout the stance phase of
gait (104). Additionally, bilateral knee angular velocity,
range of motion, loading rate, and static knee flexion are
lower in patients with knee OA (107,109). Decreased
ankle joint moments and increased knee joint moments
are also noted (103). Other studies report that people with
knee OA have less knee flexion during stair ascent and
descent than controls (110). These factors may be related
to the fact that quadriceps strength, which may be related
to muscular inhibition, is decreased in people with knee
OA (105,106,108,109).

The effects of rehabilitation of knee OA have been
studied extensively. Aerobic and resistance training im-
prove functional capacity and decrease pain (111). After an
18-month aerobic exercise intervention, improvements
were documented in the temporal components of gait,
ground reaction forces, and knee and ankle joint kine-
matics (111). Gur et al. investigated concentric exercise
and concentric/eccentric exercise rehabilitation programs
on function in patients with knee OA (112). Stair ascent
and descent were improved in the concentric/eccentric
training group, although pain was only reduced in the
concentric group (112). As obesity is a primary risk factor
for the development of knee OA, many rehabilitation
programs have combined an exercise regimen with a
dietary intervention in an attempt to reduce body fat
and improve function (113–116). Diet or exercise have
been equally effective in reducing knee pain, improving
physical function, and increasing ground reaction force
loading rate during walking (114). Finally, Jadelis et al.
reported that individuals with knee OA have less postural
control than do healthy individuals (106). Knee strength

explains 18.4% of the variability in the postural sway
measures (106). Both aerobic exercise and resistance
exercise increase balance control, although aerobic exer-
cise may be more effective for improving postural stability
during single leg stance (117).

3.5. Predicting Failure in Implanted Prostheses

The biomechanical tools described previously are often
used to study function, wear patterns, and contributing
factors to failure of hip and knee prostheses. Computer
and numerical models, such as finite element analysis, are
often employed. For example, using a finite element
simulation, Morra et al. (118) evaluated the contact stres-
ses of four knee prosthesis designs during toe-off of
simulated walking gait. They reported that designs that
conformed to bony condyles displayed rotational con-
straint and less external rotation and concluded that
such designs would have better clinical outcomes than
those with a less conforming condylar geometry. This
conclusion was supported by a clinical trial on humans
(119). In this study, an interactive model-fitting algorithm
was used to convert 2-D fluoroscopic images of the subjects
performing deep-knee bends into 3-D computer-aided de-
sign solid model images. The data indicated that a less
conforming prosthesis design may be related to erratic
external rotation motion and other harmful movements,
which may eventually lead to abnormal wear character-
istics and premature prosthesis failure.

Many clinical studies on humans with hip or knee
prostheses are currently being performed to study the
functional outcome of implanted artificial joints. Many of
these studies have found abnormal 3-D gait mechanics
have been related to prosthesis failure. For example,
Hilding et al., in two separate studies (120,121), reported
that large sagittal plane flexion moments were found in
individuals with failed knee arthroplasties compared with
individuals with intact implants.

3.6. Optimizing the Fit of a Lower Extremity Prosthesis for
Gait Efficiency and to Diminish the Risk of Ulcer in Patients
with Amputation

A lower-extremity prosthetic device contains two main
components, a socket and a pilon. The socket is a thin
foam, gel-filled sleeve, thermoplastic attachment, or com-
bination thereof that fits over the residual limb and
attaches directly to the pilon, shank, or joint componentry.
The pilon gives the prosthesis its length and strength and
is covered with a resilient foam shape to match the
contralateral leg. Natural and equal distribution of the
weight of the limb within the socket is a major challenge
associated with fitting a lower-extremity prosthetic limb.
An ill-fit socket can result in inefficient and irregular gait,
unequal distributions of pressure, and ultimately skin
ulcers. Many studies have used the FEA method to
determine transfer (exchange) of load and forces between
residual limb and prosthetic socket in transtibial (below
the knee) amputations (122). These models are useful for
estimating the static and dynamic stress and strain on the
limb (e.g., during gait) and provide insight into future
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socket designs and materials that can better distribute the
loads.

A mal-aligned prosthetic limb can also cause gait
inefficiencies and skin ulcers. Aligning the prosthetic joint
componentry (e.g., knee or ankle) and pilon to a residual
limb and socket is generally determined through tradi-
tional clinical practice with certified practitioners. The
practitioner using alignment recommendations from the
manufacturer aligns the limb and observes the gait pat-
tern for any major deviations affecting walking efficiency.
However, practitioners may not always be aware of or
communicate with the manufacturer on prosthesis align-
ment. Willingham et al. (123) found that 20 of 21 indivi-
duals had sophisticated knee prosthetic devices that were
aligned 39 mm posterior of the manufacturer recom-
mended anterior position of 0–5 mm. Improper alignment
of the prosthetic limb can have profound effect on gait
patterns. A gait analysis revealed that the mal-aligned
prosthetic limbs in the study resulted in multiple gait
deviations including lateral trunk lean, uneven or absent
arm swing, waiting for the knee to extend during the
swing phase, uneven step length, abnormal swing phase,
pelvic and pelvic lateral movements, and irregular weight
shifts. Gait analyses not only detect abnormalities that
initially appear clinically insignificant upon observation
but may also be used for tuning the device to the indivi-
dual.

4. FUTURE DIRECTIONS

As the general population is living longer and the number
of people living with a disability continues to increase,
high demand exists for advancements in rehabilitation
techniques and therapies. One area that has been gaining
momentum is rehabilitation robotics. Individuals with
traumatic brain injuries, chronic stroke, or other neurolo-
gical motor impairments are restoring strength, velocity,
and range of motion by being treated with feedback
distortion. Feedback distortion uses repetitive motion
and visual feedback to train the individual’s muscles by
monitoring their previous performance. The feedback
indicates whether the current motion mimics the previous
performance. Another example of robotic rehabilitation is
in sensory transfer, which uses an array of sensors worn
on the arm and actuators worn on the neck and face. When
pressure is sensed on part of the body with impaired
sensory, it transfers the pressure to a part of the body
that still receives neural sensory. As a result, this assistive
technology will reduce the risk of sores, ulcers, and other
injuries related to sensory impairment. Exoskeleton-
based motor learning is also used to retrain muscle move-
ments for those with neural motor impairments. It func-
tions by attaching a robotic exoskeleton, which has motors
at the joints that can provide torques and angular posi-
tioning, to the limb of an individual. The weight of the
limb is supported by the exoskeleton, thus allowing mus-
cle movement for patients with muscle weakness. This
device allows the muscles to help individuals with stroke,
traumatic brain injury, and neurological complications to
perform daily tasks.

Functional electrical stimulation (FES) is another tech-
nique that may improve function and rehabilitation out-
comes. FES is used to stimulate muscle contractions in
people with neurological complications. In FES, low-level
electrical currents are administered to the body using
either surface or implantable electrodes for improvement
or restoration of muscular function. FES applied through
the surface of the skin has been used for many years as a
therapeutic modality (e.g., to alleviate pain or to prevent
muscle atrophy). More recently, this technology is being
used to facilitate standing, walking, bicycling, reaching,
and grasping in individuals with muscle paralysis. The
use of implantable electrodes may be more effective in
terms of restoring function to individuals because they are
inserted directly in the muscle tissue, whereas surface
electrodes require stronger currents in order to penetrate
the body’s tissues to contract the muscles.

The more sophisticated measurement devices used to
evaluate biomechanics are mainly found in research set-
tings because they cannot be practically used in a clinical
setting (e.g., because they are too large, require a high
level of technical expertise to operate, are costly). More
measurement systems geared specifically for clinical use
are expected to appear on the market as biomechanics
data can be very useful for prescribing appropriate thera-
pies, training, tracking patient outcomes, and so on.
GAITRite (CIR Systems, Inc., Havertown, PA), for exam-
ple, is a 14 ft carpet containing 16,128 pressure sensors
that record footprints. This system allows rapid measure-
ments of gait analysis parameters such as step length and
velocity, which can be graphed and analyzed to determine
gait technique, efficiency, and balance.

The future of rehabilitation biomechanics is vast in its
applications with continual discovery and implementation
of new technologies. Rehabilitation biomechanics has
shaped and will continue to shape clinical practices and
improve patient outcomes.
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1. INTRODUCTION

Rehabilitation deals with correction or compensation for
functional deficits not responsive to surgery or pharma-
cology. Rehabilitation engineering is the application of
engineering science and technology to the medical reha-
bilitation of persons with disabilities. The scope of reha-
bilitation engineering extends from basic cellular and
molecular engineering investigating potential therapies
for people with disabilities to the other extreme, including
direct clinical service delivery to persons with disabilities
(1). The critical aspects of rehabilitation engineering
education are that people are well grounded in engineer-
ing principles, scientific methods, clinical practices, advo-
cacy and legislative issues, pathology, epidemiology, and
disability.

Three external forces have produced an environment
favorable to the growth of rehabilitation engineering.
First, an increasing number of people with disabilities,
whether due to improved health care or longer life ex-
pectancy for the population as a whole, created greater
demand for rehabilitation services. Second, the extended
life span of people with disabilities necessitated a para-
digm shift in rehabilitation and public programs. And,
third, changes in health-care provision and research
priorities made the foundation for many rehabilitation
practices inadequate. These factors continue to remain
important and contribute to the continuous evolution of
rehabilitation engineering.

The goal of this article is to provide a general overview
of the rehabilitation engineering field regarding clinical
practice, education, and legislation, with a particular
focus on the applications for different impairments and
disabilities.

2. CLINICAL PRACTICE

Rehabilitation engineering was first used to describe the
applications of technology to assist persons with disabil-
ities when it appeared in the Rehabilitation Act of 1973
(PL 93-112). The definition provided was as follows: ‘‘the
systematic application of engineering sciences to design,
develop, adapt, test, evaluate, apply, and distribute tech-
nological solutions to problems confronted by individuals

with disabilities in functional areas, such as mobility,
communications, hearing, vision, and cognition, and in
activities associated with employment, independent living,
education, and integration into the community’’ (2). This
definition can be used as a guideline for defining the roles
of the rehabilitation engineer in a clinical setting.

For a rehabilitation engineer, the areas of clinical
practice typically include job accommodations, computer
access, vehicle modifications, architectural modifications
and home modifications, augmentative/alternative com-
munications, environmental controls, positioning devices,
seating and mobility, sensory aids, and the use of technol-
ogy for therapy. Awidely used clinical model when provid-
ing services to persons with disabilities is a client-
centered, team-oriented approach, where information
and sources are drawn from a variety of backgrounds.
With an evaluation that typically includes multiple team
members (e.g., physical therapists, occupational therapist,
medical doctors, rehabilitation technology suppliers, and
engineers), it is sometimes difficult to determine the
responsibility of each team member. Winters suggested
that two unique abilities that distinguish rehabilitation
engineers from other assistive technology (AT) service
providers are: ‘‘open-ended problem-solving skills that
include quantitative analysis when appropriate, and ob-
jective quantitative evaluation of human performance’’
(3). In essence, a rehabilitation engineer is the most
appropriate team member to manage, develop, maintain,
modify, and apply technology into the rehabilitation field.
Winters goes on to describe the three main areas of
employment for rehabilitation engineers:

1. Rehabilitation service delivery involving direct in-
teraction with persons with disabilities

2. Product development and sales, usually working for
manufacturing companies or suppliers

3. Rehabilitation research, typically through a univer-
sity, developing and evaluating innovative metho-
dology or design to further the field of rehabilitation
engineering

When working with persons with disabilities in the reha-
bilitation service delivery setting, it is important for the
engineer involved in the evaluation to have current
knowledge of available AT products and services (4,5).
Within an interdisciplinary clinical team, the engineer
would be leaned on heavily to provide solutions to the
more technical problems with the AT equipment or pro-
posed solutions. This being said, the role of the rehabilita-
tion engineer should not be limited to simply providing
technical support to the therapists who are also involved.
Making modifications to equipment, or designing and
manufacturing custom devices, although important,
should not be the only responsibility of a rehabilitation
engineer. As the engineer is directly involved in the
evaluation process, and is often the lead clinician in-
volved, he or she should also be involved with documenta-
tion, training, and follow-up of clients in the use of their
device.

Although a large part of the evaluation process involves
documentation and follow-up, a rehabilitation engineer’s

1
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ability to design and create custom devices should not be
understated. Whenever possible, ‘‘off-the-shelf ’’ solutions
are preferred, because they can generally be provided in a
more timely manner. Often, clinicians will not pursue
devices that go beyond those readily available through
manufacturers. As persons with disabilities come from a
variety of backgrounds, and with unique circumstances
and demands, sometimes these ‘‘off-the-shelf ’’ solutions
are not feasible. Here, it is imperative that the rehabilita-
tion engineer become involved in the design and fabrica-
tion of custom devices. The efficiency of using specific
evaluation tools, such as the House of Quality Matrix (6),
to aid in the process of designing custom devices has been
researched. Although this may serve as a useful guideline
for selecting important design characteristics of a custom
device, it is time consuming, and not applicable in every-
day clinical settings. Thus, a certain proficiency in design
and fabrication skills is also required of rehabilitation
engineers.

Although fabricating custom AT devices is sometimes
necessary, overstepping bounds into other fields is not
recommended. Although it is important for a rehabilita-
tion engineer to have a general understanding of a client’s
medical diagnosis, he or she would not perform the
medical or physical motor examination of a client. Like-
wise, a rehabilitation engineer should not be relied on to
perform such tasks as making environmental modifica-
tions to one’s home. For example, if performing a home
evaluation for its wheelchair accessibility, the engineer
might make recommendations as to the location and type
of ramp that might be installed. However, the actual work
done on making those adaptations would be referred onto
a professional contractor. Here again, it is preferable to
employ a team-oriented approach to the evaluation, i.e.,
have the contractor who will be constructing the ramp
present and involved in the home evaluation as well.

Finally, the development of new products and improved
resources depends heavily on rehabilitation engineering.
It is often those who have direct involvement with the
consumers that have the most insight on areas where
products and services need to be improved.

3. EDUCATION AND CERTIFICATION

The entry level for professional practice in rehabilitation
engineering is typically a master’s degree (7). However, a
few universities offer a master’s degree in this field (e.g.,
Wright State University, University of Virginia, Univer-
sity of Michigan, and University of Pittsburgh), so tradi-
tionally rehabilitation engineers have come from a similar
engineering background such as biomedical engineering.
In addition to offering the degree, universities will often
provide the opportunity to obtain a certificate in AT. This
is typically achieved through attending additional classes
specifically related to AT, and participating in an intern-
ship designed to provide experience in direct consumer
service delivery. Because there is such a broad spectrum
where expertise is needed in the field of rehabilitation,
there is no one set pathway for educating engineers.

Obtaining credentials in rehabilitation engineering is
important for both the professional and the consumer. It
assures consumers and third-party payers that the person
performing the AT evaluation has obtained a certain level
of knowledge and practice in the field. Although engineer-
ing certification examinations, e.g., the Fundamentals of
Engineering Exam, (FE/FLS) and the Principles and
Practice of Engineering (PE) examination, have been
around for several years, the requirements for getting
licensed as a rehabilitation engineer have been a recent
development. Currently, the Rehabilitation Engineering
and Assistive Technology Society of North America (RE-
SNA) offers the only accredited examination for rehabili-
tation engineers, i.e., the Credentialing Examination for
Rehabilitation Engineering Technologist (RET). According
to RESNA, the definition of a Rehabilitation Engineer
Technologist is ‘‘a person who applies engineering princi-
ples to the design, modification, customization and/or
fabrication of assistive technology devices for persons
with disabilities’’ (8). This is a voluntary credential and
does not equate to having passed the PE examination.

4. LEGISLATION

In 1990, the Americans with Disability Act (ADA) was
signed into law, mandating that services and facilities be
accessible to persons with physical and mental disabilities
that substantially limit one or more major life activities.
In 1998, the U.S. Congress passed the Assistive Technol-
ogy Act (ATA), reaffirming the federal role of promoting
access to AT devices and services for persons with dis-
abilities. These acts recognized the important role that AT
and rehabilitation engineering play in the full integration
of people with disabilities into American society, and had
favorable impact on the employment of rehabilitation
engineers and has increased the awareness of rehabilita-
tion engineering services among state agencies.

4.1. Funding Issues

Medicare, the largest health services funding program in
the United States, will cover AT devices, such as a power
wheelchair or augmentative and alternative communica-
tion (AAC) device, under its durable medical equipment
(DME) coverage category. Medicare determines approval
of funding for DME based on three factors: (1) whether the
cost of the item is too high in relation to its therapeutic
benefit; (2) whether the item costs much more than
another medically appropriate item that would serve the
same purpose; and (3) whether the item serves the same
purpose as equipment already available to the person.
Medicare coverage of DME is often limited to reimburse-
ment for low-cost, baseline models with little or no con-
sideration given to increasing a person’s functional status.
This bias also to some extent restricts the development of
rehabilitation engineering and AT that improves function
or helps prevent secondary disabilities.
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4.2. Regulatory Affairs

Many assistive devices, for example, wheelchairs and
prosthesis, are considered medical devices by the U.S.
Food and Drug Administration (FDA) (9) and, therefore,
subject to regulatory controls. The current regulation and
standards may impact the design process of assistive
devices and potentially improve their safety. The FDA
classifies medical devices into three categories based on
the level of potential device risk. Class I devices present
minimal potential for harm to the user, are often simpler
in design than class II or class III devices, and are subject
to the least regulatory control. Examples of class I devices
include elastic bandages, hand-held surgical instruments,
and manual wheelchairs. Class II devices are those for
which general controls alone are insufficient to assure
safety and effectiveness. Therefore, in addition to comply-
ing with general controls, class II devices are also subject
to special controls. Special controls may include special
labeling requirements, mandatory performance stan-
dards, and postmarket surveillance. Examples of class II
devices include powered wheelchairs, infusion pumps, and
surgical drapes. Class III devices are subject to the most
stringent regulatory control due to a lack of information
assuring safety and effectiveness solely through general or
special controls. Class III devices are usually those that
support or sustain human life, are of substantial impor-
tance in preventing impairment of human health, or that
present a potential, unreasonable risk of illness or injury.
Examples of class III devices include replacement heart
valves, silicone gel-filled breast implants, and stair-climb-
ing electric-powered wheelchairs. Examples of class III
devices that currently require a premarket notification
[510(k)] include implantable pacemaker pulse generators
and endosseous implants.

4.3. Wheelchair Standards

Here we take wheelchairs as an example to show the
standard development for AT devices. The ANSI/RESNA
(American National Standards Institute/Rehabilitation
Engineering and Assistive Technology Society of North
America) wheelchair standards were originally conceived
in 1979. A diverse committee consisting of rehabilitation
engineers, wheelchair manufacturers, governmental re-
presentatives, university researchers, and many others
established 18 standards. Since that time, five new sec-
tions have been added, and many original standards have
been revised to accommodate advances in wheelchair
design and technology (10). These voluntary standards
define standardized test methods on how to perform
various tests or measurements on the wheelchair and
are intended to provide objective information about wheel-
chairs to consumers, manufacturers, and clinical practi-
tioners (11). Table 1 shows the 23 standards that pertain
to manual wheelchairs, electric-powered wheelchairs, and
scooters. Based on the results of wheelchair standards
testing, manufacturers should be highly motivated to
improve their products, particularly as consumers are
demanding higher quality products and competition be-
tween manufacturers is growing. In addition, improving
products can increase the reliability of wheelchairs and

reduce the risk to users. Unfortunately, the standards do
not require disclosure of most results in the manufac-
turer’s product literature.

5. APPLICATION AREAS OF REHABILITATION
ENGINEERING

Rehabilitation engineering is an important element of a
comprehensive rehabilitation service and includes the
following service and subjects of research, design, devel-
opment, production, and marketing.

5.1. Seating and Mobility Devices

Seating systems for people with disabilities should ad-
dress functional performance, personal preference, and
medical needs (12,13). Medically a system should address
issues of repetitive strain injuries, soft tissue manage-
ment, comfort, reducing the potential for or accommodat-
ing orthopedic deformities, and maintaining vital organ
capacity. Functionally, the system should address the
movements and support the user’s needs to reach or access
objects, transfer, get under tables, and do activities of daily
living.

5.1.1. Seating and Postural Support. It is important to
understand that the human body is not well designed to
continually sit in the same position, and there is no ideal
position as the body needs to move in order to seek
comfort, stability, and function. People with disabilities
may have limited sensation and/or limited ability to shift
their weight depending on the nature and severity of their
disability; therefore, soft tissue management is vital (14).
The causes of pressure sores vary; therefore, the choice of
seat cushion will vary based on the client’s risk factors and
the characteristics of the cushion. An air- or fluid-filled
cushion will provide optimal pressure relief if adjusted
properly and be highly indicated for a person at high risk
for pressure sore development however unstable and
compromised the function. Likewise a solid board is very
stable to sit on but provides no pressure distribution.
Therefore it is important to identify a system that pro-
vides the right balance of addressing physiological con-
cerns as well as individual needs and desires. Often
cushions are sought that combine materials to provide
stability and pressure relief.

Back supports should conform to and support normal
spinal curvature of the person while allowing for move-
ment as required by the user. In persons with tetraplegia,
a stretched sling back can result in a posterior pelvic tilt
and contribute to a kyphotic spine. However, people with
decreased trunk balance prefer to sit slightly slouched to
obtain more trunk stability. The challenge is to find the
right balance among stability, comfort, and function while
trying to minimize secondary problems. For clients with
muscle weakness in the trunk, the stability from a con-
toured backrest is needed to maintain head and neck
position. Some people with lower level injuries may only
need the soft contouring of an adjustable tension sling
backrest that only supports the lower trunk and leaves the
upper trunk free to move.
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Recline and tilt-in-space technologies relieve pressure,
assist in repositioning, provide comfort, and help with
personal care activities for people with higher level im-
pairment or people who have difficulty repositioning
themselves (15,16). Recline helps stretch hip flexors and
allow for a recumbent position to assist with catheter care,
dressing, and dependent transfers (Fig. 1). Recline alone,
however, creates shear in the seat and back and causes the
user often to slide into a sacral-seated position. For a
person who cannot reposition, adding tilt-in-space will
help with independent repositioning. Tilt-in-space keeps
the hip and knee angles constant when tilting back (Fig.
2). Unlike recline systems, the position of the user is
maintained in the seating system. Subjects with the
inability to provide independent weight shifts or with
pain as a result of prolonged sitting need to be considered
for tilt and/or tilt/recline systems as it is unnatural and
pathological for the human body to sit in the same posi-
tion, especially considering many people with disabilities
are in their chairs for most of the day.

5.1.2. Manual Wheelchairs. Probably the three most
exciting recent developments in ultralight manual wheel-
chairs have been the greater availability of wheelchairs

made from titanium, the greater degree of individualiza-
tion available directly from the manufacturer, and the
continued development of suspension. Regrettably, there
are also market forces being imposed by private and
government insurers that may hamper innovation and/
or limit access to new technologies. It is imperative that
the consumer be knowledgeable and seek expert advice
when selecting a new wheelchair. The terms ‘‘lightweight’’
and ‘‘ultralight’’ wheelchairs are derived from the Medi-
care categories of K0004 and K0005, respectively. K0004
wheelchairs must weigh less than 34 pounds without
footrests or armrests, and K0005, must weigh less than
30 without foot or arm supports. K0004 wheelchairs have
very limited adjustability. Like standard depot chairs
(K0001), they can be sized to the user, but many of these
chairs do not offer features like adjustable axle plates,
quick-release wheels, or a method to change the seat to
back angle of the wheelchair. Because of the wayMedicare

Table 1. List of Wheelchair Standards

Section Standard

Part 00 Nomenclature, Terms, and Definitions
Part 01 Determination of Static Stability
Part 02 Determination of Dynamic Stability of Electric

Wheelchairs
Part 03 Determination of Effectiveness of Brakes
Part 04 Determination of Energy Consumption of

Electric Wheelchairs
Part 05 Determination of Overall Dimensions, Weight,

and Turning Space
Part 06 Determination of Maximum Speed,

Acceleration, and Retardation
Part 07 Determination of Seating and Wheel

Dimensions
Part 08 Static, Impact, and Fatigue Strength
Part 09 Climatic Tests for Electric Wheelchairs
Part 10 Determination of Obstacle-Climbing Ability of

Electric Wheelchairs
Part 11 Test Dummies
Part 13 Determination of the Coefficient of Friction of

Test Surfaces
Part 14 Testing of Power and Control Systems for

Electric Wheelchairs
Part 15 Guidelines for Information Disclosure
Part 16 Flammability Characteristics
Part 19 Wheeled Mobility Devices for Use in Motor

Vehicles (International Standards
Organization only)

Part 20 Performance of Stand-up Type Wheelchairs
Part 21 Electromagnetic Compatibility
Part 24 Attendant-operated Stair-climbing Devices

(ISO only)
Part 25 Batteries and their Chargers (ISO only)
Part 93 Wheelchair Maximum Overall Dimensions
Part 7930 Type Classification Based on Appearance

Characteristics

Figure 1. Recline seating system.

Figure 2. Tilt in space seating system.
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reimbursement is applied, both depot and lightweight
chairs have primarily been engineered for low cost. Man-
ufactures have attempted to build the best wheelchair
possible for under a certain Medicare reimbursable cost.
This has been to the detriment of consumers. The ultra-
light wheelchair is the highest quality chair that is de-
signed specifically as an active mobility device. These
chairs, which can easily cost over $2000, can best be fitted
to the person and incorporate numerous design features
made to enhance the ease of propulsion, enhance trans-
port, and decrease the effects of harmful shock and vibra-
tion on the wheelchair user. At present, it is necessary to
justify the need for a K0004 or K0005 above a standard
K0001.

5.1.3. Electric Powered Wheelchairs. Powered wheel-
chairs can be grouped into several classes or categories.
The most common groupings are based on the functions
provided by the wheelchair and the intended use. A
convenient grouping by intended use is primarily indoor,
both indoor/outdoor, and active indoor/outdoor. Indoor
wheelchairs have a small footprint (i.e., area connecting
the wheels). This allows them to be maneuverable in
confined spaces. However, they may not have the stability
or power to negotiate obstacles outdoors. Indoor/outdoor-
powered wheelchairs are used by people who wish to have
mobility at home, school, work, and in the community, but
who stay on finished surfaces (e.g., sidewalks, driveways,
and flooring). Both indoor and indoor/outdoor wheelchairs
conserve weight by using smaller batteries, which in turn
reduces the range for travel. Some wheelchair users wish
to drive over unstructured environments, travel long
distances, and move fast. Active indoor/outdoor wheel-
chairs may be best suited for these persons. The active
indoor/outdoor wheelchairs include those with suspension
and a power base design. The power base consists of the
motors, drive wheels, castors, controllers, batteries, and
frame. The seating system (e.g., seat, backrest, armrests,
legrests, and footrests) is a separate integrated unit.
Often, seating systems from one manufacturer are used
on a power base from another manufacturer.

Power wheelchair bases can also be classified as rear-
wheel drive (RWD), mid-wheel drive (MWD), or front-
wheel drive (FWD). The classification of these three drive
systems is based on the drive wheel location relative to the
system’s center of gravity (CoG). In RWD power bases, the
drive wheels are behind the user’s CoG and the casters are
in the front. A major advantage of RWD systems is its
predictable drive characteristic and stability. A potential
drawback is its maneuverability in tight areas due to a
larger turning radius. In MWD power bases, the drive
wheels are directly below the user’s CoG and generally
have a set of casters or anti-tippers in front and rear of the
drive wheels. The advantage of the MWD system is a
smaller turning radius to maneuver in tight spaces. A
disadvantage is a tendency to rock or pitch forward,
especially with sudden stops or fast turns. When transi-
tioning from a steep slope to a level surface (like coming off
a curb cut), the front and rear casters can hang up, leaving
less traction on the drive wheels in the middle. An FWD
power base has the drive wheels in front of the user’s CoG,

and it tends to be stable and provides a tight turning
radius. FWD systems may climb obstacles or curbs more
easily as the large front wheels hit the obstacle first. A
disadvantage is that a FWD system has more rearward
CoG; therefore, the system may tend to fishtail and be
difficult to drive in a straight line, especially on uneven
surfaces.

5.1.4. Prosthetics and Orthotics. The CancerWEB on-
line medical dictionary defines prosthetics and orthotics,
respectively, as ‘‘An artificial substitute for a missing body
part such as an arm, leg, or both, used for functional or
cosmetic reasons’’ and ‘‘An external orthopedic appliance
as a brace or splint that prevents or assists movement of
the spine or limbs’’ (17). The range of types and needs for
orthotheses and prostheses is extensive and includes, but
is not limited to, items such as heart valves, wheelchairs,
and artificial limbs. It is apparent from the aforemen-
tioned list that orthotics or prosthetics can be as compli-
cated as the insertion of a pacemaker for the heart or as
simple as a brace to correct posture. However, the im-
plications of all prosthetic and orthotic devices serve one
or all of the following common purposes (18):

1. Relief of pain

2. Immobilization and protection of weak, painful, or
healing musculoskeletal segments

3. Reduction of axial loading, i.e., the force acting along
the axis of the limb

4. Prevention and correction of deformities

5. Improvement of function

Prosthesis and orthotheses can date back to before the
Civil War when leg and arm prostheses, and spinal braces
were made of metal and leather straps rather than
modern materials of plastics and man-manufactured fab-
rics (19). The field of prosthetics and orthotics remains
individualized, however, with professionals dealing speci-
fically with the needs of patients.

In the past 50 years, there has been an increased need
for all types of prosthetics and orthotics due to an in-
creased survival rate of accidents specifically because of
the evolution of medical technology to aid people who have
had accidents. Another reason for the increased need is
the growth in the elderly population due to the baby boom
after World War II and the increased life span. Based on
the growth of the field from these demanding needs, there
has been a resulting growth in the technology of the field
as well as the education and quality of the personnel
involved.

The fit of the prosthesis or orthothesis for the user is
critical, because it will be the fit that determines if the
prosthesis or orthothesis will be optimized in its use, allow
maximum comfort and function for the user, and perform
correctly without adding injury or difficulty to the activ-
ities of daily living of the user. An improperly fitting
prosthesis or orthothesis cannot only be uncomfortable
but cause secondary injuries to the user.

The technological advancements of prosthetics and
orthotics in the past 30 years have been vast. Devices
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have moved from the use of mechanical parts for move-
ment to complex electronics, have decreased in size and
weight, and have increased dramatically in function and
use. One of the most impressive examples is a prosthetic
knee developed by Otto bock, the C-Leg (20) (Fig. 3). The
C-Leg is a prosthetic knee, which through the use of
microelectronics, in conjunction with pneumatic cylinders,
acts as a dynamic device that can change its kinematics to
match the walking style of the user. With the C-Leg,
patients can move more freely in everyday situations,
speeding up or slowing down, as they cross slopes, stairs,
and uneven ground. The C-Leg provides stance resistance
until it senses that the patient is biomechanically safe.
The C-Leg allows patients to enjoy a more active lifestyle
by reducing the incidence of falling and increasing their
confidence.

5.2. Assistive Devices for People Who Are Visually Impaired

The most important sense whereby people receive infor-
mation from the outside world is visual perception. With-
out the benefit of sight, people who are visually impaired
incur many inconveniences in their daily and social lives.
There are two basic classic ways for how the visually
impaired can get around without the help of another
person and without bumping into things. They either
use tactile information from their white cane to navigate,
or their seeing-eye dog can guide and keep them safe. Over

the last few decades, many advanced assistive devices
have been developed to aid people who are visually im-
paired with navigation and computer access.

Lacey et al. (21) described the design and evaluation of
an innovative smart mobility aid for the frail visually
impaired. This work is motivated by the fact that the frail
visually impaired have extreme difficulty using conven-
tional mobility aids such as guide dogs or long canes. The
device has two modes of operation, i.e., manual and
assistive. In the manual mode, the device behaves very
much like a normal walker and provides the user with
information on the environment via a speech interface. In
the assistive mode, the walker assumes control of the
steering and navigates safely around obstacles. Ren-
tschler et al. (22) evaluated a version of this smart aid
on the safety and performance, including stability, energy
consumption, fatigue life, and sensor and control malfunc-
tions. The aid traveled 10.9 km on a full charge and
avoided obstacles while traveling at a speed of up to
1.2m/s. There were no failures during static stability,
climatic, or fatigue testing. However, it could not negotiate
an obstacle height of 10mm or higher. Bourbakis and
Kavraki (23) presented a navigation system that would
help a visually impaired user to be partially independent
and able to walk and work in a three-dimensional (3-D)
dynamic environment. The system carries two vision
cameras and captures images from the surrounding 3-D
environment either by the user’s command or in a con-
tinuous mode, and then it converts these images into
verbal descriptions for each image into a verbal commu-
nication with the user. In other words, the system plays
the role of human assistant, who describes to the user the
3-D visual environment. Shinoda et al. (24) developed an
auto-navigation system that supports the activities of the
visually impaired without help of others. This system
navigates them by using information from three sensors
(a gyroscope, a terrestrial magnetism sensor, and an
acceleration sensor), DGPS, and digital maps. The experi-
ments show that under any condition the position of a user
can be estimated accurately and the system can calculate
a suitable route and navigate subjects correctly.

Besides navigation, it is imperative that the visually
impaired be able to access computers and other informa-
tion resources. Screen magnification software for people
with low vision can enlarge the viewing area of a computer
monitor display. Magnification levels are measured in
power levels, such has 2� 2 power, and can go as high
as 16�magnification. Currently available screen-reading
products allow the visually impaired user to read the
screen using speed synthesis or Braille display hardware.
Most of these applications are capable of reading one line
of the screen at a time, and the document is accessed in a
sequential manner. McKiel (25) developed an audible
feedback scheme that successfully allows a blind computer
user to fully comprehend and use a windowed graphical
user interface (GUI) in the same manner as a sighted user.
The user controls a pointer on the display using a mouse
or similar input device. As the pointer passes over win-
dows, controls, and other graphical features, stereo sounds
are generated by special software to convey the identity of
the features. The sounds, which may combine musical

Figure 3. The C-Leg.
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tones, filtered noise, recorded sound effects, and synthe-
sized speech, allow the user to probe and mentally map
the graphical environment in a manner similar to using
tactile feedback in the physical environment. Zajicek and
Powell described the application of WebChat with parti-
cular reference to the facilities made available on the
menu bar to help users orientate themselves to the con-
tents of a Web page (26). These assistive devices for
information access and navigation enable people who are
visually impaired to function independently in everyday
life, leading to as normal a career as possible.

5.3. AAC Devices

Communication is the act of giving or sharing thoughts,
opinions, or information with speech, sign, expressions, or
writing. The field of augmentative communication ad-
dresses the needs of people who cannot clearly commu-
nicate or express themselves using standard
communication tools, such as spoken language, body
language, sign language, and handwriting. When a person
cannot communicate using standard techniques, they may
need an AAC device with the ability to fulfill their com-
munication needs. AAC devices help persons in producing
and/or understanding speech. The technology can range
from a low-tech communication board with pictures re-
presenting daily needs to sophisticated electronic speed
synthesizers. The devices can either have simple voice
output, e.g., a BIGmack communication aid,1 or voice
output with dynamic display or icon sequencing, e.g.,
DynaMyte2 and Alphatalker II.3

In developing efficient AAC devices, it is vital to con-
sider their ease and efficiency of use in comparison with
natural speech as well as with other AAC aids. Cornish
and Higginbotham (27) developed several procedures for
testing the efficiency and usability of different AAC pro-
ducts. Higginbotham et al. (28) described the design of an
utterance-based communication device using a Commu-
nication frame approach to allow the selection of natural
language utterances. Communication frames possess a
schematic structure representing the situational struc-
ture of communication events that can be used to organize
semantically and functionally related utterances that tend
to arise in typical instances of talk. Sy (29) discussed the
motivations behinds the application of artificial intelli-
gence (AI) techniques in augmentative communication
and explored the potential research areas that merge AI
and augmentative communication, for example, use of a
knowledge-based approach in AI to derive analytic meth-
ods for the assessment of the design of an augmentative
communication device. The goal of augmentative commu-
nication research is to enable the user to effectively
communicate with others and become a contributing
member of society.

5.4. Computer Access, Environmental Control, and
Communication

People with disabilities are increasingly using electronic
assistive devices to improve their abilities to perform
essential functions in their daily lives. The function areas
in which electronic devices are most commonly applied are
mobility (powered wheelchairs), communication, environ-
mental control, and computer access for education and
work purposes. Many people with disabilities have diffi-
culties in more than one of these areas, and a significant
number require assistant in all of them. With the ad-
vances made over the last few years combining electronics
and software, more and more assistive devices have
become available to people with disabilities. Distributed
controls over several assistive devices may be adequate to
meet the needs for highly skilled operators of AT in most
circumstances. However, most people have motor as well
as cognitive difficulties to effectively use various interfaces
and assitive devices. In particular, people with severely
impaired physical or mental disabilities cannot optimally
manipulate more than one input device. Clinicians and
users often desire to combine products from various
sources to achieve maximal independence. The result is
to have several devices with their own input devices and
overlapping functions. Integrated control provides access
to various end-effectors with a single input device. The
M3S protocol initiated by the European Economic Com-
munity (EEC) provides a standard interface between
various assistive technologies (30).

The M3S protocol is based on the controller area net-
work (CAN) protocol initially created in the mid-1980s for
automotive applications as a method for enabling robust
serial communication (31). The goal was to make auto-
mobiles more reliable, safe, and fuel-efficient while de-
creasing wiring harness weight and complexity. Since its
inception, the CAN protocol has gained widespread popu-
larity in industrial automation and automotive/truck ap-
plications. Recently, medical equipment including
assistive devices are also starting to use the benefits of
CAN. The CAN bus has some favorable aspects in the
fields of noise immunity, error detection and recovery
capabilities, and availability of real-time communication
facilities, which makes it a de facto communication stan-
dard used by some assistive devices including powered
wheelchairs. Linnman (32) presented a review of this open
electronic network standard for connecting rehabilitation
equipments, especially electric modules for a powered
wheelchair. The review focused mainly on defining what
the M3S system’s capabilities are and how they work
together.

Using integrated communication devices and environ-
mental control units, persons with severe physical dis-
abilities do not have to wait for an unimpaired person to
complete tasks or wait to have the input device positioned.
They can control output devices such as wheelchairs,
communication aids, telephones, televisions, window
drapes, unlocking doors, and air conditioners at their
will. This increases their level of independence and pro-
ductivity and provides more options for persons who have
minimal physical control. In addition, the operation of one

1http://ican.enablemart.com/productdetail.aspx?store¼10&pid
¼697&dept¼22.
2http://www.dynavoxsys.com/.
3http://www.prentrom.com/servfaqs/alpha/alphaterms.html.
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control takes less valuable space within the users’s reach.
Godo (33) presented a bio-potential-based environment
control system, which was built to assist a person with
severe disability in controlling his/her immediate home
environment. The system consists of three components: a
signal processor, a digital control box, and X-10 modules.
The digital control box allows the user to control all types
of appliances in different rooms of the house. Jones et al.
(34) described a study in which an environmental control
system was developed specifically for a spinal cord injury
unit. This device consists of continuous monitoring and
control over approximately 14 subjects through a micro-
processor-based central control unit.

The concept of smart home technology for people with
disabilities integrates the environment control, augmen-
tative communication control, and computer access tech-
nology with the purpose of automating the home,
increasing safety and security, and obtaining comfort,
communication, and energy saving. A person with a
significant level of physical disability can control a device
in another part of the house and inquire as to the state of
something in a smart house. Elger and Furugren (35)
described a 3-year project to renovate an apartment by
integrating information, communication technology, and
computer-based solutions, which help people who are
elderly or who have a disability to achieve a richer and
more independent lifestyle. The aware home project con-
ducted by the Georgia Institute of Technology involved
extensive research on smart home technology (36,37).

People with disabilities require access to computers,
and their quality of life may be increased with use of a
personal computer. A computer mouse can be difficult for a
person with a disability to use. The user needs to be able to
grasp the mouse, move it around in a controlled fashion on
a table, and often hold down a button while making these
movements. Therefore, a joystick-to-mouse adaptor is
useful to provide people with the ability to use a single
input method for both devices. LoPresti et al. (38) devel-
oped such an adaptor and tested the performance of
several control modes: position, velocity, and hybrid con-
trol. Spaeth et al. (39) designed an electric circuit that
allowed the joystick of a powered wheelchair to be used as
a computer mouse. They translated the proportional
signals from an isometric joystick into quadrature signals
normally received by commercial mouse controllers. They
also explored the possibilities of controlling various de-
vices through a wheelchair joystick.

Alternative computer input devices are now available
in a variety of options to support the needs of people with
disabilities. An effective access method to a personal
computer via channels other than the hands is desirable
to some of them. Biosignals, e.g., electrooculographic
(EOG) signals, electromyographic (EMG) signals, and
electroencephalographic (EEG) signals, are often used as
control inputs. Barea et al. (40) developed a system for
assisted mobility based on EOG signals from eye move-
ment. One of the most important features of the system
was that the eye-control method could be applied to
manipulate graphical interfaces on a computer, where
the eye was used as a computer mouse. The results
obtained showed that this control technique could be

useful in multiple applications, such as mobility and
communication aid for people with disabilities. Barreto
et al. (41) proposed the use of EMG and EEG biosignals
gathered from the user’s head for computer curser move-
ment. In their evaluation trial, the untrained subjects
could reliably move the cursor at a low speed. This system
used easily produced EMG signals from the head/face
muscles and can therefore be used by many users, even
those with no motor control below the neck. The Eye
Mouse (EM) developed by Norris and Wilson (42) is a
communication aid designed for people with disabilities.
Specifically, it provided the user with a means to control
an ordinary personal computer mouse with a combination
of eye movements and blinks. By constantly monitoring
the EOG signal of the user, the EM was able to recognize
several intentional eye motions and, in turn, control a
cursor on the PC screen.

5.5. Rehabilitation Robotics

Over the last 10 years, there has been a great deal of
research and development in the field of rehabilitation
robotics. The primary benefit of a rehabilitation robot is
that it reduces the need for a human attendant or the
workload of a therapist. People with a disability can use
the device independently and may develop a higher level
of self-esteem and functional performance.

A rehabilitation robot has many forms, e.g. ‘‘smart
wheelchairs,’’ wheelchair-mounted robotic arms, or ther-
apeutic robots. Independent mobility is critical to persons
of mobility impairments. Although the needs of many
persons with disabilities can be satisfied with powered
wheelchairs, a significant segment of the disabled com-
munity exists who find it difficult or impossible to operate
a standard powered wheelchair. To accommodate this
population, researchers have used technologies originally
developed for mobile robots to create ‘‘smart wheelchairs.’’
A smart wheelchair typically consists of a standard elec-
tric-powered wheelchair equipped with an intelligent con-
trol and navigation system. A collection of sensors, e.g.,
sonar, wide-beam sonar, infrared, bump sensors, or cam-
era, is usually mounted around the wheelchair to detect
objects in the environment and assist with obstacle avoid-
ance, path following, or tasks such as moving through
doorways. Different from mobile robot navigation systems,
the degree of the control shared between the user and the
machine needs to be well balanced in a wheelchair gui-
dance system. Many previous systems developed provided
several modes of operation to realize the goal of shared
control. The common set of operating modes provided by a
smart wheelchair consists of AvoidObstacle, FollowWall,
and PassDoorway (43). Fioretti et al. (44) presented the
design of a guidance system and its integration with a
commercial-powered wheelchair. The system had two
levels of use. In the first level, when an obstacle was
detected, the navigation module activated a StopþWait
action. In the second level, a correction of the steering
angle based on fuzzy logic was automatically introduced to
the system when an obstacle was encountered. Brienza
and Angelo developed an active joystick with force feed-
back to indicate obstacles in the environment (45). Two
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force feedback schemes, i.e., passive assist and active
assist, were designed to assist persons with marginal
ability to control a conventional-powered wheelchair. Be-
sides the sensors employed for obstacle detection, some
power mobility guidance systems used cameras that,
together with the optical encoders, enabled the wheelchair
aware of its location. Yanco (46) developed a navigation
system where two cameras were mounted below the
wheelchair seat to detect ‘‘cues’’ for accurate localization.
The wheelchair could be ‘‘taught’’ the user’s paths from
locations to locations, and they were stored for further
playback.

A wheelchair-mounted robotic arm is another form of
rehabilitation robots, which usually consists of a powered
wheelchair, a robotic arm, a gripper, the controller of the
robotic arm, and/or vision systems (Fig. 4). Prior and
Warner (47) gave a full review of eight major projects of
wheelchair-mounted manipulators, of which, four are still
active. The robotic manipulator replaces the lost ability to
interact with environments, giving increased indepen-
dence to people with disabilities and reduces their reliance
on care givers. Verburg et al. (48) described a MANUS
manipulator mounted on a powered wheelchair to help
people with disabilities to accomplish daily activities.
MANUS has an integrated control system that allows
operation of both the wheelchair and the manipulator
through the joystick.

Rehabilitative locomotor training for patients with
spinal cord injuries or stroke-related paralysis can be
very labor-intensive and may require three or four physi-
cal therapists for one patient intervention. Robot-assisted
therapy could offer additional benefit compared with con-
ventional physical therapy or locomotor training using
physical therapists. The real perceived advantage of the
therapeutic robotic systems is that they can alleviate the
labor-intensive aspect of the rehabilitation and provide
quantitative performance measures. Different robotic sys-
tems are now in various stages of development and testing

to determine whether use of robots offers an additional
clinical benefit beyond traditional physical therapy. The
MIT-MANUS is the most widely tested robot under ther-
apeutic conditions. It is a two-degree-of-freedom robotic
arm that consists of a five bar linkage selective compliance
assembly robot arm (SCARA) (49). A stroke patient moves
a cursor on a computer screen to a target by moving the
endpoint of the robotic arm in a horizontal plane. The
robot is designed so that the patient experiences minimal
impedance when moving the endpoint of the arm. Force
provided by two brushless motors can be used to help the
patient to complete the target reach if necessary (50). This
mode of operation is known as an active-assisted mode. An
extension to the MIT-MANUS allows about 1900 of vertical
movement in addition to movement in the horizontal
plane (51). During trials of MIT-MANUS, 56 stroke sub-
jects received about 4 hours per week of reaching practice
with the robot in addition to a traditional human-assisted
rehabilitation program (52). After the 4 weeks, robot-
treated patients showed greater gains in muscle control
and muscle strength for the shoulder and elbow when
compared with control patients who received standard
rehabilitation with 1–2 hours per week of exposure to the
robot (robot motors were never turned on) (52).

5.6. Assisted Listening Devices

Hearing loss is commonplace in most societies. Most
people with hearing loss experience a reduced ability to
recognize high-frequency sounds. The normal hearing
range extends from a few Hertz to about 22kHz. Hearing
in the high-frequency range may be reduced due to detri-
mental effects from aging, but often damage is due to
prolonged exposure to high amplitude noise often conco-
mitant with urban life in an industrialized world. Some
studies have also indicated that load music may contri-
bute to hearing loss, and that the damage due to repeated
exposure may not be noticeable for years.

Figure 4. The robotic arm.
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Fortunately, there are several devices to compensate
for loss of hearing. The most common of these devices is
the ‘‘hearing aide.’’ Hearing aides are typically devices
that have a speaker placed within the person’s ear canal,
with a microphone, amplifier, and signal processing unit
attached (53). The signal processing and amplification
may be either analog or digital, with digital systems
becoming increasingly more commonly used. Analog sys-
tems may allow adjustment of the gain and minimal
tuning of the frequency response. Digital systems typi-
cally include a greater variety of tunable parameters,
several of which may be tunable by the user on an as-
needed basis. Frequently tunable parameters include
filter bands, amplifier gain, and frequency equalization.
Hearing aides may be in the canal, external to the ear, and
more recently, they include wireless connections to a
remote controller with a speaker system in the canal.
The latter type of device allows greater flexibility and
amplification. A significant benefit of remote control de-
vices is that higher amplification and tenability can be
accomplished while maintaining a small profile for the
component that may be visible. For example, a wrist watch
has been used as the control interface. This allows discrete
adjustments of the device without the need to remove the
device from the ear. This also makes tuning more inter-
active and optimization faster. Another advantage of
digital technology with remote adjustments is that some
units include a plug for another device, such as a tele-
phone, computer, or speaker phone to be used without
going through the speaker system of the assistive listen-
ing device. Compatibility with other electronic communi-
cation devices should begin to decrease as more direct
interfaces are developed. Work on communication stan-
dards and other electronic devices should facilitate this
area of development.

For people with profound hearing loss, cochlear im-
plants are a possible technological means of improving
hearing (54). Cochlear implants connect electrodes di-
rectly to the auditory nerves to generate electrical signals
that can be interpreted as sounds as people receive train-
ing. Cochlear implants are invasive, and people must meet
strict medical criteria to benefit from them. For persons
who are good candidates, cochlear implants may provide
impressive improvements in hearing. There are several
other assistive listening devices and aides for people with
hearing impairments. This is an area of rapid develop-
ment with some exciting work being done in micro-elec-
tronics and signal processing.

6. SUMMARY

Rehabilitation engineering offers exciting opportunities
for engineers looking to work with people with disabilities.
There are active research programs, commercial develop-
ment activities, clinical practices, and standards develop-
ment processes. Many rehabilitation engineers are drawn
to the profession by the potential to serve people with
disabilities. The opportunity to be part of a clinical team
and to provide continuous chances to be creative and to

have one’s work directly benefit persons with disabilities
is attractive.

BIBLIOGRAPHY

1. R. A. Cooper, Rehabilitation Engineering Applied to Mobility
and Manipulation. Bristol, U.K.: Institute of Physics Press,
1995.

2. The Rehabilitation Act of 1973 (PL 93-112).

3. J. M. Winters, Rehabilitation engineering training for the
future: Influence of the trends in academics, technology, and
health reform. Assistive Technol. 1995; 7(2):95–110.

4. L. Salvo, J. Hilkey, R. Castillo, K. Daugherty, and B. Grier, A
model collaborative for assistive technology service delivery
in a school district. Center on Disabilities Technology and
Persons with Disabilities Conference 2003. Available: http://
www.csun.edu/cod/conf/2003/proceedings/56.htm, Accessed
on Sept. 22, 2005.

5. A. Eubank, G. Dickerson, M. R. Schmeler, and E. V. Toskos,
The Service Delivery Process—Our Changing Roles, Respon-
sibilities and Expectations in the New Millennium. Concur-
rent Session at the RESNA 2000 Annual Conference,
Orlando, FL.

6. G. D. Logan and D. F. Radcliffe, Potential for use of a house of
quality matrix technique in rehabilitation engineering. IEEE
Trans. Rehab. Eng. 1997;5(1):106–115.

7. A. M. Cook and S. M. Hussey, Assistive Technologies: Princi-
ples and Practices. St. Louis: Mosby-Year Book, 1995.

8. RESNA. (No date). RESNA Credentialing Program (Online).
Available: http://www.resna.org/PracInAT/PracInAT.html.
Accessed June 16, 2003.

9. FDA. (2002, Nov. 21). Device Advice (Online). Available:
http://www.fda.gov/cdrh/devadvice/3132.html. Accessed June
6, 2003.

10. American National Standard for Wheelchairs-Volumes 1, 2:
Requirements and Test Methods for Wheelchairs (including
scooters). Arlington, VA: RESNA Press, 1998.

11. P. Axelson, J. Minkel, and D. Chesney, A Guide to Wheelchair

Selection: How to Use the ANSI/RESNA Wheelchair Stan-

dards to Buy a Wheelchair. Washington, D.C.: Paralyzed
Veterans of America, 1994.

12. R. A. Cooper, M. L. Boninger, D. M. Brienza, L. van Roosma-
len, A. M. Koontz, E. LoPresti, D. M. Spaeth, G. E. Bertocci, S.
F. Guo, M. E. Buning, M. Schmeler, M. J. Geyer, S. G.
Fitzgerald, and D. Ding, Pittsburgh wheelchair and seating
biomechanics research program. J. Soc. Biomech. In press.

13. R. A. Cooper, Wheelchairs: A Guide to Selection and Config-

uration. New York: Demos Medical Publishers, 1998.

14. D. Hobson, Comparative effects of posture on pressure and
shear at the body seat interface. J. Rehab. Res. Develop. 1992;
29(4):21–31.

15. S. Sprigle and B. Sposato, Physiologic effects and design
considerations of tilt and recline wheelchairs. Orthop. Phys.

Therapy Clin. North Am. 1997; 6(1):99–122.

16. D. Kreutz, Power Tilt, Recline or Both. TeamRehab Report,
1997.

17. Online Medical Dictionary (Online). Available: http://cancer-
web.ncl.ac.uk/cgi-bin/omd, April 1, 2003.

18. J. B. Redford, Principles of Orthotic Devices in Orthotics
Etcetera. Philadelphia, PA: Williams and Wilkins, 1986.

10 REHABILITATION ENGINEERING: AN OVERVIEW



19. J. B. Redford, Basic Principles of Orthotics and Rehabilitation

Technology in Orthotics, Clinical Practice and Rehabilitation
Technology. Philadelphia, PA: Churchill Livingstone, 1995.

20. J. Kastner, R. Nimmervoll, H. Kristen, and P. Wagner. (No
date). What are the benefits of the C-Leg? A comparitive gait
analysis of the C-Leg, the 3R45 and the 3R80 prosthetic knee
joints (Online). Available: http://www.ottobockus.com/pro-
ducts/c-leg_benefits.pdf, Accessed April 7, 2003.

21. G. Lacey and S. MacNamara, User involvement in the design
and evaluation of a smart mobility aid. J. Rehab. Res. Develop.
2000; 37(6):709–723.

22. A. J. Rentschler, R. A. Cooper, B. Blasch, and M. L. Boninger,
Intelligent walkers for the elderly: Performance and safety
testing of the VA-PAMAID robotic walker. J. Rehab. Res.
Develop., in press.

23. N. G. Bourbakis and D. Kavraki, An intelligent assistant for
navigation of visually impaired people. Proc. IEEE 2nd Inter-
national Symposium on Bioinformatics and Bioengineering
Conference, 2001, pp. 230–235.

24. Y. Shinoda, Y. Yakabe, K. Magatani, K. Yanashima, and R.
Sato, Development of navigation system for the visually
impaired. Proc. 18th Annual International Conference of
the IEEE Engineering in Medicine and Biology Society,
1996, pp. 399–400.

25. F. McKiel, Audio-enabled graphical user interface for the
blind or visually impaired. Proc. the Johns Hopkins National
Search for Computing Applications to Assist Persons with
Disabilities, 1992, pp. 1–5.

26. M. Zajicek and C. Powell, Enabling visually impaired people
to use the Internet. IEEE Colloquium on Computers in the
Service of Mankind: Helping the Disabled, 1997; 11:1–3.

27. J. Cornish and D. J. Higginbotham, AAC Device Testing.
Buffalo, NY: University of Buffalo, 2000.

28. D. J. Higginbotham, D. P. Wilkins, G. W. Lesher, and B. J.
Moulton, Frametalker: A communication frame and utter-
ance-based augmentative communication device. Proc. RE-
SNA Annual Conference, 1999, pp. 52–54.

29. B. K. Sy, AI and augmentative communication: where are we
and where to go? Proc. Annual International Conference of
the IEEE Engneering in Medicine and Biology Society, 1791–
1792, 1989.

30. G. Bardsley, European standards for wheelchairs. IEEE Eng.

Med. Biol. 1998: 42–44.

31. M. Farsi and K. Ratcliff, An introduction to CANopen and
CANopen communication issues. Proc. IEE Colloquium on
CANopen Implementation, 1997, pp. 1–6.

32. S. Linnman, M3S: The local network for electric wheelchairs
and rehabilitation equipment. IEEE Trans. Rehab. Eng. 1996;
4(3):188–192.

33. M. Godo, Bio-potential based environmental control system.
Proc. RESNA 2001 Annual Conference, 2001, pp. 136–137.

34. R. D. Jones, R. H. Hooper, D. I. Armstrong, C. J. Fisher, and J.
J. Tait, Microprocessor-based multi-patient environmental
control system for a spinal injuries unit. Med. Biol. Eng.
Comput. 1980; 18:607–616.

35. G. Elger and B. Furugren, ‘‘SmartBo’’- An ICT and computer-
based demonstration home for disabled people. Proc. 3rd
TIDE Congress, 1998.

36. A. K. Dey, D. Salver, and G. D. Abowd, A context-based
infrastructure for smart environments. Proc. 1st Interna-
tional Workshop on Managing Interactions in Smart Envir-
onments, 1999, pp. 1–15.

37. C. D. Kidd, R. Orr, and G. D. Abowd, The aware home: a living
laboratory for ubiquitous computing research. Proc. 2nd
International Workshop on Cooperative Building, 1999, pp.
1–9.

38. E. LoPresti, B. A. Romich, D. M. Spaeth, et al., Development
of an interface device for proportional mouse emulation
through a power wheelchair controller. Proc. RESNA 2001
Annual Conference, 2001, pp. 71–73.

39. D. M. Spaeth, R. A. Cooper, S. F. Guo, and C. L. Wong, Using
quadrature emulation to connect proportional controls to
personal computers through a standard mouse. Proc. RESNA
2001 Annual Conference, 2001, pp. 74–76.

40. R. Barea, L. Boquete, M. Mazo, and E. Lopez, System for
assisted mobility using eye movements based on electroocu-
lography. IEEE Trans. Neural Syst. Rehab. Eng. 2002;
10(4):209–218.

41. A. B. Barreto, S. D. Scargle, et al., A practical EMG-based
human-computer interface for users with motor disabilities.
J. Rehab. Res. Develop. 2000; 37(1):53–64.

42. G. Norris and E. Wilson, The eye mouse, an eye communica-
tion device. Proc. 23rd Northeast Bioengineering Conference,
1997, pp. 66–67.

43. S. P. Levine, D. A. Bell, L. A. Jaros, R. C. Simpson, and Y.
Koren, The NavChair assistive wheelchair navigation sys-
tem. IEEE Trans. Rehab. Eng. 1999; 7(4):443–451.

44. S. Fioretti, T. Leo, and S. Longhi, A navigation system for
increasing the autonomy and security of powered wheel-
chairs. IEEE Trans. Rehab. Eng. 2000; 8(4):490–498.

45. D. M. Brienza and J. Angelo, A force feedback joystick and
control algorithm for wheelchair obstacle avoidance. Disabil-

ity Rehab. 1996; 18(3):123–129.

46. H. A. Yanco, Developing and testing of a robotic wheelchair
system for outdoor navigation. Proc. RESNA 2001 Annual
Conference, 2001, pp. 145–147.

47. S. D. Prior and P. R. Warner, Wheelchair-mounted robots for
the home environment. Proc. IEEE/RSJ International Con-
ference on Intelligent Robots and Systems, 1993, pp. 1194–
1200.

48. G. Verburg, M. Milner, S. Naumann, J. Bishop, and O. Sas, An
evaluation of the MANUS wheelchair-mounted manipulator.
Proc. RESNA 1992 Annual Conference, 1992, pp. 602–604.

49. H. I. Krebs, N. Hogan, M. L. Aisen, and B. T. Volpe, Robot-
aided neurorehabilitation. IEEE Trans. Rehab. Eng. 1998;
6:75–87.

50. H. I. Krebs, B. T. Volpe, M. L. Aisen, and N. Hogan, Increasing
productivity and quality of care: robot-aided neuro-rehabili-
tation. J. Rehab. Res. Dev. 2000; 37:639–652.

51. H. I. Krebs, M. Ferraro, S. P. Buerger, M. J. Newbery, A.
Makiyama, M. Sandmann, D. Lynch, B. T. Volpe, and N.
Hogan, Rehabilitation robotics: pilot trial of a spatial exten-
sion for MIT-Manus. J. Neuroeng. Rehab. 2004; 1:5.

52. B. T. Volpe, H. I. Krebs, and N. Hogan, Is robot-aided
sensorimotor training in stroke rehabilitation a realistic
option? Curr. Opin. Neurol. 2001; 14:745–752.

53. M. Tomita, W. C. Mann, and T. R. Welch, Use of assistive
devices to address hearing impairment by older persons with
disabilities. Int. J. Rehab. Res. 2001; 24(4):279–290.

54. P. Loizou, Introduction to cochlear implants. IEEE Eng. Med.

Biol. Mag. 1999; 18(1):32–42.

REHABILITATION ENGINEERING: AN OVERVIEW 11



RESORBABLE MATERIALS IN ORTHOPEDIC
SURGERY

MARK BORDEN

Director of Biomaterials
Research, Interpore Cross
International

Irvine, California

1. INTRODUCTION

Historically, the use of implants in orthopedic surgery
originated from fracture repair and joint replacement
applications. During the late 1920s, stainless steel bone
implants, such as Kirshner nails and Steinman pins, were
popularized for the surgical treatment of fractures (1).
With the introduction of new surgical materials, such as
cobalt alloys, polyethylene, and poly(tetrafluoroethylene)
[TeflonTM], surgeons and engineers began working toward
the design and fabrication of artificial joints. The advent of
new high-strength implant materials allowed researchers,
such Dr. John Charnley, to begin pioneering work in total
hip replacement surgery in the late 1930s (1,2). As ad-
vances in chemistry, metallurgy, and ceramics progressed
throughout the years, a large variety of implants have
entered the orthopedic market. Today, orthopedic im-
plants are composed of specialized metals, ceramics, poly-
mers, and composites that possess a large range of
properties. Although these materials have been success-
fully fabricated into a variety of implants, one common
issue has remained. Once the device has performed its
required function and is no longer needed, it remains as a
bystander in the now healthy tissue. The issue is that the
long-term presence of an implant in the body can result in
implant-related complications such as loosening, migra-
tion, mechanical breakdown and fatigue, generation of
wear particles, and other negative effects (3–6). With
prolonged patient life spans and higher activity levels,
more and more people are now outliving the lifetime of
their implants.

The potential for long-term implant problems has
driven researchers to look to a unique category of materi-
als that are capable of being completely resorbed by the
body. These bioresorbable or biodegradable materials are
characterized by the ability to be chemically broken down
into harmless byproducts that are metabolized or excreted
by the body. Materials of this type offer a great advantage
over conventional nonresorbable implant materials. Bior-
esorbable implants provide their required function until
the tissue is healed, and once their role is complete, the
implant is completely resorbed by the body. The end result
is healthy tissue with no signs that an implant was ever
present. As the implant is completely gone from the site,
long-term complications associated with nonresorbable
devices do not exist.

2. ORTHOPEDIC APPLICATIONS OF RESORBABLE
IMPLANTS

The ability of a resorbable implant to provide temporary
fixation followed by complete resorption is a desirable
property for a large variety of surgical applications. In
relation to orthopedic surgery, this behavior is particu-
larly useful based on the goal of restoring physiological
function to the tissues and joints of the skeleton. In
general, orthopedic surgery is often compared with car-
pentry in that the surgeon’s instruments often consist of
hammers, drills, and saws. Similar to carpentry, specia-
lized screws, plates, pins, and nails are used to fix one
material to another. In orthopedics, this fixation can be
categorized into two main areas: bone-to-bone fixation and
soft tissue-to-bone fixation. Bone fixation is used in the
treatment of complex fractures and in reconstructive
procedures of the skeleton. The implants used in these
surgeries are designed to maintain the position of the bone
fragments, to stabilize the site, and to allow for eventual
fusion of the fracture. As a result of the fracture healing
process, the bone is remodeled so effectively that it is often
difficult to locate the initial injury. With nonresorbable
implants, the long-term presence of the device only serves
as a source for potential complications. Resorbable im-
plants, on the other hand, alleviate this concern by fully
resorbing and allowing the bone to completely remodel
into its normal physiological state.

In addition to bone fixation, soft tissue fixation is also
an excellent application of resorbable implants. This type
of reconstruction is often the result of trauma to joints,
such as the knee and shoulder, which typically occur as a
result of sports injuries or accidents. The goal is to restore
stability to the joint by replacing or reconstructing the
ligament or tendon interface to bone. In the knee, for
example, the reconstruction of a torn anterior cruciate
ligament (ACL) is a common sports medicine procedure.
This type of surgical reconstruction consists of replacing
the torn ACL with a bone-tendon-bone graft taken from
the patient’s patella and fixing the graft across the joint.
During the procedure, the bony portion of the ACL graft is
fixed in bone tunnels drilled into the tibia and femur. In
order to stabilize the graft and aid in the formation of a
stable bone-to-ligament interface, interference screws are
used to fix the graft to the site. Once bone has been
incorporated into the graft, the device is no longer needed.

Another example of soft tissue reconstruction is the
repair of a tear in the rotator cuff tendon of the shoulder.
This type of injury requires re-establishing the tendon-to-
bone interface. To facilitate this process and restore
stability to the shoulder, implants called suture anchors
are used to provide a means to affix the torn tendon to the
bone of the humerous. Just as the name describes, these
implants function by providing an anchor in the bone,
which allows the attached suture to tighten down on the
tendon and pull it in contact with the bone. As healing
progresses, a stable interface develops and joint function
is restored. Similar to other fixation applications, once the
interface has fully healed, the implant is no longer needed.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



3. FUNCTION OF A RESORBABLE IMPLANT

As seen from the various types of tissue fixation proce-
dures within orthopedic surgery, resorbable implants are
exposed to a variety of healing environments. Out of the
currently used materials in orthopedic surgery, only the
polymer and ceramic groups contain resorbable biomater-
ials. It is the specific properties of these materials that
allow them to be used as resorbable devices. In evaluating
a material for potential use as an implant, the key proper-
ties include implant biocompatibility, resorbability, and
mechanical properties. The first criteria, biocompatibility,
refers to the ability of the material to be implanted into
the body without negatively affecting the surrounding
tissue, which includes the absence of inflammation, toxi-
city (materials that kill surrounding cells), carcinogenicity
(materials that can cause cancer), genotoxicicty (materials
that damage the DNA of surrounding cells), and muta-
genicity (materials that cause genetic mutations within
the cell). More specifically related to bone, the implant
must also be osteocompatible, which means the material
does not interfere with the normal bone healing process
(7).

Although biocompatibility has a direct effect on how the
tissue surrounding the device heals and is an important
property of the implant, the main criteria related to
implant function are the resorbability and mechanical
properties. Once the device is implanted, it provides
immediate mechanical stabilization to the site while the
tissue heals. As the regenerating bone, ligaments, or
tendons become stronger over time, the implant site
becomes less dependent on the device and more dependent
on the healing tissue. This concept is shown in Fig. 1. In
this situation, the implant provides all of the mechanical
support immediately following placement. As the device
begins to degrade, the mechanical properties decrease
over time and are gradually transferred to the new tissue.
During this period, the regenerating tissue responds to
the gradual loads and begins to remodel and become
stronger. In the healing of musculoskeletal tissue, the
sharing of the load between the implant and the tissue
results in further regeneration. Once healing is complete,
the load is fully transitioned to the tissue, which is now

mechanically independent from the implant. On final
resorption of the device, the site is left fully functional
and entirely free of any implant material.

The ability to gradually transfer load to regenerating
tissue is an important part of the musculoskeletal healing
process. This characteristic is only found in resorbable
materials. Although metallic implants offer effective load-
bearing properties in applications such as joint replace-
ment and certain spinal surgeries, these high-strength
materials do not resorb and do not effectively transfer
loads to the implant site. As a result of the high strength of
metals, these implants bear the majority of the force at the
site and can shield the surrounding tissues from any load.
This phenomenon is called stress shielding and can actu-
ally cause bone to resorb in certain areas around the
implant (8,9). The stress shielding effect is based on a
concept called Wolff ’s Law, which describes the ability of
bone to dynamically respond to the presence or lack of
stress by changing its density and strength.

When bone is subjected to new loads, the additional
stress stimulates bone formation and the tissue increases
in strength and density. When the remodeling process is
complete, the stronger tissue can now fully support the
added load. However, when a high-strength material such
as metal is placed in bone, the bone surrounding the
implant is shielded from the normal stresses that results
in a decrease in the strength and density of this tissue and
possible bone resorption. This phenomenon can cause
complications such as implant loosening or fracture of
the implant site. Polymer and ceramic materials, on the
other hand, have mechanical properties that are similar to
bone that allows them to share the stresses with newly
regenerating tissue, thereby preventing resorption and
other stress shielding complications (10–12).

Although load transfer and strength retention are
common properties of all resorbable implants, not all
surgical sites heal at the same rate. In fracture fixation
applications where bone-to-bone contact is maintained,
healing can be as short as 6–8 weeks. However, in applica-
tions such as spinal fusion where significant amounts of
tissue need to be formed in the intervertebral space, the
healing process can take up to 6–12 months. Based on the
dependence of implant function on the surgical site, the
material choice becomes an important part of implant
development. The challenge in designing an implant lies
in choosing a material that correctly matches the function
and strength requirements of the surgical application,
which can be accomplished through a thorough under-
standing of the function of the implant, the load require-
ments of the implant site, and the properties of the
material.

4. RESORBABLE POLYMERS

One of the most versatile materials used in orthopedic
surgery are polymers. Polymers are a group of materials
that are produced through a chemical reaction that results
in a long chain of repeating molecules called monomers. In
addition to polymers composed of a single monomer
repeating unit, there are other materials called copoly-
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Figure 1. Optimal stress transfer profile for resorbable implants
demonstrating the load-sharing properties of the implant.
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mers that have two or more monomer repeating units. By
combining different monomers, the properties of the re-
sultant copolymer can be specifically modified to serve a
certain purpose. This versatility can also be achieved by
modifying the polymerization reaction and the post pro-
cessing techniques used to create polymer implants. Table
1 shows a few examples of the many properties that
characterize polymers. These characteristics can be al-
tered by changing the molecular weight, chemical struc-
ture, and morphology of the polymer or copolymer.

The molecular weight of a polymer is a measurement of
the number of repeating units found in the entire mole-
cule. During the formation of polymers and copolymers,
the length of the molecule can be controlled to give a
variety of molecular weights. The length of the polymer
chain can be a small as a few thousand repeating units or
as large as a million, which can have a significant effect on
the degradation properties of the polymer. When a poly-
mer breaks down, it occurs through random cleavage of
the chemical bonds along the polymer chain. It is not until
the polymer finally fragments into its monomer form that
the material is absorbed by the surrounding tissue. There-
fore, longer polymers chains with higher molecular
weights will take a longer time to degrade because there
are more bonds to the cleaved.

Additionally, the chemical structure can also affect
degradation. As described previously, the backbone of a
polymer consists of a long, continuous chain of monomer
units linked together. In all resorbable polymers, it is the
backbone of the polymer in which degradation occurs. The
typical linkage that allows polymers to break down is a
carbon-oxygen-carbon (C–O–C) bond. This bond is found
in ester-, carbonate-, carboxylic acid-, and amide-based
polymers. The degradation process occurs at this bond
when the material is exposed to water. In a process called
hydrolytic degradation, water molecules chemically react
with the C–O–C bonds causing them to break apart at
random areas throughout the polymer chain. The chemi-
cal structure of the polymer dictates the ability of the
water molecules to access these bonds and start the
degradation reaction. If the polymer is characterized by
large bulky side chains or strong C–O–C bonds, it becomes
difficult for the water molecule to penetrate the polymer
chains to react with the backbone, which results in a
prolonged degradation period. The opposite is true for
polymers that tend to absorb water and do not have any

large side chains. In these polymers, the water molecules
can easily access the backbone, and the degradation
process proceeds at a relatively fast rate.

The final characteristic that can affect the degradation
and strength of a polymer is the morphology. The mor-
phology of the polymer refers to the orientation of the long
polymer chains throughout the material. Polymer mor-
phology can be classified into three groups: crystalline
polymers, semicrystalline polymers, and amorphous poly-
mers. The crystallinity of a polymer develops from areas
within the material in which the polymer chains are
aligned and tightly packed together. This type of orienta-
tion forms dense crystalline regions within the random
arrangement of the polymer chains. A highly organized
polymer is considered crystalline, whereas a completely
random orientation is considered amorphous. Semicrys-
talline polymers fall between these two extremes and exist
with varying degrees of crystallinity (see Fig. 2).

The effect of crystallinity on the degradation of the
polymer is a result of the tight orientation between the
polymer chains in the crystalline regions. With highly
crystalline polymers, the degradation rate is very slow
because of the difficulty of water gaining access to the C–
O–C bonds. These polymers degrade at a rate much slower
than polymers that are completely amorphous with no
crystalline regions (13). The crystallinity also affects the
mechanical properties of the polymer. The dense, orga-
nized areas within the crystalline polymer make these
regions stronger than the unorganized, amorphous re-
gions. As a result, an increase in crystallinity translates
into an increase in mechanical properties.

The ability to alter the properties of a polymer has
resulted in thousands of different materials used in a wide
range of applications. However, only a few of these poly-
mers can be effectively used as medical implants because
of the strict requirements of surgical implants. The follow-
ing sections describe some of the polymers currently used
in orthopedic surgery.

4.1. Poly(hydroxy acids)

Poly(hydroxy acids) were the first group of resorbable
materials to be used in surgery (14). The main polymers
in this family are poly(lactic acid) [PLA], poly(glycolic
acid) [PGA], and the copolymer poly(lactide-co-glycolide)
[PLG]. The basic chemical structure of these materials is

Amorphous
Region

Crystalline
Regions

Figure 2. Semicrystalline polymer showing orienta-
tion of amorphous regions and crystalline regions.
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shown in Fig. 3. Originally, PLA and PGA were used as
degradable sutures (15–18). However, since their initial
success in the wound closure field, both of these polymers
have been fabricated into several orthopedic implants,
including screws (19,20), plates (19,21), pins (22–25),
suture anchors (26), and bone grafting scaffolds (27–30).
In addition, several new devices composed of the PLG
copolymer have been developed over the past 10 years (31–
35).

Although the chemical structure of PLA and PGA is
somewhat similar, the presence of a methyl group (–CH3)
in PLA significantly changes its physical properties com-
pared with PGA. Comparatively, PGA has a lower
strength and degrades in approximately 3–6 months,
whereas certain forms of PLA can take 3–5 years to fully
degrade. Although only a single methyl group exists
differentiating PLA from PGA, the location of this side
group close to the C–O–C bond makes it difficult for the
water molecules to gain access to the cleavage site,
thereby prolonging degradation.

In addition, the methyl group in PLA also gives the
polymer a unique chemical orientation. As a monomer,
lactic acid is a molecule that can have two different
molecular orientations: L-lactic acid and D-lactic acid.
These isomers are based on the orientation of the methyl
and hydrogen groups on the molecule. Figure 4 shows the
chiral nature of the lactic acid molecule and the resulting
stereoregular polymers: poly(L-lactic acid) [PLLA], poly(D-
lactic acid) [PDLA], and poly(D,L-lactic acid) [PDLLA].
Although three forms of PLA exist, in the medical field,
PLLA is used more often than PDLA because the degrada-
tion product is the same as naturally occurring L-lactic
acid (13).

Using the various forms of PLA, polymers with sig-
nificantly different properties can be synthesized. The
effect of the starting isomer on the physical properties of
the material is dramatically seen in the properties of
PLLA and PDLLA. In Fig. 4, the chemical structure of
PLLA is represented by a long chain with all of the –CH3

groups on one side. This uniformity allows the chains to
pack tightly together resulting in a highly crystalline
material that has a high strength and long degradation
period (3–5 years). PDLLA, on the other hand, is char-
acterized by either a random or alternating arrangement
of the –CH3 groups and –H groups. This molecule orienta-
tion prevents the polymer chains from packing together,
resulting in a completely amorphous polymer with a lower
strength and shorter degradation profile (9–12 months). In
addition, the polymerization of L-lactic acid and D,L-lactic
acid together results in a copolymer with properties in
between PLLA and PDLLA. In recent years, the 70:30
combination of poly(L/D,L lactic acid) has gained popularity
in orthopedic applications because of its ability to retain
its strength for 9–12 months while being completely
resorbed within 1.5–2 years (36–38). This copolymer ap-
pears to provide the best of both worlds in that it has the
strength retention of PLLA but has a degradation period
only slightly longer than PDLLA.

In addition to the lactic acid-based copolymers, a
combination of PLA and PGA has also been shown to be
an effective implant material (31–35). As a result of the
large differences in the degradation properties of PLA and
PGA, the poly(lactide-co-glycolide) [PLG] copolymer can
be modified based on the PLA to PGA ratio to provide
varying degradation periods. Common PLG copolymers
used in orthopedic surgery have PLA:PGA ratios of 50:50,
75:25, and 85:15. This combination not only provides both
slow and fast resorbing monomer units but also eliminates
any crystallinity, making the copolymer completely amor-
phous. These materials have been commonly used as

Table 1. Range of Common Properties Found in Orthopedic Polymers

Property Range

Resorbability Fully resorbable Nonresorbable
Strength Low strength High strength
Moldability Flexible Rigid
Physical state Gel/liquid Solid
Temperature sensitivity Flexible at higher temperature Rigid at all temperatures
Radiation resistance Low High
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Figure 3. Chemical structure of poly(lactic acid), poly(glycolic
acid), and the copolymer poly(lactide-co-glycolide).
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fracture implants because of the shorter 6–12 month
degradation period.

Although PLA and PGA polymers have been success-
fully used in patients for several years, certain cases exist
where the abundance of acidic monomers at the site has
caused inflammation and bone resorption (39–48). When
PLA and PGA polymers near the end of degradation, they
release lactic acid and glycolic acid, respectively. Although
these degradation products can be metabolized by the
body, if the surrounding tissue cannot absorb the acid in
a timely manner, the buildup of acid and resultant drop in
pH at the implant site can cause bone to resorb. Histori-
cally, this effect has mainly been seen in the fast resorbing
PGA implants; however, there have been a few cases
reported with PLA (43,46,49,50). Although the bone re-
sorption complication is detrimental to the healing of the
implant site, the complication rate has been relatively low.
In a review of over 2000 patients by Bostman, only 5% of
the patients have shown implant-associated reactions
(44).

Additionally, the copolymers PLG and PLDLLA have
been shown to possess a more osteocompatible degrada-
tion profile because of a gradual release of the acidic
byproducts (36,51–56), which has minimized acid dump-
ing and the associated bone resorption complications. In a
study by Eppley et al. (35), 1883 patients treated with
PLG plates and screws for bone fixation in craniofacial
procedures showed an implant-related complication rate
of only 0.5%, which was well below the 5% rate reported by
Bostman for PGA and PLA implants. Overall, the PLG
and PLDLLA copolymers have been shown to be effective

devices for fracture fixation, bone graft containment, and
soft tissue fixation, and have begun to replace the out-
dated PLA and PGA devices (37,38,57,58).

4.2. Polycarbonates

Another group of resorbable polymers are the polycarbo-
nates. Although the majority of the polymers and copoly-
mers within the polycarbonate family are nonresorbable
plastics used for industrial applications, a select few exist
that are resorbable and can be used as orthopedic im-
plants. One group of medical-grade polycarbonates are the
copolymers based off of poly(trimethylene-carbonate)
[PTMC] and poly(glycolic acid) or poly(lactic acid). These
combinations offer the combined advantage of the proces-
sing versatility of PTMC and the resorbability and
strength of PLA and PGA. PTMC copolymers have been
used for soft tissue fixation in shoulder surgery as suture
anchors and soft tissue tacks (59–61).

Although the PTMC copolymers with PGA and PLA
offer improved implant properties compared with PTMC
alone, the degradation of the material still produces acidic
monomers. In order to avoid the issues with glycolic acid-
and lactic acid-based polymers and copolymers, an amino
acid-based polycarbonate was developed by Joachim Kohn
at Rutgers University. Designed specifically for orthopedic
applications, the amino acid poly(carbonates) combine the
biocompatibility of individual amino acids with the
strength and processability of standard industrial poly(-
carbonates) (62–64). One such promising polymer, poly(-
DTE carbonate) is derived from the amino acid tyrosine
and has been shown to have excellent strength retention
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Figure 4. The optically active center in lactic acid allows it to
have two different molecular orientations. These orientations
result in three types of stereoregular polymers.
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properties, an optimal degradation profile, and biocompa-
tible degradation products (65–68). Based on large
amounts of characterization data, a material safety file
has been recently established at the U.S. Food and Drug
Administration (FDA) that allows manufacturers to begin
development of poly(DTE carbonate) implants. As a result
of the advantages of poly(DTE carbonate) over conven-
tional resorbable polymers, amino acid-based poly(carbo-
nate) implants may soon be a common sight in orthopedic
operating rooms.

4.3. Other Resorbable Polymers

In addition to the widely used PLA and PGA polymers and
the up-and-coming amino acid-based poly(carbonates),
several other polymers have applications as medical de-
vices. Although not specifically used in orthopedics, the
poly(anhydride) family of polymers developed by Robert
Langer at MIT has been effectively used as drug delivery
vehicles (69–73). The function of these resorbable im-
plants is to provide a sustained and controlled release of
drugs to a specific implant site. The device functions by
releasing molecules entrapped within the implant as it
degrades. Another polymer, poly(dioxanone) has been
used as a resorbable suture material for several years
(74–80). The flexibility of this polymer enables it to be used
as a monofilament suture instead of the typical braided
fiber of PGA, which provides the suture with an improved
ability to move through tissue with less friction, thereby
minimizing the tearing and pulling of the surrounding
areas (81,82). Looking specifically at orthopedic applica-
tions, additional polymers currently in development in-
clude poly(caprolactone) (83–86), poly(hydroxybutyrate)
(87–89), polyurethanes (90–93), and poly(phosphazenes)
(94–96).

5. RESORBABLE CALCIUM CERAMICS

Aside from the polymers, the other group of resorbable
implant materials are the calcium-based ceramics. As a
result of the similarity of these materials with the mineral
content of bone, hydroxyapatite [Ca10(PO4)6(OH)2], cal-
cium ceramics are highly biocompatible and osteocompa-
tible materials that have a long history of clinical use.
These materials are typically used in orthopedic surgery
to fill voids in bone as self-setting cements, or as porous
blocks and granules.

5.1. Calcium Sulfate

One the first materials to ever be used as a filler for bone
defects was calcium sulfate (Plaster of Paris) (97). In its
dehydrated form (calcium sulfate hemihydrate), this ma-
terial undergoes a chemical reaction when mixed with
water that allows it to function as a resorbable cement. As
the cement reacts, it transforms from a slurry, to a paste,
to a dough, and then fully sets into its final hardened form
(calcium sulfate dihydrate). This reaction is exothermic in
that it produces heat; however, the increase in tempera-
ture is only slightly above body temperature (371C).
Figure 5 shows a typical timeline of the calcium sulfate

setting reaction. In the slurry and paste form, the calcium
sulfate is able to be added to a syringe and injected to the
bone graft site. Near the end of the reaction, the cement
becomes much thicker and has a putty-like consistency.
During this phase, the doughy cement can be molded into
a variety of shapes and provides a custom fit when placed
directly at the implant site. Once the cement has fully
hardened, it can be shaped by using powered surgical
instruments such as osteotomes, burrs, and drills.

The resorption of calcium sulfate graft materials is
based on the microstructure of the fully hardened cement.
Figure 6 shows electron micrographs of the surface of fully
reacted calcium sulfate dihydrate. These high magnifica-
tion images show small calcium sulfate crystals packed
together in a microporous structure. On implantation, the
presence of these small pores allows the calcium sulfate to
absorb water throughout the cement. Unlike polymers,
which undergo active breakdown of the polymer chains,
calcium sulfate materials are slowly dissolved by the
water. As the material dissolves, Caþ þ and SO4

�3 ions
are released over a 6–8 week period. During healing, bone
formation initially begins on the outer area of the calcium
sulfate and progresses inward as the cement slowly breaks
apart. During the resorption process, the dissolution of the
calcium sulfate material aids bone formation by providing
a direct source of Caþ þ ions to the surrounding osteo-
blasts. These cells absorb the calcium and use it during
the mineralization phase of bone regeneration. From a
mechanical standpoint, the hardened cement can provide
initial stabilization to the site, but quickly loses it strength
as the calcium sulfate begins to fragment. Although the
strength of the calcium sulfate quickly decreases within
the first few weeks, additional bone regeneration takes
place within the cement and the implant site becomes
mechanically stable. At the 6–8 week period, the majority
of the calcium sulfate is resorbed by the body and has been
replaced by bone.

In general, calcium sulfate cements and implants offer
an effective means to fill small voids in bone resulting from
cysts, tumors, or fractures (98–101). The initial strength
can also help maintain the spacing of fracture fragments
and aid in placement of additional hardware. The mold-
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Figure 5. Typical setting reaction and phase changes for a
calcium sulfate cement.
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ability of the cement allows a custom fit to the defect site
and makes the material easy to use. However, because of
the quick resorption time and quick loss in strength, this
material cannot be effectively used in large defects or in
areas under high mechanical loads. In these applications,
supplemental hardware and grafting materials are
needed to ensure complete bone regeneration (102,103).
From a commercial standpoint, calcium sulfate graft
materials are available in a cement form (requires mixing
at the time of surgery) or in a preformed pellet form (fully
reacted calcium sulfate dihydrate).

5.2. Calcium Phosphate

Calcium phosphates are another class of calcium-contain-
ing bone graft materials that offer different properties
than the calcium sulfates. As the name describes, these
material are composed of varying amounts of calcium (Ca
þ þ ) and phosphate (PO4

�3). One of the first calcium
phosphate materials to be used as a bone graft was
hydroxyapatite, which was chosen because it is the main
inorganic component of bone, accounting for 40% of its
weight. Most calcium phosphate graft materials are pro-
duced synthetically and can be chemically altered to
create materials with different properties. By slightly
varying the calcium-to-phosphate ratio, the resorption
times and mechanical properties of these materials can
be significantly altered. Hydroxyapatite [Ca10(-

PO4)6(OH)2] with a Ca/P ratio of 1.67 has a slow resorption
rate, which, depending on crystallinity, can be as little are
2–5% resorption per year. Tricalcium phosphate Ca3(PO4)2
has a ratio of 1.5, which results in a much faster resorp-
tion time of 9–12 months.

As a result of the chemical composition of calcium
phosphates, the mechanism of resorption is different
than the dissolution mechanism seen with calcium sul-
fates. The chemical similarity of calcium phosphates to
bone results in a cell-mediated resorption profile. During
healing, bone resorbing cells called osteoclasts migrate to
the surface of the calcium phosphate ceramics. Once
activated, the osteoclasts release specific enzymes that
dissolve the calcium phosphate into its base ions. As the
osteoclasts tunnel through the calcium phosphate, bone
forming cells called osteoblasts trail behind filling in the
region with new tissue. Similar to calcium sulfate, the
calcium ions resulting from the resorption process are
transported to the osteoblasts, which create new miner-
alized bone. Over time, the entire structure is slowly
dissolved by the osteoclasts and replaced with new bone.

To facilitate this type of resorption process, many of the
calcium phosphate bone graft materials exist as porous
scaffolds (104–109). A typical example of an osteoconduc-
tive calcium phosphate bone graft scaffold is shown in Fig.
7. This material, called Pro Osteon (developed and man-
ufactured by Interpore Cross), was one of the first porous
calcium phosphates used in orthopedics (110–113). De-
rived from sea coral, it is fabricated by chemically con-
verting the calcium carbonate skeleton of the coral into
hydroxyapatite. This reaction can be run to completion to
give an implant composed entirely of hydroxyapatite or
intentionally stopped to result in an implant with a thin
(4–10 mm) surface of hydroxyapatite over the calcium
carbonate skeleton. The conversion of coral to Pro Osteon
allows the relatively short degradation time of calcium
carbonate (6–8 weeks) to be prolonged to 8–18 months for
Pro Osteon R (HA layer on the calcium carbonate skele-
ton) and to 3–5 years for Pro Osteon HA (fully converted
hydroxyapatite). With a natural pore structure similar to
cancellous bone, the Pro Osteon graft materials offer an
effective scaffold for new bone growth. Since development
of the Pro Osteon bone graft materials, several other
porous calcium phosphates have entered the market.
These materials are synthetically made to mimic the
porosity of cancellous bone, which is done through various
foaming and void creation techniques.

In contrast to calcium sulfate graft materials, the
slower resorption profile of porous calcium phosphate
ceramics allow these materials to be used in larger defects.
In this scenario, the graft serves as a cellular ‘‘bridge’’ for
continued bone growth. In bone grafting surgery, once a
defect reaches a size in which it can no longer completely
heal itself, it is called a critical sized defect. Typical bone
regeneration can bridge empty gaps of up to 4mm, but
anything larger will not fill in with bone. A porous ceramic
scaffold alleviates this problem by providing the means for
bone to grow across the entire defect.

This effect was demonstrated in a study by Holmes,
who implanted a block of Pro Osteon 500R (calcium
carbonate scaffold with an HA coating) into a rabbit tibial

Figure 6. High magnification scanning electron micrographs of
fully reacted calcium sulfate dihydrate showing crystalline struc-
ture and microporosity (1000 � and 2000 � magnification).
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defect (114). The healing sequence of this scaffold is shown
in Fig. 8. As seen from the cross-sectional image of the
implant before implantation (Fig. 8a), the structure is
characterized by an open pore structure (black regions)
within areas of calcium carbonate/HA ceramic (light-gray
regions). After initial placement of the porous ceramic,
cells migrated to the graft site and began to infiltrate the
pore system. At the same time, proteins were released
from surrounding bone and blood cells to stimulate the
bone regeneration process, which was seen in the 6-week
histology of the Pro Osteon 500R implant (Fig. 8b). In this
image, bone formation was evident within the porosity of
the scaffold and osteoclasts were seen resorbing the scaf-
fold (arrows). By 12 weeks, further bone growth was seen
within the porosity and significant portions of the scaffold
were replaced by bone. At the 24-week time point, the

scaffold was fully replaced by bone with the exception of
the thin HA layer that once covered the calcium carbo-
nate. As seen from this study, porous ceramics are capable
of functioning as a scaffold for bone growth. The pore
system allowed for immediate bone regeneration and the
resorbability allowed the implant to be completely re-
placed by bone.

In addition to porous blocks and granules, calcium
phosphates are also used in cement form (115–119). In
this application, the base components that create calcium
phosphates are provided in an unreacted form. With the
addition of water, dilute acid, or other initiators, a chemi-
cal reaction takes place and the components are converted
to calcium phosphate. The result is a moldable paste or
putty that can be shaped to the graft site and hardens into
a solid mass. Although these cements have longer resorp-
tion times than calcium sulfate cements and can be used
in broader applications, the resulting hardened cement
does not possess the porosity to function as a scaffold for
bone repair, which has limited the use of calcium phos-
phate cements as surgeons prefer the porous blocks and
granules over the self-setting cements.

6. RESORBABLE COMPOSITES

As discussed, both polymers and ceramics have properties
suitable for fabricating orthopedic implants. However,
certain drawbacks exist with these materials that cannot
be avoided no matter how the material is fabricated or
chemically altered. One technique for combining the
desirable properties of two or more materials is the
fabrication of a composite. Composites used in the medical
device area are fabricated by physically mixing two or
more resorbable materials. One of the most common
composite combinations is the creation of a polymer-
ceramic composite. On their own, ceramics are excellent
substrates for new bone growth because of the chemical
similarity with bone mineral. However, their brittleness
limits their use in load-bearing applications. Polymers, on
the other hand, are elastomeric materials that can flex
under deformation without major structural collapse. The

Pro Osteon 500 Pro Osteon 200

Figure 7. Photographs of a two commercially available
calcium phosphate scaffolds derived from coral (Interpore
Cross, Irvine, CA).
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Figure 8. Typical healing mechanism of a porous ceramic im-
planted into a rabbit tibial defect. (Fig. 8a – 0 weeks, Fig. 8b – 6
weeks, Fig. 8c – 12 weeks, Fig.8d – 24 weeks.)
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combination of these two materials results in a high-
strength, yet ductile composite that allows for direct
bone attachment on its surface. In this combination, the
polymer adds to the overall mechanical properties of the
composite, whereas the ceramic allows for bone formation
directly on the ceramic phase.

The fabrication of a composite is a relatively straight-
forward process. Typically, ceramic particles, in the shape
of spheres, or fibers are added to the polymer during
processing. The various orientations of the particles
within a polymer are shown in Fig. 9. As seen from these
illustrations, each particle is surrounded by the polymer
and serves to reinforce the polymer phase and improve it
mechanical properties. Once fabricated in a block or rod
form, composites of these different types can be machined
into a variety of implants such as fracture screws, pins,
and plates. During the machining process, the ceramic on
the outer surfaces of the implant are exposed. From a bone
implant standpoint, the presence of the exposed calcium
ceramic particles on the surface of the polymer aids in

creating a solid bone to implant interface. In comparison,
pure polymer implants typically heal with limited bone
contact or a continuous layer of fibrous tissue usually
covering the surface. Although the implant can still
provide stabilization, it is not directly bonded to the
surrounding bone. A composite implant improves the
stabilizing effect of the device through this bone-bonding
ability.

In addition to the particulate ceramic composites, a
new type of composite has recently been developed by
Interpore Cross (Irvine, CA). This novel material consists
of two intact, continuous phases of polymer and ceramic.
Shown in Fig. 10, a continuous-phase composite (CPC) is
the result of infiltrating a porous ceramic block with
polymer. The end result is a composite material with
continuous seams of ceramic running through the poly-
mer. Similar to the particulate composites, the CPC
material will allow for bone growth on the surface and
into the ceramic regions. However, the continuity of the
ceramic phase throughout the composite gives the mate-
rial a unique ability to allow for bone to penetrate into the
center of a CPC implant. Figure 11 shows the histology a
CPC implant composed of the Pro Osteon porous ceramic
infiltrated with poly(L/D,L lactic acid) implanted in a sheep
femur at 9 months. This backscattered electron micro-
scope image shows the ability of a CPC implant to support
bone and blood vessel ingrowth into the center of the
implant wall. In addition to acting as a structural implant,
a CPC device also functions as an eventual scaffold for
bone ingrowth. From a healing standpoint, this type of
composite will result in more bone formation at the site.
Additionally, the presence of bone and blood vessels within
the implant will significantly improve the ability of the
tissue to absorb the degradation products. Typically occur-
ring at the surface of polymer implants, the presence of
bone within the CPC material allows resorption through-
out the entire device. This new composite is currently
being investigated for use as spinal fusion implants,
fracture screws and plates, interference screws, and su-
ture anchors.

Random fiber composite

Particulate composite Continuous phase composite

Oriented fiber composite

Figure 9. Orientation of various types of polymer-ceramic com-
posites (ceramic is depicted as the black particles).

Porous Scaffold Continuous-Phase Composite 

 
Addition of
polymer to
the porosity

Figure 10. A continuous-phase composite is
formed when a polymer is infiltrated into the
porosity a porous, ceramic scaffold. The result
is a solid block with an intact polymer and
ceramic phase.
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7. CONCLUSION

As seen from this chapter, resorbable polymers and cera-
mics possess the desired properties needed for orthopedic
implants. They have been shown to be versatile materials
with a range in degradation rates and mechanical proper-
ties. The resorbable nature of these devices allows them to
provide temporary stabilization and mechanical support.
Combined with the ability to be completely resorbed by the
body and replaced by natural tissue, these implants are
highly desirable alternatives to their nonresorbing coun-
terparts. The elimination of long-term implant complica-
tions and the ability to share the load with regenerating
tissues are large driving forces behind the use of these
implants in orthopedics. With further advancements in
biomaterial research, resorbable implants may soon be-
come the standard of care.
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ABSTRACT

Current techniques in orthopedic surgery use of a
variety of implants that are specifically designed to aid
in the healing of bones, ligaments, and tendons through-
out the skeleton. These implants are commonly used to
provide temporary mechanical support and stabilization
to the site of the injury while the tissue heals. However,
once their function is complete, the implants remain and
can be a source of long-term complications. Resorbable
implants, on the other hand, are a unique class of devices
that have the ability to breakdown into harmless bypro-
ducts that are absorbed by the body. Composed of poly-
mers, ceramics, or composites, these versatile materials
have different mechanisms of resorption, degradation
profiles, and mechanical properties. As a result, they
have been used in a variety of clinical applications includ-
ing fracture repair, sports medicine, and bone grafting.
This chapter discusses the requirements and function of
resorbable orthopedic devices and reviews the properties
and healing behavior of common resorbable materials.
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1. MONITORING RESPIRATORY MECHANICS DURING
CONTROLLED MECHANICAL VENTILATION

In modern ventilators, opening airway pressure (Pao) and
flow are instantaneously measured through internal sen-
sors (a pressure transducer and a pneumotachograph
connected to a differential pressure transducer, respec-
tively), and the relative tracings are displayed on a screen.
Inspired and expired volumes are acquired through inte-
gration of the flow signal. Since the resistive and elastic
characteristics of the ventilatory circuit may influence
measurements, connecting external sensors distally to
the Y piece of the ventilatory circuit allows a more
accurate estimation of respiratory mechanics.

During controlled mechanical ventilation at each
breath the ventilator applies a constant-flow or a con-
stant-pressure to the patient’s airways for a fixed inspira-
tory time and allows passive expiration for a fixed
expiratory time. Due to its peculiar characteristics, the
constant-flow mode is preferred for the assessment of
respiratory mechanics. In fact, the Pao versus time (Pao-
t) profile during constant flow inflation gives us impress-
ive information about the mechanical properties of the
respiratory system (elastance, resistance, and inertance).
In a simple mono-compartmental model of the respiratory
system, which consists of a resistive element (rigid tube)
and elastic element (balloon) connected to a ventilator (a
piston) (Fig. 1), inflated with a perfectly constant flow,
inspiratory Pao-t tracing is composed of

1. AB tract (‘‘resistive’’ pressure increase) is a step
increase in Pao that occurs at the beginning of
inspiratory flow delivery. The point B depends on
both inspiratory flow rate and airway resistances,
according to ‘‘Ohm’s law’’:

Resistances¼driving pressure=flow rate; ð1Þ

where driving pressure (DP) is the ‘‘resistive’’ pres-
sure applied to generate a given constant laminar
flow and equals the loss of pressure across the
resistive element.

2. BC, tract (‘‘elastic’’ pressure increase): is a progres-
sive increase in Pao that is generated by the pro-
gressive alveolus inflation. The slope of the BC tract
may be quantized as

C¼DV=DP; ð2Þ

where C is the compliance of the alveolus, DV is the
delivered volume, and DP is the resulting increase in
airway pressure.

3. Point C (Pao,peak) is the peak in Pao reached at end-
inspiration. For a given constant-flow rate and in-
spiratory time, Pao,peak includes both the ‘‘resis-
tive’’ and the ‘‘elastic’’ pressure components.

4. CD tract: takes place if the ventilator performs an
end-inspiratory pause with both inspiratory and
expiratory valves closed. As the inspiratory flow
stops, the Pao value instantaneously drops to the
end-inspiratory static recoil pressure of the alveolus
(point E: the end-inspiratory plateau pressure, Pao,-
plat).

5. E-F tract: after the end-inspiratory pause, the ven-
tilator opens the expiratory valve, maintaining the
inspiratory valve closed. Considering the position of
the pressure transducer in the ventilatory circuit, it
reads the atmospheric pressure. If an end-expira-
tory valve is added to the expiratory limb of the
ventilatory circuit, the transducer reads the applied
external positive end-expiratory pressure value
(PEEPext).

The real Pao tracing in a patient receiving constant-
flow mechanical ventilation shows several differences as
compared to the one obtained in the monocompartmental
model (Fig. 2). Real mechanical ventilators are not able to
generate a perfectly square inspiratory flow tracing such
as in the model. In addition, the model does not take into
account the respiratory system’s visco-elastic and inertial
properties and the inhomogeneities in mechanical char-
acteristics among different lung regions. Accordingly, the
real Pao-t tracing is described as follows (1,5).

1. The AB tract (‘‘resistive’’ pressure increase) is not
perfectly perpendicular to the time axis but shows a
discrete slope determined by circuit compliance and
flow. A-transient phase of pressure slope variation,
which substitutes for the discrete B point. During
this transient period, flow is delivered preferentially
to the resistive elements of the respiratory system
and into the lung, especially in areas with low
resistances and high compliances.

2. When the pressure in the circuit is high enough to
overcome the resistance between the circuit and the
lung at the set flow rate, the BC elastic pressure
increase is not always linear as compared to the
model, but its profile may be curvilinear since
respiratory system compliance and resistance may
be nonlinear in the range of the delivered volume.

3. C point (Pao,peak) varies directly with resistance,
end inspiratory flow, tidal volume, respiratory sys-
tem compliance and PEEPexternal and PEEPi. After
the C point (Pao,peak), there is a pressure drop to a
point called P1, and subsequently Pao decays in 2–5
seconds to Pao,plat. The P1-Pao,plat pressure decay
depends principally from the re-equilibration of
pressures among areas with different elastic and
resistive characteristics (whose pressures at end
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inspiration are not in equilibrium). Point E (Pao,-
plat) is obtained after an end-inspiratory pause of
sufficient duration (2–5 sec) that will allow equili-
bration between proximal airway pressure and al-
veolar pressure. Thus, at zero flow with either
inspiratory and expiratory valves closed, Pao,plat
refers to the static elastic recoil of the total respira-
tory system. In the respiratory system, lung and
chest wall behave together as a single compartment
resistance-capicitance system, so partitioning of the
two components may become necessary to under-
stand the contribution of each one to Pao,plat. This
is obtained through measurement of esophageal
pressure (Pes) (see below). The plateau in Pes re-
flects the static recoil of the chest wall (Pst,cw), the
difference between Pst,rs and Pst,cw yields the
static recoil pressure of the lung (Pst,L). The mea-
surement of Pao,plat is valid only if the patient is
passively ventilated and any respiratory effort by
the patient invalidates the measurement. Pao,plat of
the respiratory system is a widely used ventilator
parameter to set suitable ventilation expecially in
ARDS patients. As a result of the areas of low lung
compliance and the heterogenous nature of the

disease, mechanical ventilation can worsen and
perpetuate the inflammatory stimulus on the dis-
eased lung. Alveolar and endothelial cells may re-
spond to the forces generated by MV in a process
known as mechanotransduction, that is, the conver-
sion of physical forces on the cell membrane/recep-
tors into activation of intracellular signal
transduction pathways resulting in increased pro-
duction and release of inflammatory mediators (7).
To avoid ventilator-induced lung injury, a Pao,plat
o30 cm H2O is reccomended after the results of the
NIH-sponsored ARDS network clinical trial that
now defines the current ‘‘gold standard’’ of protective
mechanical ventilation for patients with ARDS. In-
fact in this clinical trial reducing tidal volume infla-
tion to 6ml/kg of ideal body weight to obtain a
Pao,plat o30 cm H2O, resulted in 22% improvement
in mortality rate.

1.1. Measurement of Respiratory Mechanics during
Constant-Flow Ventilation

1.1.1. Resistances of the Respiratory System. Resistance
is the expression of the opposition to gas flow through the
respiratory system and is quantitated as the amount of

C

A

B

F

ED

G

Expiratory
valves closed

Inspiratory valves
opened

Flow

Volume

PaoAlveolus

Figure 1. Flow, volume, and Pao tracings recorded during constant-flow mechanical ventilation
applied to a monocompartmental respiratory system model. The dotted line refers to the
theoretical value of alveolar pressure. Pao¼airway opening pressure.
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pressure required to cause a unit rate of gas flow, accord-
ing to the analog of ‘‘Ohm’s law’’:

Resistance¼driving pressure=flow rate ð3Þ

where driving pressure is the ‘‘resistive’’ pressure applied
to generate a given constant laminar flow in the airways.
Units of resistance are cm H2O/liter/s. The total respira-
tory system resistance is the sum of pulmonary resistance
(airway resistance plus lung tissue resistance) and chest
wall resistance (essentially tissutal resistances). Both
lung and chest wall tissutal resistances are increased in
some pathological conditions, such as in patients with
severe chronic obstructive pulmonary disease (COPD) or
in morbidly obese patients. Although several experimental
methods have been proposed to measure resistances, in
this clinically focused chapter we will only focus on the
‘‘rapid occlusion method’’ or ‘‘inspiratory pressure
method.’’ This technique in a passive ventilated patient
is based on the sudden interruption of a constant flow
previously applied to the respiratory system, a condition
easily reproduced during constant-flow ventilation by
applying an end-inspiratory pause (Figs. 1 and 2). Accord-
ing to this method, the total resistance of the respiratory
system (Rmax,rs) is proportional to the Ppeak – Pplat
pressure decay when the constant flow is suddenly inter-
rupted, according to the law:

Rmax; rs¼ ðPpeak� PplatÞ=Flow: ð4Þ

Rmax,rs are further partitioned into the airway resistance
(Rmin) and additional resistances (DR). The immediate
drop of pressure from Ppeak to P1 is proporotional only to
the resistance of the airways (Rmin):

Rmin¼ ðPpeak� P1Þ=V; ð5Þ

while the slower decay from P1 to Pplat is proportional to
the ‘‘additional’’ resistances (DR) due to time constant
inequalities and tissue stress adaptation:

DR¼Rmax; rs� Rmin: ð6Þ

Time constant is measure of how rapidly the respiratory
system responds when pressure is applied or released.
Time constant is a property of mechanical and electrical
systems in which resistive and elastic elements coexist.
The time constant of the respiratory system is given by the
product of its resistance and compliance.

Partitioning between Rmin,rs and DR is useful in order
to understand the clinical meaning of the increase in
Rmax,rs. Rmin,rs are increased in several pathological
conditions where airway resistances are increased, such in
as asthma, pulmonary edema, acute respiratory distress
syndrome (ARDS), and chronic obstructive pulmonary
disease (COPD). However, since Rmin,rs are the sum of
airway resistances and ventilatory circuit and endotra-
cheal tube resistances, the hypothesis of an endotracheal
tube obstruction should be ruled out. The contribution of
the endotracheal tube to airways resistance can be mea-
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E (Pao, plat)
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Figure 2. Flow, volume, and Pao tracings recorded during
constant-flow mechanical ventilation applied to a patient.
See text for definitions of abbreviations.
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sured through a subtle catheter advanced distally to the
endotracheal tube, 1–2 cm below the lower tip.

Several limitations of the interrupter technique must
be addressed. First, through this method inspiratory
resistances are measured, since the difference between
Ppeak and Pplateau reflects inspiratory resistance and
doesn’t measure dynamic expiratory airway compression,
that mainly contributes to expiratory resistance. Thus,
extrapolating this value to expiratory resistances may be
misleading. For example, in severe COPD patients expira-
tory resistances are significantly higher than inspiratory
resistance due to ‘‘expiratory flow limitation’’ (distal air-
ways collapse during early expiration). Second, the mea-
surement is influenced by the inspiratory flow rate and
the lung volume at the moment of the inspiratory hold
procedure. In normal subjects, the value of Rmin increases
with flow and decreases with lung volume, probably due to
the increase in airway diameter. On the contrary, DR
exponentially decreases with flow and increases with
lung volume. Since the flow- and volume-induced varia-
tions in DR are more pronounced, overall Rmax,rs de-
crease with inspiratory flow and increase with lung
volume. As a consequence, comparisons of resistance
measurements over time require standard flow rates; in
a normal subject, for a flow of 0.4L/sec and a tidal volume
of 600ml, Rmax,rs are 5–6 cm H2O/liter/s and Rmin are 2–
3 cm H2O/liter/s.

1.1.2. Static Intrinsic Positive End-Expiratory Pressure. In
normal subjects at rest, the end-expiratory lung volume
(EELV) corresponds to the elastic equilibrium volume of
the respiratory system (Vr) or functional residual capacity
(FRC). During conventional mechanical ventilation in
patients with normal lungs or in patients with parenchi-
mal disease, the tidal volume delivered during inspiration
is exhaled in the prefixed expiratory time. Whenever the
time available for expiration is shorter than the time
required for passive lung empty to Vr, air trapping devel-
ops and alveolar pressure remains positive at the end of
expiration (dynamic hyperinflation). If the EELV during
mechanical ventilation is higher than Vr, the amount of
air trapping may be measured by allowing a prolonged
passive lung empty to FRC (Fig. 3). Two different mechan-
isms leading to dynamic hyperinflation have been de-
scribed (8):

1.1.2.1. Dynamic Hyperinflation without Flow Limita-
tion. This occurs when expiratory time is shorter than
the time required for passive lung empty to FRC. In
mechanically ventilated patients, the ventilator settings,
in particular the expiratory time, as well as the added
resistance, due to a narrowed endotracheal tube, ventila-
tor circuits, tubings and valves can play a role in deter-
mining dynamic hyperinflation. According to an empirical
rule, the time required to reach the relxation volume may
be estimated as three times the ‘‘time constant’’ of the
respiratory system, expressed in msec. The time constant
of the respiratory system is proportional to both resistance

and compliance (t):

t¼ resistance � compliance: ð7Þ

In a normal subject with a Cst,rs of 80ml/cmH2O and an
expiratory resistance of 5 cm H2O/l/sec, passive lung
empty takes 1.2 sec, while in a patients with asthma,
assuming an expiratory resistance of 30 cm H2O/l/sec,
passive lung empty takes 7.2 sec.

1.1.2.2. Dynamic Hyperinflation due to Flow Limita-
tion. This is generated by distal airways collapse at early
expiration. Differently than in normal subjects, where flow
limitation occurs only during forced expiration, a distal
airway collapse occurs during tidal exhalation in patient
with severe emphysema, due to the lack of elastic tissue
(2).

During constant-flow mechanical ventilation, the oc-
currence of dynamic hyperinflation may be empirically
detected if there is an ongoing flow at end expiration (Fig.
4). In addition, the shape of expiratory flow profile during
passive expiration is different whether air trapping is due
to flow limitation or to mismatch between lung empty time
and mechanical expiratory time. In flow-limited patients,
the expiratory flow profile has an initial sharp decrease
abruptly followed by a sudden slope reduction when the
distal airways collapse takes place.

Whenever a dynamic hyperinflation is present, alveolar
pressure remains positive at end-expiration (static intrin-
sic PEEP: PEEPi,st). As explained in Figs. 5 and 6,
PEEPi,st may be measured through a 5–10 sec end-ex-
piratory hold maneuver, consisting in the contemporary
closure of both inspiratory and expiratory valves at end
expiration. The pressure recorded at the end of the end-
expiratory pause is the total respiratory system positive
end-expiratory pressure (PEEPtot). In a normal subject
submitted to a normal ventilatory pattern, PEEPtot is
equal to zero or to the external positive end expiratory
pressure (PEEPext) if it is applied. On the contrary, in a
patient with dynamic hyperinflation, the value of PEEPtot
is higher than the value of PEEPext. PEEPi,st is the
difference between PEEPtot and PEEPext.

1.1.3. Static Compliance. Respiratory system compli-
ance is a widely used parameter in clinical practice to
describe the static elastic behavior of the respiratory
system and thus to detect significant changes in a pa-
tient’s condition. If the single data of respiratory system
compliance indicate the static pressure developed for each
volume, pressure volume curve of the respiratory system
allows us to observe the elastic behavior of the respiratory
system in a wide range of volume. (Figs. 7 and 8) The slope
of the pressure volume loop is the lung/chest wall com-
pliance. At high lung volume the compliance of the
respiratory system decreases because the pressure volume
curve, which describes the history of the elastic behavior
of the respiratory system, flattens, as it becomes fully
distended by the volume. High lung volumes derive from
large tidal volumes, dynamic hyperinflation or high levels
of positive end expiratory pressure. Besides at low vo-
lumes reduced compliance may be due to the stiffness of
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the chest wall resulting from the weight of abdominal
viscera and in pathological conditions from kyphoscoliosis,
ankylosing spondylitis, obesity, or massive ascites. Again
there are many pathological conditions in which func-
tional residual capacity is reduced and even small tidal
volumes result in high alveolar pressure. For example, in
acute respiratory distress syndrome (ARDS) patients’
respiratory system compliance is markedly reduced be-
cause this inflammatory lung disease is characterized in
the early phase by massive flooding of the alveoli with
inflammatory fluid and in the late phase by extensive
fibrosis of alveolar septa. Apart from the reduced lung
compliance due to the mechanisms listed above, total
respiratory system compliance is reduced in this kind of
patients also by a diminished chest wall compliance
because of fluid retention in the thoracic and abdominal
tissues (3).

In emphysema and chronic obstructive pulmonary dis-
ease (COPD), patients’ respiratory system compliance is
increased because of the lack of elastic fibers depending on
alveolar rupture. However, in patients with an acute
exacerbation of COPD, respiratory system compliance
may be slightly reduced as a consequence of pulmonary
hyperinflation. Also in severe acute asthma patients,
respiratory system compliance is reduced due to closure
of small airways with mucous plugging and intense con-
traction of bronchial smooth muscle.

Static compliance (C,st,rs) is measured as the change in
respiratory system volume per unit change in applied
pressure (with ml as volume units and cm H2O as pres-

sure units):

C; st; rs¼VT=ðPao;plat� PEEPtotÞ; ð8Þ

where Pao,plat is measured at the end of a 2–5 sec end
inspiratory pause.

Elastance, the mathematical inverse of compliance,
expressed in cm H2O/Liters as

Est; rs¼ðPao;plat� PEEPtotÞ=VT: ð9Þ

PEEPtot is used instead of PEEPext for the calculation of
C,st,rs in order to discriminate between an increase in
Pao,plat due to dynamic hyperinflation (where PEEPtot is
higher than PEEPext and Cst,rs is not affected) and an
increase in Pao,plat due to reduction of Cst,rs (where
PEEPtot is equal to PEEPext) (Fig. 6).

Since the lung and the chest wall are structures ‘‘in
series’’ Cst,rs is the sum of lung and chest wall compliance
(respectively, Cst,L and Cst,cw) and, similarly, Est,rs is
the sum of lung and chest wall elastance (respectively,
Est,L and Est,cw):

1=Cst; rs¼1=Cst;Lþ1=Cst; cw; ð10Þ

and hence

Est; rs¼Est;LþEst; cw: ð11Þ

Lung
volume

Vr

Tidal ventilation
Prolonged expiration

EELV

∆EELV

Figure 3. Difference (DEELV) between the end-expiratory
lung volume (EELV) during mechanical ventilation and
elastic equilibrium volume of the respiratory system (Vr) in
a patient with dynamic hyperinflation. A complete lung
emptying is obtained by disconnecting the patient from the
ventilator at the end of mechanical expiratory time and
allowing a prolonged (15–20 sec) passive exhalation to
atmospheric pressure.
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Figure 4. Flow tracing recorded during con-
stant-flow mechanical ventilation. In a nor-
mal patient (panel 1), the end-expiratory flow
is zero. In a patient with dynamic hyperinfla-
tion (panel 2), an ongoing flow at end-expira-
tion suggests incomplete lung emptying.

RESPIRATION MEASUREMENTS 5



Here, Cst,cw and Est,cw are calculated as

Cst; cw¼VT=ðPes; end inspiratory

� Pes; end expiratoryÞ
ð12Þ

and

Est; cw¼ ðPes; end inspiratory

� Pes; end expiratoryÞ=VT;
ð13Þ

where Pes is the esophageal pressure. Normal values of
Est,cw are between 3 and 5 cm H2O/L. From a theoretical
point of view, pleural pressure variations should be used
instead of esophageal pressure to measure the lung sur-
rounding pressure. However, pleural pressure measure-
ments are virtually impossible in clinical practice and
esophageal pressure is commonly used as a substitute.
Pes is recorded with the patient in semirecumbent posi-
tion through an air balloon equipped catheter, inserted in
the lower third of the esophagus and connected to a
pressure transducer. The balloon should be 10 cm long,

Pressure transducer
reading zero

Inspiratory valves closed

Expiratory valves opened

Alveolus with inner
pressure 20 cmH2O

Atmospheric pressure

20

(a)

Pressure transducer
reading 20 cmH2O

Inspiratory valves closed

Expiratory valves closed

Alveolus with inner
pressure 20 cmH2O

Atmospheric pressure

20

(b)

Figure 5. Panel 1: Schematic representation of the
respiratory system and of a ventilatory circuit.
During the expiratory phase the ventilator opens
the expiratory valve while the inspiratory valve is
closed. Consequently the pressure transducer reads
atmospheric pressure. Panel 2: At end expiration,
both inspiratory and expiratory valves are closed
(end-expiratory hold maneuver). The pressure
transducer now reads the end-expiratory alveolar
pressure.
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with an internal volume of 10ml and filled with 1–1.5ml of
air. For the effectiveness of the measurement, the correct
catheter positioning in the lower third of the esophagus
should be checked through the ‘‘occlusion test’’ as de-
scribed by Baydur and co-workers. It consists of the
simultaneous recording of Pao and Pes while the patient
performs repeated inspiratory attempts against the oc-
cluded airway. If the esophageal balloon is correctly posi-
tioned, the negative deflections in Pes and Pao should be
similar (4). Partitioning between lung and chest wall
elastic properties may be useful in the differential diag-
nosis of the decrease in respiratory compliance. Since
chest wall and abdomen are coupled through the dia-
phragm, the increased abdominal pressure is one the
most important factors leading to chest wall stiffness.
However, patients without an abdominal hypertension

may have chest wall mechanical impairment related to
chest wall deformities, fluid overload, or pleural effusions.

1.2. Measurement of the ‘‘Stress Index’’ during Constant-
Flow Ventilation

Several studies have shown that mechanical ventilation
can worsen the pre-existing lung injury in patients with
ARDS. The underlying hypothesis is that ventilator-in-
duced cyclic tidal alveolar recruiting/derecruiting and or
overdistension induces worsening of the pre-existing lung
inflammation. During constant-flow conditions and if
resistances are constant, airway opening pressure (Pao)
changes linearly with time when compliance does not
change with increasing lung volume (6).

End expiratory occlusion

Atmospheric pressure

Pao
(cmH2O)

0

50

PEEPtot, rs
PEEPext

PEEPi,st,rs

Figure 6. Recording of the Pao tracing ob-
tained during a cycle of constant-flow mechan-
ical ventilation, followed by an end-expiratory
hold maneuver. At the end of the maneuver,
the PEEPtot value is obtained. See text for
definition of abbreviations.
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Figure 7. Inflation pressure-volume curve of the respiratory
system during passive mechanical ventilation in a normal sub-
ject.
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Figure 8. Inflation pressure-volume curve of the respiratory
system during passive mechanical ventilation in ARDS patient.
LIP: Lower Inflection Point, it has been thought to represent the
pressure at which a large population of alveoli are recruited. UIP:
Upper Inflection Point, it has been thought to indicate over-
distension, and many authors have recommended to maintain
plateau pressure below this point. The slope of this curve, which
represents respiratory system compliance, is lower than the one
of the curve in a normal subject (see Fig. 7).
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Analyzing the Pao-t profile during the period of con-
stant-flow inflation (BC, Fig. 2) allows us to detect the
occurrence of tidal alveolar recruitment/de-recruitment
and/or overinflation. A downward Pao-t concavity indi-
cates progressive increase in compliance during tidal
inflation, whereas an upward Pao-t concavity indicates
progressive decreases in compliance during tidal inflation
(Fig. 9). The amount of mechanical stress due to recruit-
ment/de-recruitment and/or overinflation may be quanti-
fied through a power equation fitting on the Pao-t profile
during constant-flow inflation (‘‘stress index’’):

Pao¼a � tbþ c: ð14Þ

The coefficient a is a scaling factor, c is the pressure value
at t¼ 0. The coefficient b is a dimensionless number that
describes the shape of the P/t curve and that can therefore
identify and quantify mechanical stress (stress index): a
stress index ¼ 1 means that the P/t curve is linear and
compliance remains constant throughout tidal inflation; a
stress index o 1 indicates that the P/t curve has a down-
ward concavity due to the tidal increase in compliance

therefore identifying stress due to tidal recruitment; a
stress index 41 indicates that the P/t curve has an
upward concavity due to the tidal reduction in compliance,
therefore identifying stress due to tidal overinflation. This
analysis requires several assumptions: (1) a stiff chest wall
may influence estimation of the upward/downward con-
cavity on the dynamic P/t curve. (2) In more complex
conditions, the P/t curve may be characterized by a
sigmoidal shape with an initial downward concavity due
to alveolar opening, followed by a linear portion and a final
downward concavity due to alveolar over distension. Un-
der these circumstances, it would be best to fit the power
equation first to the initial portion of the curve (to set
PEEP) and then to the second portion of the curve (to set
tidal volume (VT)). (3) On a theoretical basis, the time
course of applied pressure during constant-flow inflation
should be characterized by an immediate step change due
to the resistive components, abruptly followed by the
progressive increase in pressure reflecting the changes
in pulmonary compliance. However, on- and off-flow tran-
sients may be due to pendelluft (i.e., the time required to
achieve a steady-state flow to each alveolar unit with
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Figure 9. Tidal alveolar recruitment/de-recruitment and/or overinflation may be detected
through the analysis of the Pao-t profile during the period of constant-flow inflation. A downward
Pao-t concavity indicates progressive increase in compliance during tidal inflation, due to ongoing
alveolar recruitment with inflation, whereas an upward Pao-t concavity indicates progressive
decreases in compliance during tidal inflation due to ongoing alveolar overinflation with inflation.
See text for definition of abbreviations.
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different time constants), viscoelasticity, and the time
required by the ventilator to initiate and to stop delivery
of constant flow. The first part of the pressure events must
therefore be discarded, and only the portion on the P/t
relationship corresponding to constant flow remains valid.
(4) A high sampling frequency of the recorded signals is
required to achieve an adequate dynamic recording of
airway pressure with no phase lag at high frequency. (5)
Resistive and viscoelastic contribution to airway pressure
are assumed constant over the range of changes in lung
volume (6).

Continuous monitoring of the ‘‘stress index’’ may be
useful in order to set up a lung protective ventilatory
strategy.

1.3. Measurement of Respiratory Mechanics through the
‘‘Equation of Motion’’

Applying the ‘‘equation of motion’’ is an alternative ap-
proach to the measurement of respiratory mechanics in
mechanically ventilated patients. At any instant during
controlled mechanical ventilation, the total pressure ap-

plied to the respiratory system (Pappl) is equal to

Pappl¼ ðVolume � ElastanceÞ

þ ðFlow � ResistanceÞ

þPEEPtot:

ð15Þ

Here, Pappl is the positive pressure applied by the venti-
lator. From a mathematical point of view, assuming that
resistance and elastance are linear during the respiratory
cycle and knowing the value of PEEPtot, the equation may
be solved if three sets of Pao, flow. and volume values are
known. However, due to the biological nature of the
signals, several sets of data should be used in order to
obtain a robust measurement. Drawbacks of the equation
of motion method are related to the assumption of linear-
ity of elastance and resistance during the entire respira-
tory cycle, which is not the case in several pathological
conditions.

2. MONITORING RESPIRATORY MECHANICS DURING
PARTIAL MECHANICAL SUPPORT

Critically ill patients are often capable of doing some work
of breathing on their own. The basic form of partial
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Figure 10. Flow, Pao, and Pes tracings recorded during a prolonged end-expiratory pause.
PEEPtot is measured as the Pao value between two breathing attempts against the occluded
airways. See text for definition of abbreviations.
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mechanical support is assist-controlled mechanical venti-
lation (A/CMV) that consists of a constant-flow or con-
stant-pressure breath triggered by patient inspiratory
effort (patient-triggered controlled breath). In the other
modes of partial ventilatory support, each spontaneous
inspiratory effort is assisted by a positive pressure applied
by the ventilator. The level of pressure assist may be
preset, such as in pressure support ventilation (PSV) or
variable according to instantaneous estimation of the
inspiratory effort such as in proportional assist ventilation
(PAV). A promising experimental mode of partial ventila-
tory support is based on measurement of the diaphragm’s
electromiographic signal, through a set of electrodes posi-
tioned in the esophagus (neurally adjusted ventilatory
assistance). In the partially assisted ventilatory modes,
delivered flow and volume depend by the interaction
between patient’s effort, algorithm of positive pressure
assistance, and mechanical characteristics of respiratory
system.

2.1. Static and Dynamic Intrinsic PEEP

An important issue during partial ventilatory assist
modes is monitoring intrinsic PEEP (PEEPi). The major
clinical implication of PEEPi concerns the energetics of
breathing, due to the fact that PEEPi acts as an inspira-
tory threshold load that must be fully counterbalanced by
the patient contracting inspiratory muscles to start and
maintain inspiration (2). Under these circumstances, ap-
plication of external PEEP or continuous positive airway

pressure (CPAP) during spontaneous or assisted breath-
ing can reduce the patient effort without generating
hyperinflation, which can lead to hemodynamic impair-
ment or barotrauma. The majority of authors agree that
the value of external PEEP to apply should be 75% of the
PEEPi value. A non-invasive measurement of PEEPtot
may be obtained recording the Pao tracing during a
prolonged end-expiratory pause, while the patient makes
some breathing attempts against the occluded airways
(Fig. 10). Assuming that between two breathing attempts
respiratory muscle are relaxed, in that moment the Pao
value corresponds to PEEPtot. The accuracy of this
method (originally proposed by Gottfried and co-workers)
is critically dependent from the operator’s experience: in
some patients the period of muscular relax could be too
short to allow a correct PEEPtot measurement. In addi-
tion, if there is an expiratory muscle activation during the
end-expiratory occlusion, the measurement of PEEPtot is
unreliable.

For these reasons in actively breathing patients during
either spontaneous or assisted ventilation, PEEPi should
be assessed dynamically from records of esophageal pres-
sure. The method is based on the continuous measure-
ment of flow, Pao, Pes, and eventually gastric pressure
(Fig. 11). In order to generate an inspiratory flow a
dynamically hyperinflated patient must create a negative
pleural pressure that is the opposite intrinsic PEEP.
Consequently, PEEPi,dyn is measured by esophageal
pressure (Pes) from the change in pressure preceding
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Figure 11. Flow, volume Pao, and Pes tracings recorded during a spontaneously breathing patient
receiving positive, continuous airway pressure. PEEPi,dyn is the value of Pes deflection from the
beginning of the inspiratory effort to the point in which a positive inspiratory flow begins. See text
for definition of abbreviations.
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the start of the inspiratory flow. A pivotal prerequisite for
this method is a correct identification of the inspiratory
effort starting point on the Pes tracing. If the patient
doesn’t make any expiratory effort, the beginning of the
inspiratory effort may be easily identified by an experi-
enced operator, since Pes suddenly changes its slope at the
beginning of the inspiratory muscle contraction; Fig. 11).
On the other hand, if the patient activates his or her
expiratory muscles, the exact point where inspiration
begins cannot be identified from the Pes tracing alone.
In fact, if the abdominal expiratory muscles actively
contract during expiration, leading to increase the end–
expiratory alveolar pressure independently of dynamic
hyperinflation, a consistent part of the decrease in Pes
observed before the onset of inspiration could be due to
expiratory muscle relaxation rather than to inspiratory
muscle contraction. Under those circumstances, the true
value of PEEPi can be overestimated. Consequently it is
virtually impossible to identify the exact point where
inspiratory effort starts, unless the expiratory muscle
activity is measured. This may be done directly, for ex-
ample, through electromyography of trasversus abdomen,
or indirectly, recording the transdiaphragmatic pressure
tracing (obtained from digital subtraction of esophageal to
gastric pressure).

2.2. Work of Breathing

Work of breathing (WOB) may be partitioned into its
physiological components: resistive, elastic, and inertial,
and additional ‘‘distorting’’ work, applied to move the
chest wall and displace abdominal organs through the
diaphragm.

WOB (expressed in Joule) is performed whenever a
pressure (P) changes the volume (V) of the respiratory
system:

WOB¼P � V: ð16Þ

WOB measurements may be referred to a single breath
but, from a clinical point of view it is useful to measure
WOB per minute and WOB per liter of minute ventilation
(WOB/L¼WOB per minute/minute ventilation). In a nor-
mal subject the total WOB/L at rest is between 0.3 and 0.6
Joules/L. During invasive partial ventilatory support, the
patient needs to perform an additional ‘‘iatrogenic’’ work,
wasted to overcome the endotracheal tube and ventilatory
circuit resistances and to trigger the ventilator.

Measurement of WOB during partial ventilatory sup-
port requires the recording of Pes plus, eventually, gastric
pressure. A simple WOB estimation may be obtained by
superimposing on the same pressure-time axes Pes tra-
cings obtained respectively during passive inflation (the
static elastic recoil pressure of the chest wall) and during
assisted breathing (Fig. 12). In fact, the area between
these two tracings, measured as the difference between
the time integral of each tracing (pressure time integral-
PTP), has been proved to have a good correlation with the
oxygen consumption of inspiratory muscles, and hence
could be used in order to estimate WOB. Knowing the
Est,cw value (as estimated in a trial of CMV through the

occlusion method) and assuming a linear Est,cw value in
the tidal volume range, the static elastic recoil pressure of
the chest wall is obtained by multiplying Est,cw for the
instantaneous volume. Again, the correct identification of
the inspiratory effort starting point is crucial in order to
correctly position the static elastic recoil Pes tracing. As
discussed above, in patients with dynamic hyperinflation
and/or in patients with expiratory muscle activation, it
may be difficult or even impossible to recognize this point.
Jubran and co-workers proposed a brilliant solution to this
problem by considering two separate hypotheses (Fig. 13):
(1) if dynamic hyperinflation is present, the sudden onset
decrease in Pes occurring before the onset of positive flow
depends from the inspiratory muscle contraction in order
to overcome intrinsic PEEP and the static elastic recoil
Pes tracing has to be superimposed to the spontaneous Pes
tracing (‘‘upper-bound’’ of inspiratory PTP); (2) if, on the
contrary, dynamic hyperinflation is not present but the
patient makes an active expiratory effort, the static chest
wall recoil pressure should be superimposed to the spon-
taneous Pes tracing on a point corresponding to the onset
of inspiratory flow (‘‘lower-bound’’ of inspiratory PTP).
While upper bound pressure time product may overesti-
mate muscular activity, the detection of lower-bound
pressure-time product signifies that the designated mus-
cle group is truly active: in this way the entire possible
range of the patient effort is included (9).

Estimating WOB is useful to set an optimal level of
ventilatory support, which should be able to normalize
inspiratory muscles work loads avoiding at the same time
excessive unloading (overassistance). The optimal PTP/
minute range during mechanically supported breathing is
between 100 and 125 cm H2O*sec/minute.

2.3. Respiratory Mechanics

Estimating the values of elastance and resistance during
partial mechanical support is feasible applying the equa-
tion of motion:

PmusþPappl¼ ðVolume � EÞþ ðFlow � RÞ

þPEEPtot:
ð17Þ

Here Pmus is the pressure generated by patient’s inspira-
tory muscles and Pappl is the pressure applied by the
ventilator. A reliable estimation of Pmus is commonly
obtained through the measurement of transdiaphrag-
matic pressure (Pdi):

Pdi¼Pes� Pga; ð18Þ

where Pdi is the deflection in pressure generated by
diaphragm contraction and gastric pressure (Pga) is mea-
sured through a balloon-tipped catheter similar to the one
used for Pes measurements, placed in the stomach. For its
invasiveness and complexity, this method is almost exclu-
sively limited to clinical research.
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Figure 12. Flow, Pao, and Pes tracings recorded during pressure support ventilation. In order to
estimate patient’s work of breathing, the static elastic recoil pressure of the chest wall (blue line)
has been superimposed to the Pes tracing measured during mechanically assisted breathing (green
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patient performs a discrete work of breathing in Panel 1 and is substantially passive (excluding a
minimum effort wasted to trigger the ventilator) in Panel 2.
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RESPIRATORY SINUS ARRHYTHMIA

ABHIJIT PATWARDHAN

University of Kentucky
Lexington, Kentucky

It has been long recognized that the period of the heart,
that is, the interval between two heartbeats, changes in
rhythm with respiration. The period between heartbeats
decreases during the inspiratory phase of breathing and
increases during expiration. Respiration can be changed
voluntarily to a great extent, whereas heart periods
cannot. It is tempting to think, therefore, that the ob-
served link between breathing and heart periods may
have provided impetus for the genesis of ancient practices
such as pranayam and qi-gong. One belief, common to
both of these practices, is that modifying breathing pat-
terns can improve general and cardiovascular health.

Change in heart periods that is synchronous with
respiration is called respiratory sinus arrhythmia (RSA).
Although the phenomenon is called an arrhythmia, i.e.,
disruption of a rhythm, the change in heart rate is,
however, rhythmic and synchronized with respiration. In
a healthy person, the heart speeds up during inspiration
and slows down during expiration. Within a physiological
range of breathing frequencies, the heart rate changes
lock step with respiration. The magnitude of the change in
heart rate depends on respiratory frequency and depth.

RSA is perhaps one of the more widely investigated
phenomenon in the field of integrative physiology. As
such, the literature is rich in terms of many studies that
have investigated this phenomenon and several excellent
review articles that summarize the contemporary scien-
tific view about RSA. The objective in this chapter is to
introduce the reader to RSA; it is, therefore, organized to
address the following issues: What is RSA? What are the
prominent empirical features of RSA? What are the issues
related to measurement of RSA? And, what causes RSA?
The last question, i.e., the mechanisms that are respon-
sible for RSA, has generated much debate in the scientific
community and continues to be investigated. For this
reason, the discussion about this issue is somewhat brief.
References to several recent review articles are provided
for those who may be interested to read about the details
and subtleties related to mechanisms of RSA.

Figure 1 shows an example of RSA. The figure shows
that, in this case, the heart started to slow down at the
onset of expiration and reached a minimum before the end
of the expiratory phase. Then, there was acceleration
during late parts of expiration and during inspiration.
The phase relationship between heart rate and respiration
during the deceleration phase of heart rate; i.e., the delay
between onset of decrease in heart rate and of decrease in
lung volume is found to be relatively constant over differ-
ent respiratory rates. The phase relationship during the
acceleratory phase, i.e., delay between onset of increase in
heart rate and that of inspiratory phase of breathing,
however, varies with breathing frequency.

Figure 1 shows that amplitude of RSA can be consider-
able. The change in heart rate, in this example, was from

73 to 61 beats/min, i.e., a change of about 20%. During
quiet and slow breathing, when tidal volumes tend to be
large, as was the case when data shown in Figure 1 were
obtained, RSA of considerable magnitude is observed.
Rapid and shallow breathing, on the other hand, does
not result in as large a change in heart rate. The reciprocal
effect of breathing rate on RSA is observed within a
subject; i.e., if a given subject decreases breathing rate,
then the RSAwill be larger. It is not a given, however, that
between two subjects, the one with a slower breathing rate
will have a larger RSA.

It has been known for some time that amplitude of RSA
decreases as breathing frequency increases (1). The faster
the breathing, the smaller the difference between max-
imum and minimum heart rates seen within each breath
period. One earlier and comprehensive exploration of the
effects of breathing rates and depth on RSA that followed
Angelone and Coulter’s (1) report was an elegant study by
Hirsch and Bishop (2). Several studies have subsequently
confirmed and reproduced their observations, e.g., Brown
et al. (3). Figure 2 illustrates this phenomenon. In a
subject resting in supine position, electrocardiogram and
a pneumo-tachograph-derived airflow were recorded.
Heart periods, measured as RR intervals, were computed
from the electrocardiogram. Respiratory synchronous
changes in RR intervals were used to compute amplitude
of RSA. Airflow was integrated and used in a visual
feedback to allow voluntary control of breathing rate and
depth by the subject (4). The top panel in the figure shows
the inverse relationship between RSA amplitude and
breathing frequency. At a slow breathing frequency of 6
breaths/min, the change in RR intervals was considerable;
however, the amplitude of RSA decreased nearly six-fold
as breathing frequency increased to about 24 breaths/min.
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Figure 1. An example of RSA in a man during quiet breathing.
The electrocardiogram and heart rates are shown in the top two
traces, and lung volume is in the bottom. Thick and thin vertical
lines indicate starts of inspiration and expiration. The figure
shows that heart rate decreases during the expiratory phase of
breathing and increases during inspiration.
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An interesting question that arises is, does amplitude of
RSA keeps increasing if breathing frequency keeps de-
creasing below 6 breaths/min? Furthermore, what hap-
pens during a breath hold? The results of the study by
Hirsh and Bishop (2) (their Fig. 3) show that the RSA
amplitude does increase with decreasing breathing fre-
quency, but only up to a limit. Beyond this limit, further

slowing of breathing does not further increase the ampli-
tude of RSA; the amplitudes level off. Interestingly, their
study also shows that during voluntary breath holds,
when respiratory activity, measured as airflow, is virtually
undetectable, some variation in heart rate still persists.
The periods of this variation are comparable with those
that are seen during breathing (Fig. 2 of Hirsch and
Bishop). Other studies in animals and humans have
confirmed this observation; Small-amplitude RSA is ob-
served even when overt signs of respiratory activity are
absent (5,6).

The bottom panel in Fig. 2 shows the direct effect of
tidal volume, i.e., depth of breathing, on amplitude of RSA.
For any breathing frequency (in this case, 8 and 14
breaths/min), the amplitude of RSA is directly related to
the depth of breathing; the deeper the breathing, the
larger the difference between maximum and minimum
heart rates, i.e., the larger the amplitude of RSA (2,3,7).

Closer inspection of RSA reveals that the changes in
RR intervals are affected differently during the inspiratory
and expiratory phases of breathing. If the breathing
interval, i.e., period between onset of an inspiration and
the onset of inspiration for the next breath, and depth are
held constant, but the expiratory phase is prolonged, it is
observed that amplitude of RSA increases (7). However,
the results of this study by Eckberg (7) also show that it is
not prolongation of the expiratory phase of breathing that
affects amplitude of RSA; rather, it is shortening of
inspiration that increases amplitude of RSA. These results
suggest that RSA is affected importantly by the rate of
increase of lung volume.

As stated, the decrease in heart rate is tightly phase
coupled with the onset of expiration. Over a wide range of
breathing frequencies, heart rate starts to decrease soon
after transition from inspiration to expiration occurs. The
start of increase in heart rate, however, occurs earlier
than the onset of inspiration. Indeed, for longer breath
durations, as seen in Fig. 1, the decrease in heart rate
stops before the end of the expiratory phase and accelera-
tion of rate begins before inspiration starts for the next
breath (7). As the breathing period increases progres-
sively, the onset of prolongation of RR always occurs
during the expiratory phase. The onset of shortening of
the RR intervals moves progressively closer to the onset of
inspiration, and as the breathing interval continues to
increase, the shortening of RR intervals occurs during the
expiratory phase, as seen in Fig. 1. An excellent and
detailed demonstration of phase relationship between
changes in PP intervals (PP intervals mimic RR intervals
in healthy subjects who have no atrioventricular nodal
conduction disorders) and respiratory phases can be found
in a study reported by Eckberg (7) (Figs. 4 and 5 of his
paper).

As discussed, there is considerable evidence that sup-
ports the notion that RSA is a result of autonomic neural
activity. Therefore, RSA can be used to learn about
autonomic neural function. Because of the obvious utility
of quantitative measures of RSA, much effort has been
devoted to determining approaches to quantify RSA that
are optimal. These explorations include technical issues
that are directly related to methods of quantification of

0

20

40

60

80

100

120

140

5 10 15 20 25

Breaths/minute

R
S

A
 a

m
pl

itu
de

 (
m

se
c)

 a

0

20

40

60

80

100

120

400 800 1200

Tidal volume (ml)

R
S

A
 a

m
pl

itu
de

 (
m

se
c)

 

8 breaths/min
14 breaths/min

b

Figure 2. An example that illustrates the relationship between
breathing frequency and amplitude of RSA (top) and depth of
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Figure 3. Spectrum of RR intervals (top) and of respiration (lung
volume, bottom) show variability in RR intervals that is synchro-
nous with that in lung volume. The subject breathed at a rate of
12 breaths/min, i.e., at a breathing frequency of 0.2Hz.
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RSA once RR intervals or heart rates have been computed
from measured ECG. Equally important are issues that
are related to the experimental design during which these
RR intervals or heart rates are obtained. A brief descrip-
tion of some widely used methods of quantifying RSA is
provided below. Interested readers may want to consult
any of the several excellent reports that are available on
this topic (8–13).

The most direct method used to quantify RSA is to
measure the peak to valley difference in RR intervals or
heart rates during each breath. For example, for data
shown in Fig. 1, one would compute the difference between
the highest and the lowest heart rate during a time
interval defined by either a pair of thin or pair of thick
lines. As these lines define one breath, i.e., start of an
inspiration to the start of the next inspiration, or start of
an expiration to the start of the next expiration, the
maximal change in heart rate during each breath is the
amplitude of RSA for that breath. One then averages
amplitudes of the ‘‘breath by breath’’ RSA computed over
multiple breaths to obtain an estimate of RSA amplitude
for a time interval that spans the number of breaths over
which the average is obtained.

Although this method is simple to implement and
explicitly computes RSA, it is often cumbersome to use
in many situations. Data records that are long in duration,
when respiration is either not measured explicitly, or
when respiratory rate changes, are some of several situa-
tions in which measuring the peak–valley difference on a
breath-by-breath basis, at least explicitly as described,
becomes impractical. Of course, the quantity to be mea-
sured remains the peak–valley difference in RR intervals
or heart rate that occurs synchronous with breathing,
which is then averaged over several breaths. The methods
employed to estimate this quantity vary. For relatively
shorter durations when the physiologic state remains
invariant, that is, when slow (slow relative to respiratory
rate) changes in mean heart rate or RR interval are
expected to be small, it turns out that often the variance
or standard deviation of heart rate is a fairly good
surrogate of RSA. The reason that variance or standard
deviation turns out to be a good surrogate of RSA is
because over shorter time intervals, and when other
physiological parameters do not change appreciably, the
major contributor to variation in RR intervals or heart
rate is RSA.

Although the standard deviation often provides a sa-
tisfactory estimate of RSA amplitude, in situations in
which slow changes in heart rates or RR intervals cannot
be expected to be small enough to be ignored, more
sophisticated quantification methods are employed. One
of the more widely used method to quantify RSA ampli-
tude is spectral analysis of RR intervals or heart rate.
Such analysis happens to be a widely used tool in biome-
dical research and is called analysis of heart rate varia-
bility (HRV) (8). Interested readers are referred to the
chapter on HEART RATE VARIABILITY in this book for further
information regarding this important tool for research as
well as for clinical diagnosis.

The spectrum of a signal provides a means to decom-
pose the signal in terms of oscillatory components that can

be combined to make up the signal. These components
have different, but harmonically related, frequencies. For
example, if a person was to breathe metronomically at a
rate of 12 breaths/min, the spectrum of lung volume signal
during this type of breathing will show a peak at the
breathing frequency, which at the rate of 12 breaths/min is
equal to 0.2 breaths/s. An example of the spectrum of the
lung volume signal during metronomic breathing at a rate
of 12 breaths/min is shown in the lower panel in Fig. 3.
Although the units of breathing rate, i.e., breathing
frequency, are breaths/second, frequencies in the spectra
are usually expressed using the universal unit of fre-
quency. The universal unit of frequency is Hertz (Hz);
1Hz is equal to 1 cycle/s. In keeping with this custom, the
abscissa in Fig. 3 is labeled as Hertz, where the peak at
0.2Hz was caused by breathing at a rate of 0.2 breaths/s.
As shown in Fig. 3, top panel, the spectrum of RR inter-
vals, recorded while the subject breathed metronomically
at 0.2Hz, shows three distinct features; a peak at very low
frequencies, one at a frequency just lower than 0.1Hz, and
a distinct peak that is ‘‘aligned’’ with the peak in lung
volume spectra. The amplitude of the peak in RR interval
spectra that is ‘‘aligned’’ with breathing frequency, in this
case, the amplitude of the peak at 0.2Hz, is proportional to
the amplitude of average RSA (note that in this case, the
breathing frequency is metronomic). If the breathing
frequency does not change, then the larger the amplitude
of RSA, the taller the peak in RR interval spectrum at
breathing frequency and vice versa. The amplitudes of
peaks in the RR interval spectra that are at frequencies
other than the breathing frequency are also thought to
have autonomic neural and physiological origins. The
significance of these peaks continues to be a topic of
much debate and research (8). Readers interested in
learning more about contemporary thinking regarding
physiological interpretation of the nonrespiratory fre-
quency peaks in RR interval or heart rate spectra are
referred to the chapter on HEART RATE VARIABILITY.

Advances in computational technologies make quanti-
fication of RSA by computing RR interval or heart rate
spectra an attractive choice. Longer durations of RR
intervals can be transformed into a spectrum in a very
short time, thereby making the task of estimating ampli-
tude of RSA that much easier. Use of amplitude of peak in
the spectrum at a frequency coincident with respiration as
an estimate of RSA, however, poses some problems. Fore-
most among these is the problem related to respiratory
frequency or rate. If respiratory frequency does not
change, and is known with certainty, then quantifying
the amplitude of a peak in RR intervals or heart rate
spectra at the respiratory frequency is straightforward.
The complication arises in situations in which respiratory
frequency does change, which, unfortunately for the pur-
poses of this estimate, is what happens in many circum-
stances when subjects breathe spontaneously.

The issue about effects of changes in respiratory fre-
quency on estimation of RSA has received much attention
(3,4,14–21), for very important reasons. As we will discuss
in this chapter, the amplitude of RSA is generally accepted
as an index of the parasympathetic modulation of dy-
namics of the sino-atrial node. If one was to use changes in
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amplitude of RSA to infer about changes in the degree to
which parasympathetic efferent activity affects nodal
function, then changes in respiration pose a serious con-
found. As is widely known, and as illustrated in Fig. 2,
both changes in respiratory rate and depth change RSA
amplitude. The functional relationship between respira-
tion and RSA amplitude is reproducible and clear; an
increase in respiratory rate is inversely, and depth of
respiration is directly, correlated with RSA amplitude. If
one is investigating whether parasympathetic modulation
of sino-atrial node is altered, by measuring changes in
RSA amplitude, and if respiration also changes during
this period, then it becomes difficult to determine what
part of the change in RSA resulted from changes in
parasympathetic activity and what part was a conse-
quence of changes in respiration. Of course, an underlying
assumption in attributing these changes as having sepa-
rate origins (respiratory versus parasympathetic) is that
the change in RSA amplitude that is observed as respira-
tion changes is somehow independent of parasympathetic
activity. Data that address this important issue, although
available, are not as clear as the functional relationship
between respiration and RSA amplitude. For example,
results of studies by Brown et al. (3) and others (15)
show that when one voluntarily breathes at varying rates
and depths, so long as blood oxygen and carbon dioxide
partial pressures are not affected, the parasympathetic
effect on the sino-atrial nodal function does not change, at
least not appreciably. This interpretation supports the
notion that the functional relationship between RSA
amplitude and respiration can be viewed as being inde-
pendent of changes in parasympathetic function. The
observation that was used by these investigators to sup-
port this inference was the fact that the mean RR inter-
vals were relatively invariant over the ranges of
respiratory rates and depths that were explored in these
studies, whereas RSA amplitudes changed considerably.
On the other hand, others have suggested that when
respiration is altered voluntarily, so is the parasympa-
thetic effect on the sino-atrial node (22,23). For example,
Malliani et al. (22) suggested that metronomic breathing
may even enhance the parasympathetic effect. It is likely
that the issue of whether the relationship between re-
spiration and RSA amplitude is independent of changes in
parasympathetic activity is somewhat irrelevant. As dis-
cussed by Eckberg (24) and demonstrated by the results of
modeling studies (25), the mechanisms that cause a
change in RR intervals, synchronous with respiration,
remain invariant over the range of breathing intervals;
longer intervals just allow for more of the ‘‘effect’’ to
manifest.

If respiration changes around a certain mean value, as
is what one would expect to happen during normal
physiologic function, then it is possible to average over
or account for the normal variation in rate as well as depth
(19,20). That is, the decrease in RSA because of breaths
that are slightly shorter in duration is compensated for by
the increase in RSA because of breaths that are slightly
longer in duration. The same concept holds for relatively
minor changes in breath by breath tidal volumes. If
respiration changes systematically rather than somewhat

randomly around a mean value, then the confound of
respiration needs to be addressed differently. Figure 4
illustrates the concept of when respiration changes sym-
metrically around a mean value. In a study designed to
investigate whether metronomic breathing does enhance
parasympathetic activity, as had been suggested (22,23),
we obtained RR intervals and lung volumes as the subjects
breathed (1) spontaneously; (2) metronomically in a pat-
tern such that they breathed at three different frequen-
cies, for two tenths of the total duration of measurement
each at the highest and the lowest frequencies and for six
tenths duration at a frequency which was the mean of the
other two frequencies; and (3) metronomically at a single
frequency; this frequency was the same as the average
frequency during three-frequency breathing. The figure
shows that spectral power in RR intervals gets distributed
over the range of frequencies that are spanned by respira-
tion. Comparison of lung volume and RR interval spectra
among spontaneous, three-frequency, and single-fre-
quency breathing shows a marked increase in the ampli-
tude of the peak in these spectra centered at the breathing
frequency. Inspection of the amplitudes would suggest an
increase in RSA, and thus in parasympathetic activity,
during single-frequency breathing compared with three-
frequency breathing, and during three-frequency breath-
ing compared with spontaneous breathing. However,
when the spectral powers were integrated over frequency
regions that spanned those covered by respiration, ampli-
tudes of RSA were found to be comparable among the
three protocols (20). There are several ways in which all
respiratory synchronous variation in spectrum of RR
intervals is accounted for. Some more widely used meth-
ods include use of coherence between respiration and RR
intervals to determine the frequency regions where the
two have synchronous changes and use of parametric
estimates such as autoregressive methods for estimation
of the spectra (17,22,23).

An obvious solution to avoiding problems associated
with changing respiratory pattern is to not allow it to
change! In conscious and cooperating subjects, it is en-
tirely possible to design studies where respiration (rate
and depth) remains invariant among different parts of the
experimental protocol. This approach makes interpreta-
tion of changes in RSA as reflecting those in parasympa-
thetic activity much simpler and straightforward (3,26).
Two important issues need to be considered in using this
approach; selecting the respiratory pattern to be main-
tained invariant and what are the effects of the act of
voluntary control of breathing.

If the experimental design is such that large and
systematic changes in respiration are not expected among
different stages of the study, then selecting a breathing
pattern to follow is not difficult. Of course, in such situa-
tions, it may also be possible to account for changes in
respiration as large changes are not expected. If systema-
tic changes in respiration are expected, for example, if
comparing RSA during standing posture with that during
supine, then controlling ventilation (respiration rate and
depth) to the levels seen during supine can leave subjects
slightly hypoventilated while upright as a slight increase
in ventilation is observed during the stand posture (27). In
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Figure 4. Respiration (lung volume) and RR intervals recorded during three breathing protocols
(left) in a subject and corresponding spectra (right) show how changes in breathing frequency
distribute respiratory synchronous variation in RR intervals over the same frequency range. The
top two panels show that during spontaneous breathing, variation in respiratory rate is reflected as
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breathed at a single frequency (bottom two panels), all oscillations were localized at a single
frequency reflected as a single, but tall, peak in both lung volume and RR interval spectra.
Reproduced with permission from Patwardhan et al., J. Appl. Physiol. 1995; 78:2087–2094.
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situations in which voluntary control of respiration is not
possible, such as in studies employing animals, or where
human subjects are unlikely to comply, making respira-
tion invariant is not an option and some other means to
factor out effects on RSA caused by changes in respiration
are warranted.

The issue regarding what is the effect of the act of
voluntary control of breathing is tricky to resolve. If
comparison is made between spontaneous and metro-
nomic breathing, then it is difficult to resolve what part
of the difference is from the difference in how the breath-
ing pattern was generated (spontaneously versus volun-
tarily) and what part is from the difference in breathing
pattern. We addressed the issue of the effects of the act of
voluntary control of respiration by comparing RSA and
heart rates while subjects breathed the same respiratory
pattern once spontaneously and the other time by volun-
tarily generating the same pattern. Figure 5 shows an
example that demonstrates the experimental scheme that
was used. Subjects breathed spontaneously, during which
we recorded their respiratory pattern. Immediately after-
ward, we used visual feedback so that the subjects could
voluntarily reproduce their spontaneous breathing pat-
tern. As shown in the figure, during the two stages of the
study, the respiratory patterns were very similar; the
differences in RSA during the two stages, therefore, could
be attributed to the act of voluntarily controlling the
breathing pattern. The results of this study showed that
the act of voluntary control of breathing does produce a
significant decrease in RSA. However, the decrease,

although significant, is small (4). Therefore, in a study
design in which voluntary control is employed in all stages
of the study where comparison among RSA is to be made;
then the effects of voluntary control are likely to be
balanced out.

A critical issue that has received much attention over
the decades and continues to be a subject of much discus-
sion is, what causes RSA? The widely recognized and long
held view that the autonomic neural modulation of sinus
nodal function is reflected as RSA has, in part, been
responsible for the long running interest in this phenom-
enon. For example, a recent literature review in the
National Library of Medicine’s ‘‘PubMed’’ using the key
words ‘‘respiratory sinus arrhythmia’’ revealed over 600
articles. More than 40 of these articles were published in
year 2004 alone.

As stated, the exact mechanisms that lead to the
genesis of RSA are the subject of much discussion. Many
comprehensive and excellent reviews have been devoted to
this issue (12,16,24,28). The general consensus seems to
be that predominantly, it is the parasympathetic neural
modulation of sino-atrial nodal function that leads to the
phasic change in chronotropy that is manifest as RSA. The
resting membrane potential of the nodal myocytes is
unstable and displays a gradual shift toward threshold
potential. The rate at which the membrane potential
reaches threshold is modulated by both cholinergic and
adrenergic neurotransmitters, respiratory synchronous
changes in the release of these is therefore thought to
ultimately cause RSA. What causes respiratory synchro-
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Figure 5. Lung volumes recorded during two breathing trials, once when the subject breathed
spontaneously and the other when the subject voluntarily reproduced the spontaneous breathing
pattern. Because the breathing patterns were nearly the same, comparison of RSA between the two
trials unmasked the effects of voluntary control of breathing. Reproduced with permission from
Patwardhan et al., J. Appl. Physiol. 1995; 79:1048–1054.
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nous change in neural activity is somewhat equivocal.
Although there is also some ambiguity regarding which of
the two, sympathetic and parasympathetic branches, have
a predominant effect on RSA, the overwhelming evidence
suggests that it is the latter. A critical demonstration that
the respiratory synchronous changes in heart periods are
predominantly mediated via the parasympathetic branch
was from studies in dogs reported by Katona and Jih (29).

One of the earlier summaries about the mechanisms of
RSA is provided by Clynes (30) who lists four general
pathways by which respiration could affect autonomic
outflow. These four mechanisms are (1) central transmis-
sion of neural discharges from the respiratory center to
those that regulate cardiac discharges; (2) the baroreflex
arc mediated RSA; (3) the mechanical effect on the sino-
atrial node (Bainbridge reflex) produced by variation in
filling volume; and (4) several stretch receptors that are
involved in respiration, which Clynes stated may affect
RSA via some, at that time unknown, mechanisms. It is
interesting to note that these four pathways, summarized
by Clynes over four decades ago, are still considered as
possible mechanisms, although different investigators at-
tach varying importance to each as briefly summarized.

The idea that respiration modulates or gates the para-
sympathetic, i.e., vagal discharge, to the sino-atrial node
is well supported by several studies; a comprehensive
discussion of these is provided by Eckberg (24). Data
shown by Eckberg support the notion that the respiratory
rhythms modulate the changes in autonomic neural dis-
charge rather than the other way around or both oscillat-
ing to some other rhythm. Eckberg also presents a very
interesting discussion regarding his view of the respira-
tory gate, the concept of gate being proposed earlier by
Lopes and Palmer (31). According to this view, the re-
spiratory gating alters the timing of autonomic neural
activity, but it does not alter its tonic level. The results of
several studies suggest that respiratory gating occurs for
both sympathetic and parasympathetic activity, but the
effect of such gating is opposite and is proportional to the
level of stimulation (24). That is, when blood pressure is
high, RSA is diminished while moderate changes in blood
pressure permit larger RSA.

Another among these four mechanisms is that as intra-
thoracic pressure changes during respiration, this pres-
sure change is transmitted over to the arterial blood
pressure. The baro-sensors modulate afferent signaling,
which via the baroreflex, then change RR intervals. This
mechanism is implicit in the relatively wide use of
changes in RR intervals normalized by those in blood
pressure within the respiratory frequency regions as an
index of baroreflex sensitivity [see (Ref. 32) for a recent
use of such index]. There are, however, some concerns
regarding whether the role of baroreflex in generation of
these oscillations in RR intervals is dominant (24). To a
large extent, these concerns are based on results of studies
by Taylor et al. (33), where they reported that when the
hearts were paced, i.e., RSA eliminated, amplitudes of
respiratory synchronous oscillations in blood pressure also
diminished.

The results of the study reported by Taylor et al. also
provide data that support the notion that RSA amplitude

is affected by sympathetic discharge (33). In their studies,
sympathetic blockade seems to increase amplitude of RSA
at almost all frequencies. This conclusion is somewhat in
contrast with the previous view, as discussed by Berntson
et al. (16), that sympathetic activity does not modulate
RSA amplitude. However, the predominant evidence does
support the interpretation that RSA amplitude can be
used to infer changes in tonic levels of parasympathetic
discharge, although, as discussed by Berntson et al., the
demarcation between what should be considered tonic and
what is phasic is sometimes less than clear. A more recent
review of heart rate variability by Stauss (34,35), a part of
which is RSA, proposes that the mechanical effects of
atrial filling on RSA may be more dominant than what
is generally appreciated; this fact is supported by the
results of studies by Barbieri et al. (36).

The converging lines of evidence from many studies
suggest that RSA amplitude can be used as a measure of
changes in parasympathetic activity. As discussed, how-
ever, such interpretation should be tempered with cau-
tion. Further complicating the interpretation of RSA are
results of study recently reported by Ben Lamine et al.
(15), which suggest that the RSA versus respiration
relationship may be individual dependent, which would
make approaches to compensate for respiratory pattern
changes, as discussed, that much more difficult.

Despite the complexities and caveats, RSA seems to be
a simple to measure, yet powerful, index that provides an
insight about autonomic nervous activity that governs
cardiac function. Given the widely hypothesized dominant
role of neural function in onset of sudden cardiac death
(37), this index, identified early on by humans, continues
to be the focus of modern scientific exploration. Indeed,
some recent studies have revisited the issue of modifying
one’s breathing to modify the function of the heart, with
the hope that such modification is of benefit (38,39).

Acknowledgments

Supported by NIH Grant HL65735. The author acknowl-
edges the assistance of Ms. Xue Wang and Mr. Pavan
Kumar Narasimha in generating figures for the manu-
script.

BIBLIOGRAPHY

1. A. Angelone and N. A. Coulter Jr., Respiratory sinus ar-
rhythemia: A frequency dependent phenomenon. J. Appl.
Physiol. 1964; 19:479–482.

2. J. A. Hirsch and B. Bishop, Respiratory sinus arrhythmia in
humans: How breathing pattern modulates heart rate. Am. J.

Physiol. 1981; 241:H620–H629.

3. T. E. Brown, L. A. Beightol, J. Koh, and D. L. Eckberg,
Important influence of respiration on human R-R interval
power spectra is largely ignored. J. Appl. Physiol. 1993;
75:2310–2317.

4. A. R. Patwardhan, S. Vallurupalli, J. M. Evans, E. N. Bruce,
and C. F. Knapp, Override of spontaneous respiratory pattern
generator reduces cardiovascular parasympathetic influence.
J. Appl. Physiol. 1995; 79:1048–1054.

RESPIRATORY SINUS ARRHYTHMIA 7



5. L. J. Badra, W. H. Cooke, J. B. Hoag, A. A. Crossman, T. A.
Kuusela, K. U. Tahvanainen, and D. L. Eckberg, Respiratory
modulation of human autonomic rhythms. Am. J. Physiol.

Heart Circ. Physiol. 2001; 280:H2674–H2688.

6. J. Penaz and P. Burianek, Dynamic performance of vasomotor
responses of the resistance vessels of the carotid vascular bed
in the rabbit. Arch. Int. Physiol. Biochim. 1963; 71:499–517.

7. D. L. Eckberg, Human sinus arrhythmia as an index of vagal
cardiac outflow. J. Appl. Physiol. 1983; 54:961–966.

8. Heart rate variability: Standards of measurement, physiolo-
gical interpretation and clinical use. Task Force of the Eur-
opean Society of Cardiology and the North American Society
of Pacing and Electrophysiology. Circulation 1996; 93:1043–
1065.

9. G. E. Billman and J. P. Dujardin, Dynamic changes in cardiac
vagal tone as measured by time-series analysis. Am. J.

Physiol. 1990; 258:H896–H902.

10. R. De Meersman, N. Faroudja, P. Juris, J. Higgins, and A.
Gentile, A computerized respiratory sinus arrhythmia pro-
gram for the non-invasive assessment of parasympathetic
activity. Comput. Biol. Med. 1990; 20:75–94.

11. P. Grossman, J. van Beek, and C. Wientjes, A comparison of
three quantification methods for estimation of respiratory
sinus arrhythmia. Psychophysiology 1990; 27:702–714.

12. J. Hayano, Y. Sakakibara, A. Yamada, M. Yamada, S. Mukai,
T. Fujinami, K. Yokoyama, Y. Watanabe, and K. Takata,
Accuracy of assessment of cardiac vagal tone by heart rate
variability in normal subjects. Am. J. Cardiol. 1991; 67:199–
204.

13. K. Yana, J. P. Saul, R. D. Berger, M. H. Perrott, and R. J.
Cohen, A time domain approach for the fluctuation analysis of
heart rate related to instantaneous lung volume. IEEE Trans.
Biomed. Eng. 1993; 40:74–81.

14. A. K. Ahmed, J. B. Harness, and A. J. Mearns, Respiratory
control of heart rate. Euro. J. Appl. Physiol. Occupational

Physiol. 1982; 50:95–104.

15. S. Ben Lamine, P. Calabrese, H. Perrault, T. P. Dinh, A.
Eberhard, and G. Benchetrit, Individual differences in re-
spiratory sinus arrhythmia. Am. J. Physiol. Heart Circ.

Physiol. 2004; 286:H2305–H2312.

16. G. G. Berntson, J. T. Cacioppo, and K. S. Quigley, Respiratory
sinus arrhythmia: Autonomic origins, physiological mechan-
isms, and psychophysiological implications. Psychophysiology
1993; 30:183–196.

17. W. H. Cooke, J. F. Cox, A. M. Diedrich, J. A. Taylor, L. A.
Beightol, J. Et. Ames, J. B. Hoag, H. Seidel, and D. L. Eckberg,
Controlled breathing protocols probe human autonomic car-
diovascular rhythms. Am. J. Physiol. 1998; 274:H709–H718.

18. D. L. Eckberg, Mathematical treatment of autonomic oscilla-
tions. Circulation 1999; 100:e63–e64.

19. A. Patwardhan, J. Evans, E. Bruce, and C. Knapp, Heart rate
variability during sympatho-excitatory challenges: Compar-
ison between spontaneous and metronomic breathing. Integr.
Physiol. Behav. Sci. 2001; 36:109–120.

20. A. R. Patwardhan, J. M. Evans, E. N. Bruce, D. L. Eckberg,
and C. F. Knapp, Voluntary control of breathing does not alter
vagal modulation of heart rate. J. Appl. Physiol. 1995;
78:2087–2094.

21. J. P. Saul, Beat-to-beat variations of heart rate reflect mod-
ulation of cardiac autonomic outflow. Int. Union Physiol. Sci./

Am. Physiol. Soc. 1990: 32–37.

22. A. Malliani, M. Pagani, F. Lombardi, and S. Cerutti, Cardi-
ovascular neural regulation explored in the frequency do-
main. Circulation 1991; 84:482–492.

23. M. Pagani, F. Lombardi, S. Guzzetti, O. Rimoldi, R. Furlan, P.
Pizzinelli, G. Sandrone, G. Malfatto, S. Dell’Orto, E. Piccaluga
et al., Power spectral analysis of heart rate and arterial
pressure variabilities as a marker of sympatho-vagal inter-
action in man and conscious dog. Circ. Res. 1986; 59:178–193.

24. D. L. Eckberg, The human respiratory gate. J. Physiol. 2003;
548:339–352.

25. F. Dexter, Y. Rudy, M. N. Levy, and E. N. Bruce, Mathematical
model of cellular basis for the respiratory sinus arrhythmia.
J. Theor. Biol. 1991; 150:157–173.

26. J. Hayano, S. Mukai, M. Sakakibara, A. Okada, K. Takata,
and T. Fujinami, Effects of respiratory interval on vagal
modulation of heart rate. Am. J. Physiol. 1994; 267:H33–H40.

27. X. Wang, L. Richardson, S. Krishnamurthy, K. Pennington, J.
Evans, E. Bruce, W. Abraham, D. Bhakta, and A. Patward-
han, Orthostatic modification of ventilatory dynamic re-
sponse to carbon dioxide perturbations. Auton. Neurosci.

2004; 116:76–83.

28. P. Grossman, Respiration, stress, and cardiovascular func-
tion. Psychophysiology 1983; 20:284–300.

29. P. G. Katona and F. Jih, Respiratory sinus arrhythmia:
Noninvasive measure of parasympathetic cardiac control. J.
Appl. Physiol. 1975; 39:801–805.

30. M. Clynes, Respiratory sinus arrhythmia: Laws derived from
computer simulation. J. Appl. Physiol. 1960; 15:863–874.

31. O. U. Lopes and J. F. Palmer, Proposed respiratory ‘gating’
mechanism for cardiac slowing. Nature 1976; 264:454–456.

32. K. Iwasaki, R. Zhang, M. A. Perhonen, J. H. Zuckerman, and
B. D. Levine, Reduced baroreflex control of heart period after
bed rest is normalized by acute plasma volume restoration.
Am. J. Physiol. Regul. Integr. Comp. Physiol. 2004;
287:R1256–R1262.

33. J. A. Taylor, C. W. Myers, J. R. Halliwill, H. Seidel, and D. L.
Eckberg, Sympathetic restraint of respiratory sinus arrhyth-
mia: Implications for vagal-cardiac tone assessment in hu-
mans. Am. J. Physiol. Heart Circ. Physiol. 2001; 280:H2804–
H2814.

34. H. M. Stauss, Heart rate variability. Am. J. Physiol. Regul.

Integr. Comp. Physiol. 2003; 285:R927–R931.

35. H. M. Stauss and P. B. Persson, Power spectral analysis of
heart rate and blood pressure: Markers for autonomic balance
or indicators of baroreflex control? Clin. Sci. (Lond.) 1995;
88:1–2.

36. R. Barbieri, J. K. Triedman, and J. P. Saul, Heart rate control
and mechanical cardiopulmonary coupling to assess central
volume: A systems analysis. Am. J. Physiol. Regul. Integr.

Comp. Physiol. 2002; 283:R1210–R1220.

37. G. F. Tomaselli and D. P. Zipes, What causes sudden death in
heart failure? Circ. Res. 2004; 95:754–763.

38. L. Bernardi, P. Sleight, G. Bandinelli, S. Cencetti, L. Fattor-
ini, J. Wdowczyc-Szulc, and A. Lagi, Effect of rosary prayer
and yoga mantras on autonomic cardiovascular rhythms:
Comparative study. BMJ. 2001; 323:1446–1449.

39. D. Cysarz, D. von Bonin, H. Lackner, P. Heusser, M. Moser,
and H. Bettermann, Oscillations of heart rate and respiration
synchronize during poetry recitation. Am. J. Physiol. Heart
Circ. Physiol. 2004; 287:H579–H587.

8 RESPIRATORY SINUS ARRHYTHMIA



RESPIRATORY-RELATED EVOKED POTENTIALS
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1. GENERAL FEATURES OF RESPIRATORY-RELATED
EVOKED POTENTIALS

The electroencephalogram (EEG) provides an electrical
signal that reflects the temporal activation of neuronal
pathways throughout the brain as information from a
wide variety of sources is processed. Respiratory-related
evoked potentials (RREPs) are part of a general class of
somatosensory evoked potentials (SEPs) that are trig-
gered in the EEG by a specific mechanical or electrical
perturbation or event producing a set of electrical re-
sponses as the event-related information travels from
the sensor to and through neural processing pathways to
the cortex. RREPs are evoked by stimulation of a respira-
tory-related process related to the mechanical function of
the respiratory system. Although electrical events result
from chemical stimulation of respiratory chemoreceptors,
physiologically such signals are not sufficiently abrupt to
satisfy the needs of the ensemble averaging required to
identify RREP responses, as will be described.

Stimulation of mechanoreceptors in any respiratory-re-
lated structure results in a neural signal traveling cen-
trally through peripheral nerves. As is typical for
mechanosensation, such a path may follow a spinal tract
or a cranial nerve to the brainstem and beyond to the
thalamus where thalamocortical synaptic transmission
occurs. From the thalamus, connection to the somatosen-
sory cortex is made according to site-specific mapping
from the stimulated structure to a related region on the
somatosensory cortex (Penfield’s somatosensory homun-
culus). Figure 1 shows how information from mechanore-
ceptors in respiratory muscle traverses spinal pathways
and how structures served by the vagus (Xth cranial)
nerves including pulmonary receptors and receptors in
the larynx and pharynx and by the glossopharyngeal
(IXth cranial) nerves from receptors in the palate and up-

per airway send afferent information to the brain. The
trigeminal nerves (receptors in the muscles and joints of
the mouth and cutaneous receptors in the skin of the face
may also contribute information via the Vth cranial nerve.
From the brain stem, cranial nerve information is also
mapped to the somatosensory cortex.

Activation of peripheral mechanosensors, therefore,
produces a neural afferent signal culminating in excita-
tion of thalamocortical, corticothalamic, and corticocorti-
cal circuits that produce postsynaptic, solenoidal
transmembrane currents that have extracellular path-
ways. As shown in Fig. 2, these currents conduct through-
out the brain tissue and the extracellular fluid space
within the brain and conduct through the scalp to what-
ever extent permitted by the conductivities of the cerebro-
spinal fluid (CSF) and skull. On the scalp, surface
electrodes measure potential differences created by cur-
rents passing through the scalp and monitor these evoked
events. The voltage measured between scalp electrodes at
specific locations, consequent to activation of mechanore-
ceptors from a particular structure, depends on many fac-
tors including the degree of activation of the receptors, the
mapping location on the somatosensory cortex, and the
anatomically determined current pathways to and
through the scalp together with the conductance charac-
teristics of those pathways. These evoked currents and the
resultant potentials measured on the scalp are several or-
ders of magnitude smaller than the background signals
produced by ongoing cortical activity unrelated to the
evoked event. Ensemble averaging of responses synchro-
nized to the stimulating event is generally required to de-
tect the features of the evoked signal. Although advanced
signal processing techniques can, in some instances, de-
tect single-trial evoked responses for other stimuli, it has
not yet been demonstrated for RREPs.

Mechanoreceptor
and afferent sensory
pathways

Upper airway

Laryngeal

IXth and Xth
cranial nerves

Intrathoracic Xth cranial
nerve

Chest
wall Spinal

afferents

Figure 1. Mechanoreceptors and afferent pathways for respira-
tory pressure sensation.

Figure 2. Concentric shell model of head shows multiple current
pathways from two dipoles and an extracranial electromyograph-
ic source.
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Temporal features in the evoked response reflect the
time required for the signal to travel to and through the
various transmission components of the central processes.
The collection of central synapses involved in the response
of a particular component of an evoked response (tha-
lamic, somatosensory-cortical, or cortical) is the generator
for that component. In addition to characterization of tem-
poral features of the evoked response, identification of the
sites of generation of particular evoked responses is of
great interest. As can be seen in shell model diagram in
Fig. 2, the identification process can be thought of as a
transformation of the surface map of scalp electrical po-
tentials back through a spatial filter determined by the
three-dimensional conduction properties of a concentric
set of spherical-like structures (brain tissue, CSF, skull,
and scalp). This so-called ‘‘inverse problem’’—solution for
the generator functions in time and space knowing only
the boundary conditions—is of formidable difficulty; in
fact, it is theoretically intractable without assuming
much about the solution in advance. Still, much useful
information about respiratory control and mechanosensa-
tion has been determined from the nature of the scalp po-
tentials.

Categorization of evoked response components as re-
sulting from processing within the cortex (endogenous
components) versus those components determined by the
nature of the afferent signals from peripheral receptors
with minimal modulation by central processing (exoge-
nous components) is made on the basis of timing of the
arrival of features in the evoked signal. It is clear that
features in the RREP that occur later than 100ms after
the onset of the stimulus may be significantly influenced if
not entirely determined by cognitive processing in the
central nervous system—components later than 100-ms
poststimulus reflect endogenous mechanisms and are not
much determined by afferent path characteristics. These
longer latency evoked responses are influenced by signal
presentation characteristics such as predictability but, for
example, are not affected by stimulus magnitude over a
wide range. On the other hand, evoked response compo-
nents within about 100ms of the stimulus onset reflect
both the nature of the stimulus and the afferent pathways
and are not attributable to cognitive processing. There can
be exogenous components in the evoked response used by
each afferent pathway affected by a respiratory stimulus
including pulmonary, diaphragmatic, thoracic, and airway
structures. Each of these pathways may result in an ex-
ogenous feature whose timing and amplitude reflect the
degree of stimulation and the afferent conduction velocity
and distance from the brain for each structure and recep-
tor type. Thus, the net evoked signal presenting at the
somatosensory cortex is a complex summation of signals
evoked from the entire collection of respiratory mechano-
sensors stimulated.

Features in the evoked response are identified by their
polarity and peak delay poststimulus, and the temporal
locations and peak magnitudes of evoked components de-
pend on a variety of experimental factors including elec-
trode configuration and selection of the reference.
Temporal identification is less dependent than peak mag-
nitude characterization on the specifics of the electrode

placement and reference selection, and a general pattern
of RREP temporal responses has been identified over a
variety of conditions. As noted later, RREPs can be evoked
by a variety of means including airway occlusion and ap-
plication of pressure pulses or mechanical loads, although
mechanical loading does not produce a sufficiently abrupt
change in pressure to enable easy detection of early com-
ponents in the RREP.

With reference to Fig. 3, a positive-going deflection of
the RREP in response to an applied negative pressure
pulse is seen as early as 20–25-ms poststimulus (named
P1a) and reflects the effect of the stimulus at structures
having the shortest afferent conduction delay. [In the
realm of general somatosensory activation, peaks in the
30–100-ms latency range are termed midlatency peaks to
distinguish them from short latency peaks (10- to B30-ms
latency) seen with electrical stimulation of specific periph-
eral afferent nerves.] Other exogenous peaks after this
earliest one produced by inspiratory occlusions or pres-
sure pulses include another positive-going deflection 50–
70-ms poststimulus (P1) and an intervening negative de-
flection in the range of 40–60ms (Nf) (1–4). Endogenous
evoked components follow occlusions, mouth pressure
pulses, and mechanical load applications (1,3–6) and in-
clude a later negative-going peak between 90 and 130ms,
which has been labeled N1, a later positive peak between
160 and 220ms called P2, and a positive peak following P2
called the P3 (or P300) feature of the evoked response.
Later endogenous peaks may appear, particularly during
sleep. The endogenous peaks are sensitive to the state of
consciousness (7,8) and to the level of attention to the
stimulus (1,6,9) (see Fig. 3). The physiological interpreta-
tion of these features will be discussed later.

2. METHODOLOGY OF PRODUCING, MEASURING, AND
EVALUATING RREPS

2.1. Production of the Respiratory Stimulus

In contrast to the common technique of electrical stimu-
lation of peripheral nerves to evoke somatosensory re-
sponses in, for example, the median nerve, the physical
nature of respiratory stimuli makes such stimulation in-
herently sluggish and prolonged compared with the mil-
lisecond duration of electrical stimulation. Any pressure
perturbation used to distort the set of respiratory mec-
hanoreceptors responsible for RREPs will first propagate
through the respiratory system, and then the stimulated
afferent signals must conduct centrally with a delay de-
pendent on the conduction velocities and distances of each
pathway stimulated. Thus, exogenous aspects of the
evoked response depend to some extent on the local wave-
shapes of the stimulus at the various sites of receptor ac-
tivation, a much more complex situation than is true for
electrical stimulation of somatosensory evoked potentials
at a single site.

Davenport et al. (3) were the first to produce RREPs in
humans. They used a brief occlusion of the inspiratory
port to a mouthpiece to produce a more negative airway
pressure than usual, and they used the onset of the devi-
ation in mouth pressure to align the evoked responses for
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ensemble averaging. Mouth pressure falls with occlusion
at a rate dependent on respiratory drive and mechanical
properties, and the stimulus characteristics of amplitude
and rate of increase are dependent on subject and situa-
tion. Despite the difficulty in matching stimuli across con-
ditions and subjects, this approach has been used in many
RREP applications primarily because of its ease of appli-
cation. A variation of this occlusion approach is with use of
a respiratory mask. Negative pressure pulses can also be
generated by briefly connecting a negative pressure source
to the oral airway through computer-controlled valves;
this requires more complex apparatus but allows control
of the stimulus characteristics (1). Both approaches per-
mit stimuli to be applied throughout the respiratory cycle.

However the stimulus is generated, it is common to
maintain it for a period lasting sufficiently long to permit
evaluation of the evoked response without contamination
by an off-transient triggered by its removal. Because com-
ponents of the RREP response include both exogenous re-
sponses of less than 100-ms delay poststimulus onset and
endogenous components of 300–400-s delay and longer,
the stimulus timing should be designed appropriately for
the signals of interest for the hypothesis being tested.
Theoretically, for example, if it were desired to evaluate an
endogenous component of the RREP at 400ms, one would
expect the pressure stimulus should be applied for about
that same duration to avoid contamination of this compo-
nent by a short-latency exogenous component stimulated
by the removal of the stimulus. Physiologically, Webster
and Colrain (10) showed that the endogenous components
were not affected by the duration of the inspiratory occlu-
sion stimulus over a wide range, so the theoretical con-
siderations may be moot.

3. ELECTRODE CONFIGURATION AND REFERENCE
SELECTION

Electrode positions for RREPs are frequently defined ac-
cording to a standard set for recording the electroenceph-
alogram (EEG), the International 10/20 system (11). The
report of Davenport et al. (3) was the first demonstration
of human RREPs, and they used a differential measure-
ment of scalp potentials between pairs of closely proxi-
mate electrodes with an earlobe reference. The choice of
electrode configuration and reference is an important de-
terminant of the nature of the activity that will be mea-
sured. Because the evoked currents include radial
components through the skull and scalp from local gener-
ators plus tangential components along the scalp from all
sources stimulated, intra- and extracranial, the currents
and resistivity characteristics of all conduction pathways
determine the potential measured between any two elec-
trodes. Closely spaced, differential measurements (bipolar
electrodes) should be less sensitive to currents produced
by remote structures in the stimulated neural system,
whereas widely spaced electrodes will be more influenced
by those currents. On the other hand, closely spaced dif-
ferential measurements will result in small potential dif-
ferences particularly from generators located far from the
recording site, whereas more widely spaced electrodes will
be more sensitive to more distant generators.

Electrical conductivity of the skull is nearly two orders
of magnitude less than that of the scalp, brain tissue, and
CSF conductivities, and so tangential currents provide a
significant fraction of the net current through the scalp as
shown in the shell model diagram of Fig. 2. It makes in-
ference of the generator activity underlying any particular

P1a

P1

Nf N1

P2

P3
P1a P1

Nf

ATTENDING NOT ATTENDING Figure 3. Ensemble averaged RREP responses
for a subject when trials were applied randomly
(left panel) and on every inspiration (right panel).
Adapted from Ref. 1.
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electrode location difficult because of the smearing of the
scalp effect of the radial current signal attributable to the
closely proximate generator with the tangential compo-
nent caused by all concurrently active sites. The influence
of multiple conductive pathways to blur the scalp potential
distribution from that of the underlying cortex causes a
spread of about 2.5 cm on the scalp of point activity on the
underlying cortex (12). Use of closely spaced differential
electrode measurements attempts to reduce this blurring
to some extent by reducing the correlation caused by tan-
gential currents common to both electrodes, but the dif-
ferential potential is determined by the relationship of the
orientation of the electrode pair to the underlying cortical
potential field.

As noted earlier, the local currents responsible for the
scalp potential distribution are affected by the nature of
the conductance pathways available for the evoked cur-
rents, and thus, the evoked patterns with any scalp elec-
trode configuration will be affected by the inhomogeneous
nature of skull and scalp resistivities. As the high resis-
tance of the skull is modified by perforations (e.g., aural,
nasal, and ocular apertures), current access to the scalp
through these lower resistance pathways is enhanced and
the distribution of current over the scalp may be inhomo-
geneous. If the configuration of the differential electrode
pair is not oriented optimally to intercept similar tangen-
tial current paths, then even this electrode configuration
will estimate contributions of both local and remote gen-
erators. As Nunez stated so aptly, ‘‘The potential at any
point (on the scalp) is not a characteristic of that point but
rather a characteristic of the path to that point.’’ (Ref. 13,
p. 195.) It is appropriate to note that the scalp potential
distribution of the RREP results from currents following
many concurrent paths.

The map of evoked potential measurements on the
scalp reflects the distribution of the radial and tangential
currents caused by brain sources both close to the skull
and remote. The reference for measuring scalp potentials
may be any point on the scalp, and often one or the other
ear lobe (or both) are used. There is no suitable ‘‘infinite’’
reference, and contamination of the RREP with electro-
cardiographic activity accompanies selection of a refer-
ence located off the head. The choice of reference affects
the relative potentials but not the pattern of distribution
of absolute potentials (infinitely distant reference) evoked
on the scalp with exception of the case of the linked ear
references with low-resistance contacts. Such a connection
will distort the scalp potential distribution by providing an
external, low-resistance pathway for current between
sites of high current density provided by the aural open-
ings in the skull, and this will significantly alter the scalp
potential map. If used, a linked ear reference matched for
both ears and of sufficiently high resistance to avoid short-
circuiting of the ears is required to avoid distorting the
scalp potential distribution.

Reference-free measures of evoked activity have been
proposed to avoid problems associated with selection of
any particular reference. If one was to envision a three-
dimensional (3-D) map of evoked scalp potentials (relative
to an infinitely distant reference) at an instant in time
poststimulus, the map would be relatively flat at positions

away from the locations of activated generators close to
the skull. Radial currents produced by those generators
would add to or subtract from the tangential components
and create hills and valleys (from current sources and
sinks, respectively) in the 3-D map. Detection of these hills
could be made by comparison of the elevation at each point
with some reference, near or remote, and different effects
would be seen based on that selection. For example, if the
reference was selected to be the highest potential of the
field, all evoked responses would appear to be valleys, and
conversely, if the reference was placed at the lowest po-
tential, all evoked responses would be peaks, even though
the topographical profile of the potential map was identi-
cal. If the radial contribution is small compared with that
of the tangential current, then the relative ‘‘hilliness’’ will
be small and difficult to detect. If the electrodes are not
placed optimally over the underlying generator, then even
differences between neighboring electrodes may not well
reflect the radial currents and the hilliness will again be
difficult to detect.

The use of large (60 or more), closely spaced electrode
arrays together with analysis techniques designed to de-
tect perturbations in the electric field from information in
the scalp distribution of electrical potentials permits bet-
ter evaluation of the sites of local radial currents than is
possible with a few bipolar electrode sets. The number and
spacing of the electrodes determines the resolution and
quality with which estimation of the scalp topography of
evoked activity can be estimated from the set of discrete
sampling points. The low-pass nature of the brain–CSF–
skull–scalp conduction system of Fig. 2 limits the spatial
resolution of measurements on the scalp; yet adequate
spatial sampling is required to avoid misrepresenting the
spatial topography of evoked activity. Location of poten-
tials on the somatosensory cortical surface is limited by
spatial sampling considerations on the scalp somewhat
analogous to temporal sampling limitations and require-
ments set by the Nyquist criterion in the time domain (the
temporal sampling rate must be greater than twice that of
the highest frequency present in the analog signal). If the
interelectrode spacing is inadequate to represent the to-
pological features of the evoked activity on the scalp, spa-
tial waveform features with spatial periods corresponding
to spacing higher than half the electrode spacing will be
missed and will alias in a spatial sense to distort the to-
pographical estimates of evoked activity. It has been esti-
mated that a minimum interelectrode spacing of 3 cm is
required to adequately represent the topological nature of
EEG activity (14), a figure less than half that provided by
the average International 10–20 spacing. Srinivasan et al.
(14) recommend use of at least a 128 electrode array to
map adequately the topological features of aspects of vi-
sual evoked potentials; this information is not known spe-
cifically for RREPs, but a similar spacing requirement
probably holds.

The encephalographic signals from the scalp electrodes
are amplified with very high impedance amplifiers
(41GO), and therefore, maintaining a very low imped-
ance of the individual scalp electrode connections is not as
critical as was historically the case when amplifier imped-
ances were orders of magnitude smaller. It is critical to use
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the same material for all scalp and ground electrodes,
however, as varying junction potentials among electrodes
can saturate the very high impedance input stages of
modern EEG amplifiers. The advent of the extremely
high input impedance has made it possible to use a min-
imum of scalp preparation and electrode paste to obtain
satisfactory electrode impedances with 10KO–50KO be-
ing entirely satisfactory. Amplifier gains of 40K–100K are
typically used with bandpass filtering of the input signal
applied to avoid aliasing in the subsequent digitization.
There is little frequency content of a typical scalp RREP
above 250Hz, and a digitization rate of 1000Hz is ade-
quate to capture the evoked encephalographic signal, al-
though most experimenters sample at higher rates. The
analog filter characteristics are determined by the nature
of the investigation and the planned digitization rate, and
they are selected to remove any DC component and may
include notch filtering to selectively attenuate 60-Hz con-
tamination. Although zero phase-shift digital filtering
techniques can be applied in offline processing, it is best
to minimize the 60-Hz power line signal by appropriate
shielding and grounding of the signals before analog am-
plification. Use of Faraday cages and avoidance of ground
loops (redundant ground connections) are techniques use-
fully applied. It is usual for the signal digitization to be
triggered by the stimulus application to facilitate later
ensemble averaging of the responses to each application of
the stimulus.

4. EVALUATION OF EVOKED RESPONSES

Although there are published techniques for evaluating
single-trial evoked responses, RREP techniques to date
rely on having a set of ensemble-averaged evoked re-
sponses for the electrode array monitored before further
processing. Occlusion and pressure pulse stimuli used are
relatively large and excite a sufficiently wide array of mec-
hanoreceptors that the evoked responses are relatively
large (compared with electrical stimulation of a single af-
ferent nerve, for example) and the number of trials re-
quired to obtain useful RREPs ranges from about 30 to a
few hundred. The ensemble-averaged signals from each
electrode pair used, whatever the reference, can be ana-
lyzed to detect peaks that signify, it is hoped, the arrival of
activity at the scalp correlated to the activation of gener-
ators in the somatosensory cortex (exogenous signals) and
cortex (endogenous signals). Simple quantitative mea-
sures of the mean and variability of peak amplitudes
and latencies are frequently used to characterize features
in the ensemble-averaged evoked responses.

A primary goal of analyzing evoked responses mea-
sured on the scalp is to estimate the location and activa-
tion patterns of generators in the somatosensory cortex.
As noted, this inverse problem requires abundant assump-
tions about the depth, strength, and orientation of possible
generating dipoles almost presupposing the solution,
which is otherwise not tractable. Many other investiga-
tors aim for a more attainable goal—to determine the to-
pological characteristics of evoked potentials on the
cortical surface. It may be done by direct measurement

in special experimental circumstances or by estimating
the cortical surface potentials underlying the skull from
scalp potential mappings. The former approach has been
done in lambs using two electrodes (15); the latter ap-
proach can be addressed using model-based or surface
Laplacian computations. Models of the brain surface–
CSF–skull–scalp conduction system have been developed
using spherical shell models or more realistic finite ele-
ment constructions and predict simulated scalp or exper-
imental cortical potential responses to visual and
somatosensory stimuli [e.g., (12,16,17)]. One report using
dipole modeling using a three-shell model of the head es-
timated separate dipole locations for P1 and Nf compo-
nents of the RREP evoked by inspiratory occlusions (18),
but these investigators acknowledged the limitations in-
herent in their implementation using only 29 electrodes
coarsely spaced by the spatial Nyquist considerations
mentioned.

Estimation of radial current components (more closely
related to generators proximate to the scalp location) sep-
arate from tangential current contributions from remote
generators can be accomplished by computing the two-di-
mensional Laplacian (second partial derivative of the vari-
ation of scalp potential in space) of the ensemble-averaged
scalp potential map at each instant in time. The basis for
this separation derives from a current balance on a model
of the scalp–skull–CSF–brain tissue conduction pathways
for an evoked current. The Laplacian of the potential dis-
tribution in two dimensions is proportional to the diver-
gence of scalp current in each patch of scalp and indicates
the extent to which current enters or leaves the segment
by tangential and radial pathways. If the sum of tangen-
tial currents entering and leaving the hypothetical seg-
ment of scalp, bounded by electrodes measuring the local
potentials, is zero, then there can be no radial current;
hence there is no closely proximate source or sink on the
underlying somatosensory cortex. On the other hand, if
the current balance on that patch is not zero, then there
must be a radial current either into the skull (a local cur-
rent sink) or out of the skull (a local current source) re-
lated to the potentials on the nearby underlying
somatosensory cortex.

As noted, neither the model-based nor the Laplacian
approaches locate the source of the generators producing
the currents, but they do estimate the effect of those gen-
erators on the potential distribution on the surface of the
somatosensory cortex. The potentials on the surface of the
cortex will closely reflect activation of generators within
the nearby brain tissue and are less affected by remote
intracranial currents. Furthermore, the surface potentials
on the cortex should be relatively insensitive to contami-
nation from any electromyographic activity outside the
skull (due to eye movements or other muscle artifacts to be
discussed later). The price paid with the Laplacian of the
potential map for this selective focus on local versus re-
mote activity is increased noise compared with the origi-
nal signals. The Laplacian acts as a spatial high-pass filter
and accentuates spatial noise as well as the actual signal.
A balance must be made between sufficient pre-Laplacian
smoothing to minimize noise in the processed signal and
excessive attenuation of the desired local signal varia-
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tions. On the other hand, the Laplacian is computationally
relatively easy to apply, is independent of the choice of
reference, and requires no assumptions about the geome-
try of the head. Thus, if the interest is in the distribution
of electrical activity on the surface of the somatosensory
cortex underlying the skull within the scalp area moni-
tored by the scalp electrode array, the Laplacian approach
will provide information on the location, magnitude, and
timing of the evoked activity. This approach has been ap-
plied to human subjects to indicate the contribution of su-
pralaryngeal receptors upon midlatency evoked responses
to inspiratory pressure pulses (19).

The scalp potentials, as indicated, are susceptible to
contamination by extracranial sources such as EMG ac-
tivity in facial muscles, for example. If this sort of EMG
activity is correlated to the stimulus evoking the RREP,
then some fraction of the RREP is not an evoked brain
response but a muscle signal artifact. Facial and upper
airway muscles are activated by negative airway pres-
sures with latencies as short as those shown for exogenous
components of the evoked potentials and can contaminate
potentials caused by somatosensory cortical activation.
That this occurs with both occlusion and pulse pressure
stimuli has been shown (2,20) and should be considered in
the interpretation of results using any sort of mechanical
stimulus. Because this source of contamination is a purely
tangential current contribution, the Laplacian technique
provides a useful filter because the result is insensitive to
such currents.

An alternative to these approaches that does not map
scalp to brain potential topography, but it does minimize
the contribution of correlated EMG responses to the esti-
mated cortical RREP is the computation of the global field
power (GFP). First described by Lehman and Skrandies
(21), this metric sums all possible squared differences
within the electrode array, describing the spatial varia-
tion of the entire electrode array at a point in time, but it
localizes activity only in time, not space. Analogous to a
time-varying spatial standard deviation, the GFP is useful
to describe how much and when but not where evoked ac-
tivity occurs within the scalp electrode array. In other
words, when the GFP at an instant in time is small, the
hilliness of the scalp potential map is small and cortical
activity close to the skull everywhere within the moni-
tored electrode field is also small. When the GFP is large,
there is within the area of scalp monitored by the array a
significant amount of localized activity in underlying so-
matosensory areas. This measure returns a single time
trace for the entire electrode array related to the spatial
inhomogeneity of scalp potentials and has been applied to
the analysis of RREPs (22). The GFP varies with time ac-
cording to spatial variability of the evoked cortical re-
sponse and is a robust estimator of the effects of
experimental perturbations in the sense that it incorpo-
rates information from multiple measurement sites and is
insensitive to tangential (e.g., EMG) artifact currents.
Note in Fig. 4 that the large EMG signal between 30-
and 40-ms poststimulus is prominent in each of the 30
separate EEG measure but is minimal in the GFP, which
does show activity peaks later attributable to the applied
pressure pulse stimulus.

5. INTERPRETATION OF RREPS

As mentioned, a considerable knowledge base about RREP
components has been accumulated since Davenport’s
group introduced this concept in 1986 (3). It is commonly
accepted that evoked components with latencies less than
about 100-ms poststimulus represent the arrival to the
somatosensory cortex of afferent information from the set
of peripheral mechanoreceptors perturbed by the stim-
ulus. RREP components with latencies later than this are
thought to be the consequence of cortical processing of
that afferent information. Intermediate components prob-
ably reflect a combination of activity related to afferents
from more distant sites and, most likely, cortical process-
ing of earlier afferent signals from more proximate sites.
(Here ‘‘distant’’ and ‘‘proximate’’ refer to timing rather
than physical location.)

RREPs differ importantly from electrically stimulated
somatosensory evoked potentials from single sites. Acti-
vation of the somatosensory cortex by pressure stimula-
tion is caused by afferent activity from the entire collection
of peripheral sites; respiratory muscle spindle afferents
from the array of respiratory muscles, pulmonary recep-
tors in airways and lungs, joint receptors in the ribcage,
mechanoreceptors in the upper airway, and so on all are
stimulated and send information centrally. The mechani-
cal stimulus is not applied synchronously to all receptors
because of the compressibility of gas in the airways and
the complex mechanical coupling of receptors and struc-

Figure 4. GFP(t) at top, computed from 30-channel, ensemble-
averaged RREPs plotted in middle panel, evoked by a �10-cm
H2O pressure pulse applied at time ¼0. Concurrent masseter
EMG at bottom with 95% CI. (Adapted from Ref. 2.)
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tures. This asynchrony is likely to be dependent on the
time course of mouth pressure and thus on the stimulus
method used. Still, the divergence in stimulation delay
over the set of affected receptors is probably much smaller
than that from the variation in conduction distances and
velocities that characterize the afferent nerves from the
various receptor sites. It is safe to say that exogenous
peaks in the RREP represent a summation of activation of
many receptor sites with delays appropriate for each con-
tributing site. The importance of this temporal smearing
of afferent information is that it is not possible to identify
the multitude of features in the exogenous time frame that
would exist in electrically stimulated somatosensory
evoked responses from, for example, the median nerve.
Endogenous components in the RREP are delayed by suf-
ficiently sluggish cortical processing as to minimize the
importance of the asynchrony in the stimulation-recep-
tion-afferent pathways.

As noted with respect to the traces in Fig. 3, a positive
peak in the RREP may be noted in some human subjects
as early as about 20-ms poststimulus in response to insp-
iratory pressure pulses and the population average first
point of statistically significant deviation of the GFP in
response to pulse stimulation is about 25ms. Occlusion
pressure stimulation provides a more gradual stimulus
and hence a longer latency; the first positive peak with
this modality is 25–65ms depending on the site monitored
and the timing of the stimulus. This earliest positive peak,
the P1a peak, precedes two other exogenous peaks (Nf and
P1) and a peak that shares exogenous and endogenous
characteristics, N1. There is some indication that the ear-
liest P1a component may have a more distant origin than
the later Nf and P1 peaks based on source dipole estima-
tion (18). Expiratory stimulations result in peaks at la-
tencies similar to those seen for inspiratory events (23,24).

Peaks in the RREP later than 100-ms poststimulus, as
noted, reflect cognitive processing of signals from the so-
matosensory cortex and are affected by attention to the
stimulus and state of consciousness. It has been shown for
a variety of respiratory stimuli (occlusions, pressure
pulses and mechanical loads) that stimulus predictability
greatly influences endogenous RREP components. As a
subject attends to an unpredictable stimulus, these later
components are readily measured; as the stimulus be-
comes predictable, the endogenous components become
smaller and later (1,6,10). Attention has no effect on the
exogenous RREP components. Sleep also primarily affects
the endogenous components, with NREM sleep reducing
the amplitude of components later than 100-ms poststim-
ulus with new, late features in the evoked response ap-
parent during sleep (7,8).

The afferent source of electrically stimulated, exoge-
nous somatosensory evoked potentials is obvious for other
sensory modalities, but dissection of the source of exoge-
nous components in the RREP requires careful experi-
mental design or experiments of nature. Use of a laryngeal
mask airway with oral pressure pulses in normal subjects
has enabled comparison between RREP responses that
include or exclude contributions from receptors in the up-
per airway above the larynx (25). The GFP signal from a
unilateral 30-electrode array showed that supralaryngeal

mechanoreceptors contributed significant power to the
evoked response between 55- and 75-ms poststimulus.
Double lung transplant (DLT) recipients have no afferent
information from pulmonary receptors, but showed no
deficits in the exogenous components of the RREP stimu-
lated by oral occlusion pressure application (26). The pa-
tients did show a longer latency to the P300 peak, an
endogenous component of the RREP reflecting cognitive
processing. The basis for the effect of DLT on the endog-
enous processing of normal exogenous signals is not clear,
but it is clear that pulmonary receptor afferent informa-
tion is not required for generation of normal exogenous
features in the RREP. RREPs obtained by oral occlusions
in children with life-threatening asthma (LTA) showed a
missing exogenous peak (P1) in half the children tested
(27), which implies that in some such children, somato-
sensory activation of the cortex does not follow respiratory
stimulation. Correlation of these results with an earlier
study from the same laboratory indicated that LTA chil-
dren have reduced perceptual appreciation of respiratory
stimuli (28).

GFP responses in awake patients suffering from ob-
structive sleep apnea show significantly less evoked ac-
tivity in response to pressure pulse application to the
mouth; the deficit is mainly in the span 55–70-ms post-
stimulus; the same range that correlates to arrival of su-
pralaryngeal receptor afferent information (29). Whether
it reflects reduced sensitivity of airway receptors or al-
tered airway compliance because of disease is not known,
but it is likely that these patients get less afferent infor-
mation about the state of patency of their airways than do
normal subjects. It should be noted that other investiga-
tors using other techniques have not seen differences be-
tween normal subjects and obstructive sleep apnea
syndrome (OSAS) patients with regard to RREP exoge-
nous components, so the question is not completely settled
(30,31).

6. CAVEATS

RREPs are a special class of somatosensory evoked re-
sponses that represent contributions frommultiple sites of
activation because of the physiological (as opposed to elec-
trical) nature of the stimulus. As such, the evoked re-
sponse depends on the nature of the stimulation more
than would be true for electrically stimulated evoked re-
sponses from peripheral nerves. Comparison of RREP re-
sponses from different laboratories must always consider
the manner in which the RREP was evoked. In common
with other somatosensory evoked responses, the estima-
tion of somatosensory cortical surface activity from mea-
surements of RREPs via scalp electrodes must consider
the distortion of the measured potential distribution be-
cause of the volume conduction problem discussed. Fur-
thermore, because negative airway pressure stimuli excite
reflex responses in airway and other respiratory muscles,
the contamination of the RREP with synchronously
evoked facial and airway EMG activity must be consid-
ered and accounted for. If a mask is used to apply the
pressure stimulus evoking the RREP, it is likely that so-
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matosensory evoked responses from facial receptors will
contribute to that from respiratory mechanoreceptors and
this also must be considered.

7. SUMMARY

RREPs provide a window into the nature of sensory affer-
ent activity available for respiratory control and the per-
ception of respiratory events. Because RREPs reflect the
mass of stimulated activity, the view offered is compre-
hensive beyond anything possible from individual nerve
recordings. Although there are many challenges to the in-
terpretation of RREPs, as indicated, they offer a unique
tool for evaluation of respiratory sensation in intact or-
ganisms.
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RISK MANAGEMENT FOR MEDICAL DEVICES
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1. INTRODUCTION

This article discusses basic concepts of risk management
and regulation of medical devices. Risk management is a
procedure to reduce the risks involved with a medical de-
vice whereas the regulation of medical devices is a public
health tool to assure the safety and effectiveness of devices
introduced into the market place. Both risk management
and regulation are interrelated and take place throughout
the entire life cycle of the device, from design through
maintenance and obsolescence. The focus of this article is
to examine a single device and discuss how the medical
practice environment has changed the elements of risk
management. In most cases, the reduction of risk requires
a change in design and reentry of the device through the
regulatory approval process.

The infusion pump is used as an example to discuss this
topic. Infusion pumps cover a variety of technologies to
deliver fluids to patients. Initially, infusion pumps were
intended for use by trained professionals in a clinical en-
vironment. To properly operate these devices required an
understanding of the medical condition of the patient and
the operation principles of the device. Over time, however,
the people and locations have changed where infusion
pumps are used. As a result, the approach to risk man-
agement for the device as used must be expanded.

This article does not provide an in-depth discussion
about risk management. Risk management is an ongoing
process of identification and analysis or risks, establishing
acceptance criteria, and using tools such as bottom-up and
top-down approaches to assess the residual risk involved
with a particular design. The practice of risk manage-
ment, however, is dependent on how medical devices are
used and where they are used. The information in this
article provides a framework for the beginning engineer
along with reference resources. The information is also
useful to the experienced engineer to reconsider how they
approach risk management with products under develop-
ment in today’s clinical environment. The reference to U.S.
regulatory information may also benefit both the begin-
ning engineer and the experienced engineer. The regula-
tory considerations for medical devices are complicated
and significant changes in the laws, regulations, guidance,
and policies have occurred. Only a small set of the regu-
latory considerations, however, are addressed here. Ref-
erence information is provided to assist in learning more.
It is a good idea to look at the references provided in this
article to provide assurance that your design procedures
meet or exceed these considerations. (Note: Although the
terms hazard and risk are sometimes used interchange-
ably, they are not exactly the same. A hazard is the oc-
currence of an unsafe event whereas risk includes the
ideas of frequency and severity.)

Disclaimer: The views set forth in this paper are those
of the author and do not necessarily represent the views of
the Food and Drug Administration.

2. BACKGROUND INFORMATION

An infusion pump is a device traditionally used in a
health-care facility to introduce fluids into a patient in a
controlled manner. The design of many infusion pumps
employ a piston pump, a roller pump, or a peristaltic pump
and are often electrically or mechanically powered. The
first pumps used a constant force to propel fluids through
a narrow tube as a means to control the flow rate. As
technology evolved, more elaborate controls mechanisms
developed, with many of today’s infusion pumps having
programmable flow and numerous design features to
make the pumps user-friendly.

A driving force in the health-care environment is the
reduction and control of health-care costs. As a result, a
shift was observed in the use of medical devices from
strictly health-care facilities into assisted-living facilities
and private residences. As this trend unfolds, infusion
pump designs are exposed to an increasing set of risks.
Further, manufacturers frequently encounter difficulties
in developing pump labeling suitable for the new individ-
uals who operate the pump. This article attempts to pro-
vide a source of information to address the hazards
associated with the use of infusion pumps in the practice
of health care today.

The Food and Drug Administration (FDA) uses a clas-
sification system according to the risks they pose (dis-
cussed further below). FDA classifies infusion pumps
under 21 CFR 880.5725 (Code of the Federal Register)
and provides a 3-letter identification for each regulated
device. The following infusion pumps are class II devices:

* product code LZG (insulin pump),
* product code LZH (enteral infusion pump),
* product code FRN (infusion pump), and
* product code MEA (PCA pump).

Class II devices are subject to premarket notification
requirements before marketing (section 510(k) of the Fed-
eral Food, Drug, and Cosmetic Act (21 U.S.C. 360c(a))),
which means that the manufacturer of the device must
submit an application before marketing their device. Fur-
thermore, as class II devices, infusion pumps are subject
to the good manufacturing practice requirements of sec-
tion 520(f), including pre-production design validation,
also known as design controls (21 CFR 820.30).

2.1. General Trends

Infusion pumps today capture the general trends occur-
ring with many devices in the medical device industry. As
manufacturers design and build medical devices, forefront
in their mind is the highly competitive marketplace, the
diverse environments where their products are used, and
the diverse skill and knowledge level of those who use
their products.

1
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2.2. Growth of Medical Device Industry

When FDA began to actively regulate medical devices
with the passage of the Medical Device Amendments of
1976, the number of device manufacturers was small.
During the 1980s, the Center for Devices and Radiologi-
cal Health (CDRH) experienced an increasing workload
proportional to the growth in the industry (Fig. 1). Over
the past decade, this growth has accelerated and is now
growing exponentially. The applications CDRH, the orga-
nization in FDA that regulates medical devices, receives to
market new devices reveal that devices are more complex,
have greater technical capability, interact with other de-
vices and processing technology, and provide novel designs
for new therapeutic treatment. It is also noted that med-
ical devices not only compete against each other, but with
other medical modalities such as prescription drugs.

2.3. Shift in Place of Care

Medical devices are one part of our health-care system.
The impact of government policies, insurance coverage
rules, the practice of medicine, and the explosion of scien-
tific and medical information is changing the environment
of health-care delivery (Table 1) (1). The environment for
medical care is shifting out of the hospital to ambulatory
and home care settings. Although some of the technolog-
ical improvements in device design make medical treat-
ment in these nonhospital environments easier, it is likely
that this trend is related to the broader trends in the de-
livery of health care. The burden on medical device man-
ufacturers is to identify and address the risks that these
new environments present.

2.4. Awareness of Patient Health Literacy

In 1976, the majority of devices were used by trained in-
dividuals and not by the patient. Reviews of device label-
ing showed that medical devices labeling was often
written at the 12th grade level or above. In 1993, CDRH

released a document called ‘‘Write it Right’’ (2). This doc-
ument suggested ways to communicate complex informa-
tion and instructions for use. It also recommended
rewriting labeling that is understandable at the 8th grade
level (see labeling section for additional information).

More recent studies by the American Medical Associa-
tion (3,4) and the National Academies of Science (5) doc-
ument an inability of many Americans to comprehend
medical information. This evidence is summarized in Ta-
ble 2 (3). In a setting where medical devices are provided
for home care, written instructions at the 8th grade level
may be inadequate. As part of a risk mitigation strategy,
manufacturers must strive to write labeling simply, sup-
plement the written material with illustrations and vid-
eos, and provide those who distribute medical devices with
educational materials and information to assist the users
of the device.

In short, the health literacy of the public represents a
challenge for medical device manufacturers. Misunder-
standing the instructions for using a medical device, or for
maintaining and caring for the device, represents a risk.
As with other types of risks, manufacturers must address
the risks associated with health literacy identified during
the life cycle of the device.

2.5. Approach to Risks with Medical Devices

Risk management is an activity that spans the entire
medical device life cycle from design phase through mar-
ket clearance, distribution, and obsolescence. The level of
FDA regulatory control for a medical device is reflected by
its classification. FDA has established classifications for
approximately 1700 different generic types of devices and
grouped them into 16 medical specialties referred to as
panels (6). Each of these generic types of devices is as-
signed to one of three regulatory classes based on the level
of control necessary to assure the safety and effectiveness
of the device. The three classes and the requirements that
apply to them are:
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Device Class and Regulatory Controls

* Class I General Controls
* With Exemptions
* Without Exemptions

* Class II General Controls and Special Controls
* With Exemptions
* Without Exemptions

* Class III General Controls and Premarket Approval

FDA’s classification system is based on identification of
hazards and the collective experience of the expert panels
to assess the hazards and assign a classification.

2.5.1. Standards. Part of the manufactures job to ad-
dress these hazards is to recognize the hazards that have
been identified, convert this information into quantitative
estimates of risk, and establish acceptance criteria. Es-
tablishing acceptance criteria is often based on existing
information about a technology or a specific medical de-
vice. Standards play an important role in risk manage-
ment by pointing the way to the development of
acceptance standards.

Infusion pumps are class II devices. During the life cy-
cle of these devices, several standards documents exist
that the manufacturer should consider. The FDA classifi-
cations for infusion pumps do not specify any special con-
trols at this time. So the list of standards is not a
mandatory requirement.

* ANSI/AAMI ID26:1998 Medical electrical equipment,
Part 2: Particular requirements for the safety of in-
fusion pumps and controller, 2nd ed.

* EN 60601-2-24 Medical electrical equipment, Part 2:
Particular requirements for the safety of infusion
pumps and controller, 2nd ed (1998).

* JIST 1653 Infusion Pumps (1991).
* AS/NZS 3770 Guide to the Safe Use of Infusion
Pumps and Controllers (1993).

Although these are standards with specific relevance to
infusion pumps, it is worthwhile to consider other stan-
dards recognized by CDRH (7) that may apply to compo-
nents used in the design.

As class II devices, infusion pumps are subject to design
controls under the provision of the FDA Quality System
Regulation (QSR) (discussed below). One step under the
design control provisions is risk management. One ap-
proach to risk management is outlined in the Interna-
tional Standard Organization (ISO) 14971:2000 standard
for Risk Management. This standard is a recognized by
CDRH (7). The ISO standard conceives of risk manage-
ment as a process. This process is conceptualized in Fig. 2.

2.6. Hazard Profile of Infusion Pumps

The underlying theme in the introduction above is that
the hazards associated with the use of infusion pumps
have changed. In preparation for the Classification Panel
meetings held in the late 1970s for this device, CDRH
contracted with the Utah Biomedical Test Laboratory to
identify and evaluate infusion pumps (8). The hazards
identified for this device were considered by these classi-
fication panels.

2.6.1. Hazards Identified During Classification Proce-
dures. Based on the information available at that time, a
proposal for classification was published in the Federal
Register (9). The hazards identified during this process
helped identify, what one may refer to as, the ‘‘classical’’
hazards associated with infusion pumps (Table 3). Since
this process was completed, additional information be-
came available.

2.6.2. Literature. During the risk identification process,
a search of the literature is essential. One approach to
conducting a literature search for a particular type of in-
fusion pump is to use the PubMed search engine devel-
oped by the National Library of Medicine (10). A
comprehensive literature search was not completed for
this article because the range of specific designs for infu-
sion pumps covers a broad range of designs and intended
uses. It is incumbent on the design engineer, however, to
complete a literature search as part of the hazard identi-
fication process for the specific type of design and intended
use for their device.

Reports of hazards with infusion pumps are noted in
the original classification process and below in this article.
Please note that the hazards identified in this article are
incomplete. The hazards are incomplete because a litera-
ture search was not completed. The complaint files of in-
fusion pump manufacturers are also a viable source of
information about the hazards encountered with a partic-
ular type of device. When identifying problems and haz-
ards with medical devices, the problems and hazards that

Table 1. Shift in Place of Treatment

Provider Type % Growth

Hospitals �2%
Surgery Centers 455
Ambulatory Care Centers 155
Home Health Care Agencies 116
Diagnostic Imaging Centers 1866
HMO 42
PPO 949
Nursing Home 12

Note: from ‘‘Forces Reshaping the Performance and Contribution of the US

Medical Device Industry’’, HIMA (1995): Sector Growth in Health Care

from 1984 to 1993

Table 2. Health Literacy

* 21% of adult Americans are functionally illiterate and read
below a 5th grade level

* An additional 25% of adults are only marginally literate
* These adults have difficulty understanding health care
information they need and receive

Source: Health Literacy: Reports of the Council on Scientific Affairs,

JAMA, February 10, 1999 – Vol 281, No. 6
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come to light will vary with the source of information. A
study with central venous catheters showed a vastly dif-
ferent set of problems in the literature compared with the
reports submitted to the medical device reporting (MDR)
system of FDA (11). To complete the risk identification
process, the manufacturer must consider multiple sources
of information.

2.6.3. Sources of Information to Identify Risks with Infu-
sion Pumps. Other sources for information on risks with
infusion pumps include reports from FDA (Attachment I),
the Canadian Therapeutics Products Directorate (12), and
the United Kingdom Medicines and Healthcare Products
Regulatory Agency (13).

A very general comparison of the risks at the time of
classification compared with recent reports is shown in
Table 4.

2.7. Software and Communication Network Risks

Another source of risk with current infusion pumps that
did not exist for infusion pumps at the time of classifica-
tion are risks associated with the software programmed
into these devices, and the use of communication networks
to links infusion pumps with other devices and computers.
Over 90% of all software-related device failures (for all

medical devices) were caused by design-related errors.
These errors were generally the failure to validate soft-
ware prior to routine production (14).

A risk that is not well documented is the risk of con-
necting medical devices to communication networks. The
addition of communication ports to transfer information
and communicate with other devices and computers usu-
ally does not change the intended use or performance of a
device. The direction of communication usually is from the
device to the communication network. When an external
unit is used to program a medical device, CDRH often
views this programming as a high risk activity and re-
quires special conditions. These conditions often include
requirements for software validation of the entire package
of software on the unit and use of a dedicated unit for
communicating with the medical device.

For devices that will work as part of a communication
network, the design engineer should consider procedures
to validate network connectivity.

Table 3. Hazards Identified During Classification of
Infusion Pumps

* Device Failure
* Inaccurate delivery of fluids
* Electrical hazards
* Leaks and emboli
* False positive alarms
* Inappropriate infusion pressure
* Power failure
* Delivery of contaminated fluid

Figure 2. Risk management process accord-
ing to ISO 14971:2000.

Table 4. Shift in Risks

1979 Infusion Pump
Classification

2003 Report on Infusion Pump
Incidents

* Unsafe electrical properties
* Inaccurate delivery of fluid
* Lack of labeling information
* False positive alarms
* Power failure
* Leaks and air emboli
* Insufficient infusion
pressure

* Inappropriate infusion
pressure

* Storage and packaging
* Maintenance
* Contamination
* Degradation
* Damage
* Performance
* Design and labeling
* Quality assurance
* User error (27% of reports)

4 RISK MANAGEMENT FOR MEDICAL DEVICES



2.8. Design Controls

Design controls are an interrelated set of practices and
procedures that are incorporated into the design and de-
velopment process (i.e., a system of checks and balances).
Design controls make systematic assessment of the design
an integral part of development. As a result, deficiencies
in design input requirements, and discrepancies between
the proposed designs and requirements, are made evident
and corrected earlier in the development process. Design
controls increase the likelihood that the design trans-
ferred to production will translate into a device that is
appropriate for its intended use.

The medical device industry encompasses a wide range
of technologies and applications, ranging from simple
hand tools to complex computer-controlled surgical ma-
chines, from implantable screws to artificial organs, from
blood-glucose test strips to diagnostic imaging systems
and laboratory test equipment. These devices are manu-
factured by companies varying in size and structure, in
methods of design and development, and in methods of
management. These factors significantly influence how
design controls are actually applied. Given this diversity,
this guidance does not suggest particular methods of im-
plementation, and therefore, must not be used to assess
compliance with the quality system requirements. Rather,
the intent is to expand on the distilled language of the
quality system requirements with practical explanations
and examples of design control principles. Armed with this
basic knowledge, manufacturers can and should seek out
technology-specific guidance on applying design controls
to their particular situation.

2.8.1. Quality System Regulation and Design Controls. In
addition to procedures and work instructions necessary
for the implementation of design controls, policies and
procedures may also be needed for other determinants of
device quality that should be considered during the design
process. The need for policies and procedures for these
factors is dependent on the types of devices manufactured
by a company and the risks associated with their use.
Management with executive responsibility has the re-
sponsibility for determining what is needed.

Examples of topics for which policies and procedures
may be appropriate are:

* risk management
* device reliability
* device durability
* device maintainability
* device serviceability
* human factors engineering
* software engineering
* use of standards
* configuration management
* compliance with regulatory requirements
* device evaluation (which may include third party
product certification or approval)

* clinical evaluations

* document controls
* use of consultants
* use of subcontractors
* use of company historical data

Risk management is a systematic application of poli-
cies, procedures, and practices to the analysis, evaluation,
and control of risks. It is a key component of quality man-
agement systems, and it is a central requirement of the
implementation of design controls in the quality systems
regulation. Risk management involves the identification
and description of hazards and how they could occur, their
expected consequences, and estimations or assessments of
their relative likelihood. The estimation of risk for a given
hazard is a function of the relative likelihood of its occur-
rence and the severity of harm resulting from its conse-
quences. Following the estimations of risk, risk
management focuses on controlling or mitigating the
risks.

Estimates of the risk of use-related hazards can be dif-
ficult to make. They can also be misleading. Problems with
device use that could result in hazards are often difficult to
anticipate because of the many ways and conditions under
which users interact with devices, which causes some use-
related hazards to not be included in risk management.
Also, when they are anticipated, their true likelihood is
difficult to estimate analytically. Even use studies can be
misleading measures of likelihood because the rate of use-
related hazards observed is likely to be less than in actual
use (see Section 5.3.1 Ref. 15). From a perspective of hu-
man factors engineering (HFE) in medical device use, the
risk associated with low-likelihood use-related hazards
could be misleading because users are often less able to
react appropriately to situations that occur infrequently.
Therefore, it is important to carefully consider the severity
of harm in the management of device use risks.

Thorough consideration of use-related hazards in risk
management processes should include the following tasks:

* Identify and describe use-related hazards through
analysis of existing information (see Section 5.3 Ref.
15);

* Apply empirical approaches (see Section 5.5 Ref. 15),
using representative device users, to identify and de-
scribe hazards that do not lend themselves to identi-
fication or understanding through analytic
approaches;

* Estimate the risk of each use-related hazard sce-
nario;

* Develop strategies and controls to reduce the likeli-
hood or mitigate the consequences of use-related haz-
ard scenarios;

* Select and implement control strategies;
* Ensure controls are appropriate and effective in re-
ducing risk;

* Determine if new hazards have been introduced as a
result of implementing control strategies;

* Verify that functional and operational requirements
are met; and
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* Validate safe and effective device use.

3. LABELING ISSUES

3.1. Medical Device Patient Labeling

Medical device patient labeling includes any important
information associated with a device targeted to the pa-
tient or caregiver. Labeling may refer to therapeutic, re-
storative, diagnostic, or cosmetic devices.

Medical device patient labeling is essential to assure
safe and effective use of many, but not all, devices. It in-
forms patients or their lay caregivers about proper use,
risks, and benefits of the device in language they can un-
derstand. Also, as more patients use complex medical de-
vices at home, medical device patient labeling becomes
necessary to better acquaint them with their devices and,
in many cases, how to operate the device.

Medical device patient labeling assists patients or care-
givers in understanding:

* their device,
* its operation,
* its care and maintenance,
* the way it interacts with the body to accomplish its
purpose,

* its place and purpose in the patient care regimen, and
* any safety or disposal issues.

Medical device patient labeling is supplied in many
formats, such as patient brochures, patient leaflets, user
manuals, and videotapes. Labeling is intended to be given
to and used by patients and their lay or professional care-
givers.

3.2. Two General Categories of Device Information

Two general categories of information exist that may be
included in medical device patient labeling:

* risk/benefit information; and
* instructions for use.

Risk/benefit information is information people need to
decide whether to use a device or have it used on them.
This information also allows the users to become aware of
potential problems with the device. It may also include:

* sufficient descriptive information to tell what the de-
vice is and what it is used for,

* types of people and situations for whom the device
would not be a good choice,

* risks and benefits to the patient or environment as-
sociated with the uses of the device,

* information about safe maintenance of the device or
identification of conditions presenting potential prob-
lems with the device,

* alternative therapeutic and diagnostic choices avail-
able, and

* other information to enable the person to make an
informed decision about the device.

Some devices have patient labeling that consists pri-
marily or completely of risk/benefit information. Examples
might be implants that have no external patient interface
once they are implanted, or prescription diagnostic or
therapeutic devices that the patient is actively involved
in choosing (e.g., laser eye surgery, lithotripsy, intraocular
lenses).

Instructions for use are the step-by-step directions to
follow in setting up, using, cleaning, troubleshooting, and
storing a device. This information constitutes the ‘‘how to’’
for the device.

Devices that might have patient labeling that would
include instructions for use would be those the patient or
lay caregiver have to set up, operate, clean, and so on.
They might include such devices as suction equipment,
intravenous infusion pumps, physical therapy equipment,
or transdermal electrical nerve stimulation (TENS) de-
vices.

3.3. Human Factors Engineering

However, when designers of medical devices pay attention
to the needs of medical device users, particularly home
users, they seek to minimize the need for labeling, which
is done through a process called human factors engineer-
ing (HFE). HFE is a science devoted to the interaction of
people and equipment. In the field of medicine, the objec-
tive is to improve human performance and reduce the
likelihood of use error and patient injury.

An ideal medical device offers:

* Intuitive operation and low reliance on manuals (la-
beling);

* Easy-to-read displays and controls;
* Positive and safe connections;
* Effective alarms; and
* Easy repair and maintenance.

HFE involves designing a device according to the needs
of users, including their abilities, limitations, and work
environments. One key to the HFE approach is to strive
for good performance under less than ideal conditions—
and many challenges exist in the home that make condi-
tions difficult.

In HFE, one looks at the user interface of a device —
including controls, displays, software, training—and, of
course, labeling (labels and instructions)—anything the
user would need to operate and maintain a device. HF
analysis and testing need to be included early in the de-
velopment of a device using tools such as analysis of crit-
ical tasks, use error hazard and risk analysis, and realistic
use testing.

Well-conceived medical device patient labeling, coupled
with good human factors engineering, is essential to as-
sure safe and effective use of devices.
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3.4. Device Design, Labeling, and Educational Information

A report to FDA is required when a manufacturer becomes
aware of information that reasonably suggests that one of
their marketed devices caused or may have caused or con-
tributed to a death, serious injury, or has malfunctioned
and that the device or a similar device marketed by the
manufacturer would be likely to cause or contribute to a
death or serious injury if the malfunction were to recur.

User facilities must report deaths and serious injuries
when they become aware of information that reasonably
suggests a medical device has or may have caused or con-
tributed to the adverse event. A user facility must report
to the device manufacturer and FDAwhenever the facility
has information that reasonably suggests a device has or
may have caused or contributed to a patient’s death. If a
facility has information that reasonably suggests a device
has or may have caused or contributed to a patient’s se-
rious injury, it must report this information to the device
manufacturer. If the manufacturer is not known, the re-
port should be sent to FDA.

4. SUMMARY

Risk management is a complex process. Identifying the
hazards associated with a device is just part of the risk
management process. The design engineer must be aware
that the set of hazards for a device not only change with
the device design, but with the environment where patient
care is provided and with the level of competence of the
person providing the care.

5. ATTACHMENT I

5.1. Analysis of Medical Device Report on Infusion Pumps

This information was extracted from the MAUDE da-
tabase by DSS using the following criteria:

* Period of time: 1999–2003
* Procodes LZG (insulin pump), LZH (enteral infusion
pump), FRN (infusion pump), and MEA (PCA pump).

See Tables 5–8.

Table 7. MAUDE Database: Infusion Pump Adverse Event Reports by Year and Event Location

Year Unknown Hospital Nursing Home Outpatient Home Outdoors

1999 68.90% 26.16% 0.68% 0.26% 4.00% 0%
2000 81.67% 14.73% 0.41% 0.24% 2.89% 0.06%
2001 90.01% 7.76% 0.11% 0.08% 1.91% 0.04%
2002 94.02% 4.07% 0.02% 0.05% 1.19% 0.04%
2003 95.94% 3.45% 0.01% 0.07% 0.53% 0%

Table 5. MAUDE Database: Infusion Pump Adverse Event Reports by Year and Type of Event

Year Death Injury Malfunction Other Total

1999 48 321 1,465 76 1,910
2000 53 287 1,234 111 1,685
2001 62 334 2,147 97 2,640
2002 76 614 6,047 166 6,930
2003 110 1,672 6,285 181 8,248

Pump types include insulin pumps, enteral infusion pumps, infusion pumps, and PCA pumps.

Table 6. MAUDE Database: Infusion Pump Adverse Event Reports By Year and Device Type, 1999–2003

Year Infusion Pump Insulin Infusion Pump Enteral Infusion Pump PCA Pump

1999 1,434 294 80 102
2000 1,119 341 54 171
2001 1,831 600 47 162
2002 5,427 1,001 35 467
2003 4,538 2,101 36 1,547

Table 8. MAUDEDatabase: TheMost frequent Infusion PumpDevice Problems Extracted from the Top 20 Device problems,
1999–2003

Unknown Flow/Delivery Errors Alarm/Display Errors User Errors Other Device Errors

13% 29% 10% 5% 43%
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1. INTRODUCTION

Engineers strive to develop technology that will help im-
prove health-care treatment and patient quality of life.
Engineers definitely do not want to design something that
could hurt people. Despite efforts to the contrary, adverse
events and even deaths caused by unforeseen design er-
rors continue to occur. How can biomedical engineers min-
imize potential hazards to patients and operators? Risk
management is an essential engineering skill that all bio-
medical engineers should understand and use aggres-
sively. Risk management is the systematic application of
policies, procedures, and practices to the tasks of identi-
fying, analyzing, controlling, and monitoring risk. By ap-
plying risk management throughout the entire process of
concept, design, development, and manufacturing, the
risks of a device can be minimized to as low as reason-
ably practicable. The remaining risk level can then be
compared with the benefits of the device to ensure that
such a device is suitable for use on human subjects,
whether in a clinical trial or for commercial use.

A very good standard that describes the risk manage-
ment process for medical devices is ISO 14971 – Medical
Devices – application of risk management to medical de-
vices. The currently available version of this document is
ISO 14971:2000 (1). This document will be referred to as
ISO 14971 throughout this chapter. This standard has
been adopted as a consensus standard by the U.S. Food
and Drug Administration (FDA), and compliance to this
standard is required in multiple countries. This chapter
will describe the general steps one would take to antici-
pate failures, make safer products, and minimize liability
exposure. These steps follow the key requirements of the
ISO 14971 standard.

2. OVERVIEW

Risk management begins in the concept phase, the earli-
est stage of developing a new medical device. Although the
details of the device are not yet known, the company can
conduct a preliminary hazard analysis by knowing the in-
tended use of the device and the general concept, which is
typically a top-down type of analysis that uses brainstorm-
ing and literature reviews to identify possible hazards and
define their severity and probability levels. Many times,
this initial hazard analysis leads to product redefinition
and new design inputs for the device. As the design
evolves, new risks may be identified. To systematically
identify and, when necessary, reduce these risks, the risk
management process is integrated into the design process.
In this way, unacceptable risks can be identified and man-
aged earlier in the design process when changes are easier
to make and far less costly.

Specific techniques exist, which will be described in
more detail later in this chapter, that can be used in the
development stages, including hazard analysis (HA), fail-
ure modes and effect analysis (FMEA), and fault tree anal-
ysis (FTA). Using these risk analysis techniques, one can
identify components that are of unacceptable risk, and
then decide on risk control methods to mitigate the risk.
The remaining risk (i.e., residual risk analysis) can then
be assessed and, based on this assessment, the overall risk
of the product may be found acceptable, determined to
need more mitigations, or the overall risk may be found
too high and the project abandoned.

If the company and the FDA are convinced that the
benefits outweigh the risks, the product may eventually
reach commercial distribution. However, the risk manage-
ment process does not stop after product launch. It is im-
portant to integrate postproduction (or clinical trial)
experience into the risk management process. For exam-
ple, if a product complaint is received that identifies a po-
tential hazard that was not previously considered, the risk
analysis should be updated and new risk control measures
may need to be implemented. Thus, risk management for
a product continues throughout the life of the product.

As shown in Fig. 1, five main elements exist in risk
management:

Figure 1. Risk management process overview.
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* risk management planning;
* risk analysis;
* risk evaluation;
* risk control; and
* postproduction surveillance.

Risk management planning is conducted at the begin-
ning of the project and continues to be updated as neces-
sary during the life cycle of the product. Risk analysis,
evaluation, and control form an iterative cycle that is most
heavily used in the development phase of product devel-
opment. Typically, top-down hazard analysis techniques
are used early in the product development life cycle. When
the design becomes more mature, additional techniques
such as failure modes and effect analysis (FMEA) may be
used. In addition, the preliminary hazard analysis docu-
ments may have additional hazards added based on new
information. This new information could be obtained dur-
ing design work or studies on animals or human subjects.
Each time risk analysis is updated, more risk control mea-
sures may be identified and implemented.

3. PROCEDURES

To have an effective risk management process, a company
should have a set of procedures that define the process.
Typically, a risk management SOP would exist that spec-
ifies the policy, definitions, responsibilities, and an over-
view of the process steps. The risk management SOP
would also identify a set of other procedures that would
be used for specific parts of the risk management process.
This ‘‘toolkit’’ could include procedures for conducting haz-
ard analysis, failure modes and effects analysis, or fault
tree analysis.

In the risk management SOP, the management, regu-
latory, and engineering heads should decide on the risk
management policy for the company and agree to defini-
tions of hazard severity and probability of occurrence.
Most importantly, they should decide on the risk accep-
tance criteria, both on an individual hazard basis as well
as an overall product perspective. More discussion of how
management determines risk acceptance criteria is given
later in this chapter. Often, a company will have a risk
management procedure that includes the risk manage-
ment policy, general requirements for risk management
activities, an overview of the risk management process,
and the requirements for the documents that will be kept
in the risk management file (RMF). A risk management
file is a set of records and documents that is generated
during the risk management process. The RMF provides
the evidence that risk management was conducted prop-
erly for the product and will be reviewed by regulatory
authorities during the clearance or approval process, as
well as during inspections.

Procedures are also written for specific risk analysis
techniques, such as FMEA or hazard analysis. These pro-
cedures provide specific instructions on how to complete
the analysis and provide the appropriate form, which will

typically culminate in the completion of a document that
represents the analysis that was completed.

Many reasons exist for adequate risk management
from management’s perspective—designing safe products,
manufacturing safe products, ethics, liability concerns,
and regulatory concerns are some of the key drivers. The
value of risk management for companies has been dis-
cussed in multiple articles (2).

4. RISK MANAGEMENT PLAN

The company should prepare a risk analysis plan for the
particular medical device being considered. This plan
should start by identifying and describing the device and
the life-cycle phase that the plan applies to. For many
products, a single plan can be used to describe the risk
management plan throughout all life-cycle phases. The
plan should describe the risk analysis activities that will
take place and identify the responsible parties for the dif-
ferent activities. The plan to verify the risk control mea-
sures should be described. To ensure oversight and review,
the requirements for review of the activities should be de-
scribed in the plan. The plan should also include the cri-
teria for risk acceptability for this medical device or refer
to the acceptance criteria in the risk management proce-
dure. The risk acceptability criteria should be given for
each identified hazard as well as for the overall risk of the
device. Risk acceptability criteria is further discussed un-
der Risk Evaluation below.

The plan should also describe how design or animal
testing and clinical or user feedback will be analyzed,
monitored, and incorporated into the risk management
process. For example, how will adverse events or problem
reports from a clinical study be incorporated? Will each
incident require a review of the risk analysis document
and if not, why not? Once the device is commercialized and
complaints from customers are recorded, how will that
feedback be used to review and revise the risk analysis
documents?

The risk management plan may change during the life
cycle of the product. If the plan changes, a record of the
changes should be maintained in the risk management
file, which is usually controlled through a company’s en-
gineering change order or document change order system.
To summarize, the risk management plan would have the
following sections:

* Scope
* This section should include the identification of
the product, description of the device, and appli-
cable life-cycle phases

* Verification Plan
* This section should include discussion of plan
overview as well as pointers to specific test proce-
dures that will be used to verify the implementa-
tion was completed to requirements and to verify
that each risk control measure was effective.

* Risk Management Activities
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* This section can be a table listing the activities
and identifying the person responsible for each.

* Requirements for Review of Risk Management Activ-
ities

* This section describes review procedures em-
ployed and their frequency to ensure that the
risk management activities are taking place ap-
propriately.

* Criteria for Risk Acceptability
* This section describes the acceptable risk criteria
for this product and the rationale for the criteria.
The plan should also describe what would happen
if the risk level is in an unacceptable range.

5. RISK ANALYSIS

ISO 14971 identifies the following key steps in risk anal-
ysis: (1) intended use description, (2) hazard identifica-
tion, and (3) risk estimation.

For the intended use description, a narrative descrip-
tion of how the medical device is intended to be used and
any reasonably foreseeable misuse should be provided. A
listing of the qualitative and quantitative characteristics
that could affect safety of the device should be provided.
Annex A of the ISO 14971 provides questions to consider
in developing the list of characteristics.

The main goal of the risk analysis is to identify hazards
in normal and fault conditions of the device and to provide
estimations on the risks of those hazards. To identify the
known or foreseeable hazards, the company may use one
or more techniques. The next three subsections describe
the three most commonly used techniques for hazard iden-
tification in medical device development.

5.1. Hazard Analysis

A common technique used early in the life of the device
design is hazard analysis (HA). In this technique, a listing
of known or foreseeable hazards is generated. One of the
best ways to start the hazard analysis is to look up similar
devices on the adverse event databases at the FDA’s web-
site on similar devices [Manufacturer and User Facility
Device Experience (MAUDE) database (3) and Medical
Device Reporting (MDR) database (4)]. Note that the MDR
database only has information from 1992 to 1996, but it
may still be useful for devices that have been on the mar-
ket for a long time. Another source of identifying hazards
is to hold a brainstorming session with a multidisciplinary
group. This group might include hardware and software
engineers, system engineers, regulatory and clinical staff,
physicians, and marketing and service personnel. All
known or foreseeable hazards for the subjects/patients,
operators of the equipment, and bystanders should be
considered. These hazards can include all sorts of things;
some examples include electrical shock, tripping over
cords, dropping the device on the operator or patient,
and loss of sterility. At the end of this chapter, an exam-
ple product is used to illustrate the different techniques.

Over time, more data is collected on the device from
verification testing, design reviews, animal studies, clini-

cal studies, and commercial use of the device. This infor-
mation acts as further inputs to the hazard analysis. All
risk analysis documents are living documents. They are
consistently reviewed and updated as more experience
with the device is achieved.

The hazard analysis is often also extended to include
possible causes for the hazard. Identifying the possible
causes will facilitate identifying risk control measures
that reduce the risk of the hazard. A hazard analysis is
considered a top-down approach to risk analysis because
one considers first the known and foreseeable hazards in a
normal and fault situation and then considers the con-
tributing factors that may lead to the hazard.

5.2. Fault Tree Analysis

Fault tree analysis (FTA) is another top-down method that
is often cited as a risk analysis technique. This technique
has been heavily used for reliability of designs in the in-
dustrial sector, especially nuclear power generation (5).
FTA is primarily used to analyze the causes for an iden-
tified hazard or undesirable event. The method uses Bool-
ean logic (OR and AND functions) to show the different
ways one can reach the hazard based on different factors
such as component failure and user error. For a particular
hazard, one can first state how the patient or operator is
affected. For example, death or serious injury, moderate
injury, minor injury, or no injury but invalid treatment
could be possible outcomes. For each of these outcomes,
the combination of AND and OR gates are used to describe
the different ways such an outcome might occur. Thus, this
technique takes into account combination of actions that
might lead to the hazard. One should be careful not to be-
come too zealous in thinking about all the different possi-
ble combinations—often, single- or double-fault
considerations are standard, but treble and higher fault
conditions may be too unlikely to consider. An interna-
tional standard exists for this technique [IEC 61025 (6)].

5.3. Failure Modes and Effects Analysis

Another way to identify hazards is to assume failures in
the components and then examine what hazards could
derive from the component failures. This technique,
known as failure modes and effects analysis (FMEA), is
most often used after adequate design work has pro-
gressed so that the company can identify the components
of the device. This systematic approach represents more of
a bottom-up analysis and is used in later stages of devel-
opment. This approach complements the top-down meth-
ods of hazard analysis. Extensive literature exists on
FMEA analysis because this technique is used in many
industries. At the end of the chapter are references spe-
cifically geared toward medical device development. These
references provide an overview of the method (7,8) as well
as considerations on the misuse or pitfalls of FMEA (9).
The typical steps for a FMEA are the following:

* Describe the scope of the FMEA (subsystem, whole
product?);
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* Use the architecture/high-level design to determine
all the system components;

* Describe the function of the component;
* Identify and list all the ways or modes that the com-
ponent may fail;

* For each failure mode, provide the causes that may
lead to the failure;

* For each failure mode/cause, provide the effect of the
failure in terms of hazards to the patient, operator,
bystander, or environment.

So, for each component, the team examines ‘‘what if
this component fails.’’ An example FMEA is shown in the
example at the end of this chapter. An international stan-
dard exists for FMEA [IEC 60812 (10)] that companies
may choose to comply with. It should be noted that use of
only the FMEA analysis technique is not enough to satisfy
requirements of ISO 14971 and FDA because FMEA anal-
ysis only addresses product failure modes, whereas ISO
and FDA requirements include risk identification during
normal and fault conditions. Limitations of an FMEA
analysis can be found, for example, when an RF ablation
device burns the operator if the operator does not use the
device with the proper precautions. This risk does not de-
velop from a failed component and so would be unlikely to
be caught in a FMEA analysis, but would be the sort of
hazard identified during a top-down technique. A full
FMEA may also be difficult and costly if the device is
very complex. In this case, one might consider using a top-
down technique to identify which components or subsys-
tems may require further scrutiny using a FMEA ap-
proach.

5.4. Risk Estimation

For all of the techniques used to identify potential hazards
described above, one can estimate the risk level of each
hazard. The risk is a combination of two factors:

* Severity, the consequences of the harm that could oc-
cur from the hazard, and

* Probability, the probability of occurrence of harm
that could occur from the hazard.

Although a continuum of severity and probability ex-
ists, these factors are often categorized into discrete levels.
The number of levels often ranges between three and six.
Table 1 provides an example of a severity categorization
and Table 2 provides an example of a probability catego-
rization. Sometimes quantitative numbers are used to de-
fine the different categories of probability (e.g., 1 in 1000).
Quantitation should be used only if failure statistics on
which to base the numbers exist. ISO 14971 points out
that good quantitative data is not readily available and
purposely does not recommend performing risk estimation
in a quantitative way.

6. RISK EVALUATION

After the severity and probability are determined, the risk
estimation must then be evaluated for acceptability. The
severity and probability levels are sometimes multiplied
to form a risk level number (sometimes referred to as risk
priority number). In the examples given in Tables 1 and 2,
the risk level number would range between 1 and 25 (Ta-
ble 3). Another possibility is to combine the severity and
probably levels in a look up table (see Table 4). Generally,
acceptable risk level will be a combination of minor sever-
ity and low probability, whereas unacceptable risk level
will typically be because of both high severity and high
probability. Accepting or rejecting these two extremes and

Table 1. Example Severity Criteria

Category Severity Description

1 Negligible May cause minor nuisance to
the operator or patient but
no injury or system
damage.

2 Moderate May result in damage to the
system but no injury to
any person.

3 Marginal May result in minor injury to
a person, but does not
require physician
intervention.

4 Critical May result in a moderate
injury to a person that
requires physician
intervention or therapy to
a person.

5 Catastrophic May result in death or
serious injury to a person
that requires physician
intervention.

Table 2. Example Probability Criteria

Category Probability Description

1 Improbable Never expected to occur in
the life of the system (e.g.,
semiconductor failure)

2 Remote Likely to occur less than once
in the life of the device
(e.g., electromechanical
failure)

3 Occasional Likely to occur less than once
every year for each device
(e.g., failures of
consumable accessories)

4 Probable Likely to occur only a few
times per year for each
device (e.g., trained
operator errors)

5 Frequent Likely to occur many times
per year for each device
(e.g., untrained operator
errors)
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defining corporate policy and actions for them may be
straightforward. The difficult decisions must be made
about what policies and actions to take for the intermedi-
ate cases. Neither ISO 14971 nor FDA specifies acceptable
risk level, and it is an important decision for management
as the risk acceptance criteria directly relates to safety of
the product and possible liability issues. Multiple consid-
erations exist when determining acceptable risk levels:

* Potential benefits of the device,
* Guidance documents such as the appendices of ISO
14971 (1) or IEC/TR 60513 (11),

* Applicable standards or guidance documents for the
specific device type,

* Comparing levels of risk on similar medical devices
that are commercialized, and

* Risk adversity of the company’s management.

A key concept is to weigh the risks against the potential
benefits. For example, if the device is planned to provide
treatment to subjects with a severe end-stage disease that
has no other reasonable alternative treatment, acceptable
risk may include higher severity and probability than a
device that will be used in otherwise normal and healthy
subjects. For example, the FDA has approved a deep-brain
implantable stimulator for patients who are diagnosed
with essential tremor or Parkinsonian tremor not ade-
quately controlled by medications and where the tremor
constitutes a significant functional disability (12). In clin-
ical studies, over 95% of the subjects experienced adverse
events, 7.5% had intracranial hemorrhage, 11% had de-
vice-related infection, 10% had paresis/asthenia, and 8%
had hemiplegia/hemiparesis. Although the safety profile
may seem poor, the FDA concluded that the probable ben-
efits to health outweigh the probable risks.

Risk acceptability is often categorized into three levels:

* Broadly acceptable

* Risk level is low enough to be acceptable without
any further risk controls.

* As Low As Reasonably Practicable (ALARP)
* The risk level should be reduced using risk con-
trols, leading to mitigated risk level as low as rea-
sonably practicable. Practicality has two
components, technical and cost. A hazard that
may cause deaths should normally be reduced at
even considerable cost, whereas applying risk con-
trols to a minor severity hazard (e.g., moderate or
negligible per Table 1) with high probability (e.g.,
frequent per Table 2) may be too costly, and lack of
mitigation may be justified by assessment of risk
over benefits.

* Intolerable
* This risk level is intolerable to the company and
must always be reduced using risk control mea-
sures. If risk control measures cannot reduce the
risk level into ALARP, the device development
may be halted.

In addition to the risk evaluation of each hazard, an
overall risk acceptability should be evaluated. As de-
scribed previously, for overall risk acceptance, the overall
balance of risks needs to be compared with the benefits of
the device. Neither the ISO standard nor regulatory agen-
cies define the methodology required to evaluate overall
risk acceptability. Multiple possibilities exist for evaluat-
ing overall risk as described by Schmidt (13). Some of the
possible techniques include:

* Summing the severities of the hazards,
* Summing the probabilities that the hazard will occur,
* Summing the individual risk levels, and
* Combining individual risks qualitatively.

7. RISK CONTROL

The risk analysis and risk evaluation steps will help to
determine when risk reduction is required or desired. The
primary steps in risk control are:

* Risk control option recommendation and analysis,
* Implementation and verification of risk control mea-
sures,

* Residual risk evaluation,

Table 3. Example Risk Level Acceptability Table

Risk Priority Number Risk Acceptance

1–4 Broadly acceptable
5–11 As low as reasonably practicable (ALARP)
12–25 Intolerable

Table 4. Example Risk Level Look Up Table

Probability

Improbable Remote Occasional Probable Frequent

SEVERITY Negligible BA BA BA BA ALARP
Moderate BA BA BA ALARP ALARP
Marginal BA BA ALARP Intolerable Intolerable
Critical BA ALARP Intolerable Intolerable Intolerable
Catastrophic ALARP ALARP Intolerable Intolerable Intolerable

(BA¼ Broadly Acceptable, ALARP ¼ As Low As Reasonably Practicable, I ¼ Intolerable)
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* Risk/benefit analysis,
* Consideration of new hazards generated by risk con-
trol measures, and

* Checks for completeness of risk evaluation.

7.1. Determination of Risk Control Measures

As part of risk analysis and evaluation activities, recom-
mendations for risk control measures are often recorded
on the worksheets. Risk control measures may take many
forms, and multiple measures may be recommended as
mitigation for a single hazard. When choosing which risk
control measure to implement, the following general types
of risk control measures are listed in order of what is typ-
ically most effective to least effective:

* Inherent safety in design (e.g., design device to run
on battery power rather than line power);

* Protective measures in the device or manufacturing
process (e.g., self-tests on start up); and

* Information for safety (e.g., warning labels on device
or instructions for use).

From the possible options, the risk analysis team de-
cides which risk control measures to implement and pro-
vides a unique identifier to each risk control measure for
later traceability. The risk control measures chosen should
be documented on a table in the risk management file. If
the control measures are related to the design, they should
be incorporated as requirements in the design input doc-
uments for the device.

7.2. Verification of Risk Control Measures

During the verification and validation phase of the device,
verification of the effectiveness of the risk control mea-
sures should be conducted. As guided by the verification
plan for risk management, a specific risk control verifica-
tion procedure is created and the results of the verification
activities must be documented. Often, many of the risk
control measures have been incorporated into the design
requirements, and thus verification can be done by check-
ing the verification documentation of the device. In other
cases, specific test cases must be created. For example, it is
common to include risk control measures that have to do
with labeling (adding warnings) or training. An inspection
test procedure can be created to check that these risk con-
trol measures have been implemented. Such a test proce-
dure would verify that all the required warnings are in the
user manuals or labels and that the appropriate materials
are added to the training materials. To see if these risk
control measures are effective, a beta study using the in-
tended operator could be conducted to see if the labeling
and training materials were effective at preventing risks.

7.3. Residual Risk Evaluation and Risk/Benefit Analysis

The next step after implementation and verification of risk
control measures is to reevaluate the severity and proba-
bility of occurrence of the potential hazards and determine
the mitigated risk level, also known as the residual risk.

Ideally, all hazards have a residual risk level that meets
the criteria for broadly acceptable. No hazards should ex-
ist in the intolerable region; however, there are, further
risk control measures should be implemented or a sub-
stantive risk/benefit analysis must be completed. One pos-
sible outcome is that the device design should be
abandoned. Often, some hazards will remain in the ALA-
RP region for acceptability. If further risk control is im-
practical, one should conduct a risk/benefit analysis using
known data and literature. Typically the evaluation of re-
sidual risk is initially performed at the time that risk con-
trol measures are considered to ensure that adequate risk
control measures are chosen during the earlier stages of
development. However, the residual risk analysis should
be finalized after the risk control measures have been ver-
ified.

7.4. Consideration of Other Generated Hazards

When risk control measures are implemented, it is possi-
ble that the risk control measures may add new potential
hazards. Therefore, risk analysis and risk control are an
iterative process—the risk control measures should also
be analyzed to see if any new hazards might be generated.
If any new hazards exist, they should be added to the risk
analysis documents and treated as discussed above.

7.5. Completeness of Risk Evaluation

ISO 14971 requires that the manufacturer assures that
the risk(s) for all identified hazards have been evaluated
and that the results of the evaluation are recorded in the
risk management file. One way this completeness check
can be done is to hold a design review meeting to review
the risk management file. One part of the risk manage-
ment file is the risk management report, which provides
traceability of each hazard through all the steps in risk
management. This report simplifies the evaluation of com-
pleteness. The minutes of the design review should be
added to the risk management file to provide evidence that
the risk evaluation of the hazards was complete.

7.6. Overall Residual Risk Evaluation

An overall residual risk evaluation must also be con-
ducted. As described previously, predetermined criteria
should be used to determine the overall risk acceptability.
If the overall combined residual risk is unacceptable based
on the predefined acceptance criteria, conduct a risk/ben-
efit analysis to see if the medical benefits outweigh the
residual risks. If the risk/benefit analysis justifies the re-
sidual risk, then one can proceed with development.

8. RISK MANAGEMENT REPORT

A key part of the risk management report is to demon-
strate that all the identified risks have been evaluated,
controlled if necessary, and residual risk evaluated. A
traceability matrix is one way to document these elements
in a table to show accountability for each risk identified.
Thus, a traceability matrix should be generated to docu-
ment the results of the risk management process. The
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traceability matrix is typically an Microsoft Excel or Word
table and should contain the following columns for each
hazard identified:

* Hazard ID;
* Hazard description;
* Risk analysis (severity and probability);
* Risk evaluation (risk level);
* Risk control measure(s) implemented;
* How the risk control measure was verified (e.g.,
pointer to verification result);

* Residual risk evaluation (residual severity, probabil-
ity, and risk level); and

* Acceptability of residual risk level.

This matrix is a key document for risk management as
it traces each identified potential hazard to a risk assess-
ment, control measures, and residual risk analysis.

9. POSTPRODUCTION

Risk management is an ongoing process throughout the
life cycle of the product. Postproduction information about
the device and similar devices should be systematically
reviewed for possible relevance to safety. Some sources of
postproduction data could include the MAUDE database
at the FDA, corrective and preventive action reports, cus-
tomer feedback, literature, and adverse event reports.
Some areas to watch for are previously unanticipated haz-
ards, new information to change severity or probability of
a risk, and invalidation of the original assessment of risk
or risk/benefit analysis. If any of these items are true, one
should update the risk analysis and repeat the risk control
and residual risk evaluation process.

10. RISK MANAGEMENT FILE

The risk management file is the place where the docu-
mentation of the risk management process is recorded.
Often times, multiple documents and records exist that
are used or created in this process. One approach is to
have a master document that is called the risk manage-
ment file. In this document, one records all the required
information for ISO 14971:2000 or provides a pointer to
the document that contains the records. Having a master
document such as this will facilitate inspection for com-
pliance with the standard. The typical sections of this
master document would include:

* Risk management policy and procedures, including
acceptability criteria for risk levels and for overall
residual risk;

* Risk management plan;
* Risk analyses;
* Risk evaluation;
* Risk control;

* Overall residual risk evaluation, including determi-
nation of acceptability of this device;

* Risk management report; and
* Postproduction information.

On a more practical level, the documents for the risk
management file must be controlled through a document
control system defined by the company. These documents
should continue to be updated throughout the life of the
product, and adequate document control should be en-
forced. For auditing purposes, it may be useful to have an
actual binder with official controlled copies of the docu-
ments.

11. SOFTWARE CONSIDERATIONS

Software is often a component in medical devices and
sometimes is a medical device by itself. The general prin-
ciples described in this chapter must also be applied to the
software. However, fundamental differences exist in soft-
ware that must be considered. For example, failures in
software are systematic rather than random. Therefore,
the standard probability estimates often used for risk
evaluation are not applicable. Instead, one can consider
for software risk estimation the hazard severity and the
relative probability of harm should a software failure oc-
cur.

Software itself does not harm the patient or user, but
software failures can lead to a causal chain that can cause
the harm. Causes exist (e.g., algorithm flaw miscalculates
the glucose level in the blood) that may lead directly to a
device hazard. Causes also exist that may indirectly lead
to device hazards (e.g., stack overflow condition). For a
thorough risk analysis, both direct causes and indirect
causes should be considered.

As a result of the complexity of software, it is impossi-
ble to test to the 100% assurance level that a software
failure will not occur. Therefore, one should use the risk
analysis and evaluation to guide the software develop-
ment and verification activities. For example, modules
that have been identified as high risk might be required
to have greater rigor and coverage when being tested, in-
cluding testing under a wide range of abnormal and stress
conditions.

As described earlier for general risk management, risk
management should be started early in the concept phase
and a variety of techniques should be used throughout the
development process. Prior to development of the software
architecture, one can conduct a preliminary hazard anal-
ysis knowing the intended use of the device. Early hazard
analysis, especially when one integrates software and
hardware components, may help identify risk control mea-
sures that will greatly reduce the amount of work re-
quired. For example, software control to deliver current to
a patient needs to consider failures that may deliver too
much current. However, if the hardware is designed so
that the current delivered is limited to safe levels, the po-
tential software failure is mitigated.

Additional risk analysis methods should also be applied
during architectural design, detailed design and coding,
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testing, and release phases of software development. After
release, postproduction information should be integrated
into software risk analyses and any modifications should
be carefully examined for potential impacts.

A very useful document for software considerations in
risk management is a technical information report pub-
lished by AAMI – Medical Device Software Risk Manage-
ment (14). This document provides useful lists of
considerations for direct and indirect causes of software
failures and discusses the software perspective of risk
management in conjunction with the ISO 14971:2000
risk management standard (1) and the ISO/AAMI SW68
software development standard (15). Some articles that
focus on software risk management with practical exam-
ples are provided by Wood (16) and Suzuki and Karolak
(17).

12. AN EXAMPLE

A detailed example of a risk management file for a com-
plete product is not within the scope of this chapter be-
cause of size constraints. However, take a fictitious
medical device as an example and some portions of docu-
ments will be shown that typically would be generated
during the life cycle of the product. The product is an ul-
trasound imaging system that is intended to perform fetal
ultrasound visualization and recording.

During the concept phase of this device, the project
leader would do a review of any feasibility or any animal
or human subject research done on this device, search the
literature on similar devices, assess competitors, and per-

form an FDA database search for known risks associated
with this type of device. For ultrasound devices, a guid-
ance document from the FDA and numerous international
standards exist to help guide acceptable energy output
levels. The device type is very mature so many adverse
events listed in the FDA MDR and MAUDE databases ex-
ist.

A preliminary risk management plan would be gener-
ated, based on the risk management SOP that exists
within the company. At this point, the risk management
team members would be identified and a formal risk man-
agement file would be started. The next step is to conduct
a hazard analysis. The project leader can start this anal-
ysis, but often the process will also include a brainstorm-
ing session with a multidisciplinary team. At this
company, the team included engineering staff familiar
with medical device design and core technical expertise
in ultrasound, medical personnel familiar with ultrasound
procedures, and representatives from marketing, regula-
tory, management, and legal. The outcome of the hazard
analysis is an HA document that would be included in the
risk management file. For this example, a small portion of
the preliminary hazard analysis is given in Table 5. In
particular, a couple of the identified hazards are shown.
Note that each combination of hazard and cause are
uniquely identified (HZ001, etc.). In this example, all the
hazards have risk levels in the intolerable range prior to
mitigation. Thus, risk control measures will need to be
taken for all listed hazard/cause combinations. Table 5
provides possible options for risk control. See Table 6 for a
list of the risk control measures that were decided on. In

Table 5. Fragment of Hazard Analysis Table

ID
Potential
Hazard

Potential
Causes

Unmitigated
Severity

Unmitigated
Probability

Unmitigated
Risk Level

Recommended Risk Control
Measures

HZ011 Electrical line
shock

Leakage to
patient

5 3 15 (Intolerable) Design product to comply
with IEC 60601-1

HZ012 Electrical line
shock

Insulation
breakdown

5 3 15 (Intolerable) Design product to comply
with IEC 60601-1

HZ013 Electrical line
shock

Inadequate
ground
connection

5 3 15 (Intolerable) a. Stress importance of using
grounded line power in
operator’s manual and user
training.

b. Comply with IEC 60601-1
HZ014 Electrical line

shock
Operator

accesses
inside of
device while
connected to
line power

5 3 15 (Intolerable) a. Operator manual and
training emphasizes not to
open device.

b. Design so that operator can
replace fuse without
opening device.

c. Label on device to warn of
electrical shock potential.

d. Operator’s manual and
operator training on how to
safely change the fuses.

This example shows a fragment of the hazard analysis table. The severity definitions are given in Table 1, the probability definitions are given in Table 2, and

the risk level is determined by multiplying the severity and probability numbers.
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this example, the team decided not to add specific instruc-
tions regarding opening the device in the operator train-
ing material because they felt that the other mitigations
were sufficient (e.g., design so fuse is accessible without
opening device, using special screws, warning label on de-
vice, and warning in Operator’s Manual).

As the product architecture and key design issues are
determined, a FMEA is performed for the product, which
takes place primarily with a team meeting with the same
team members as the HA brainstorming session. Addi-
tional engineers familiar with the design should also par-
ticipate. Using the product architecture as a guide, each
component of the device is analyzed for failure analysis. A
portion of the FMEA table is given in Table 7. During the
development, the preliminary hazard analysis is also re-
viewed and updated as more is learned about the product
and its design.

Based on the FMEA and the HA, the team decides
which risk control measures to implement. The risk con-
trol measures are enumerated in a table such as one in
Table 6. After they have been implemented, verification of
the implementation and the effectiveness of the imple-
mentation shall be completed. An example of a few steps
in the verification test case is shown in Table 8. After the
verification has been completed, a traceability matrix (see
Table 9) is created to ensure that all risk control measures
have been implemented and verified. For the traceability

Table 6. Fragment of Example Risk Control Measures

Risk Control
ID Risk Control Description Hazards Mitigated

RC005 Product design complies
to IEC 60601-1 and is
tested by external
laboratory to comply.

HZ011, HZ012,
HZ013

RC006 Operator manual includes
warning to only use
device with properly
ground electrical
outlet.

HZ013

RC007 Installation procedure
includes checking
intended electrical
outlets for proper
grounding.

HZ013

RC008 Operator manual includes
warning to not open
device.

HZ014

RC009 Design device so that
power entry module
includes fuses that are
accessible without
opening the device.

HZ014

RC010 Label on the device
includes warning for
electrical shock
potential.

HZ014

RC011 Operator manual includes
instructions on
changing the fuses.

HZ014
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matrix, it is important that the hazards, causes, and risk
control measures are uniquely identified.

As part of the verification and validation activities for
the product, the device undergoes a clinical study on hu-
man subjects under an investigational device exemption
from the FDA. Clinical feedback from this study is ana-
lyzed and incorporated in the risk analyses. If necessary,
additional risk control measures are implemented and
verified. For example, the design of the cabling was found
to confuse the operator during the clinical study. This
feedback is added to the hazard analysis and additional
requirements were added to change the connectors to en-
sure that cable connections cannot be confused. A design
change is implemented and appropriate reverification and
revalidation takes place.

A residual risk analysis is generated (see Table 10) and
the multidisciplinary team reviews the result. In this case,
some items remained in the ALARP category so a risk/
benefit analysis is documented. Prior to product launch,
the risk management file is reviewed and the determina-
tion that the benefits outweigh the risks is made by man-
agement.

After product launch, the complaint handling system is
activated. All complaints are copied to the project leader to
see if any postproduction information warrants reevalua-
tion of the risk analysis. At this company, the policy is for a
quarterly review of the risk management file and updates
based on feedback on the device, unless serious adverse
events or any other FDA reportable event exists. In that
case, the review of the risk management file is immediate.
This policy was set in the risk management plan for this

product. An example documenting review of postproduc-
tion information is given in Table 11.

13. REGULATIONS AND STANDARDS

Regulatory bodies have also recognized the value of risk
management. Regulatory requirements exist for risk man-
agement in the United States, Canada, the European
Union, and Japan at a minimum. In the United States,
the requirement for risk management is encompassed in
the FDA’s Quality System Regulations (18), specifically in
the design control requirements. Risk management is also
discussed in the preamble to the quality system regula-
tions and in the procedures for FDA inspections. The Eu-
ropean Community’s Medical Device Directive (MDD) (19)
and In-Vitro Diagnostics Directive (20) also requires risk
management. Although many of the essential require-
ments of the MDD discuss particular hazards, essential
requirement 1 and 2 address safety and risk more directly.
Annexes II and III of the MDD require risk analysis and
Annex VII requires technical documentation of the results
of risk analysis.

As described above, international standards for how to
conduct risk management also exist. One of the most use-
ful is AAMI/ISO 14971:2000 – Risk Management – Appli-
cation of risk management to medical devices (1). The
FDA has recognized ISO 14791:2000 as a consensus stan-
dard, which means that a manufacturer can declare con-
formity to this standard when making a submission to the
FDA and this declaration may be used to satisfy certain
risk management needs. Of course, if declaration of con-

Table 8. Fragment of Example Test Case for Verifying Risk Control Measures

Step Procedure
Requirements

Trace Expected Results
Actual Results /

Notes Pass/Fail

23 Check for IEC 60601-1 compliance
certificate for this product in
Design History File and/or
Regulatory File. Make a copy to
attach to this test report.

HZ011, HZ012,
HZ013

Certificate for
compliance is on
file.

24 Get latest released copy of
Operator’s Manual. Write down
document and revision number
in Actual Results/Notes.

Document
Number:
Revision:

Not Applicable
– no testing
in this step.

25 Verify that Operator Manual
includes warning for using
properly grounded outlets.

HZ013 Manual includes
warning.

26 Verify that Operator Manual
includes warning for operator
to not open the device.

HZ014 Manual includes
warning.

Table 9. Fragment of Traceability of Risk Control Measures

Risk Control ID Where Implemented Verification Last Verified Date Pass/Fail Status

RC005 Design of product for electrical safety. FA-3042 Rev B Doc. 530-2034 Rev C Step 23 25 August 2004 Pass
RC006 Operator Manual Doc MAN-5932 Rev C Doc. 530-2034 Rev C Step 25 25 August 2004 Pass
RC007 Service Manual Doc MAN-6923 Rev B Doc 530-2034 Rev B Step 29 17 July 2004 Pass
RC008 Operator Manual Doc MAN-5932 Rev C Doc. 530-2034 Rev C Step 26 25 August 2004 Pass
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formity is made, the company must follow all the require-
ments of the standard, so one must carefully decide if it is
better to declare conformity or to just use the standard as
a guidance in establishing the company’s risk manage-
ment process. For guidance, there is a technical report,
AAMI TIR:32:2004 (14), that specifically addresses med-
ical device software risk management. The FDA also has a
guidance document on incorporating human factors engi-
neering into risk management (21). Standards also exist
for how to conduct FMEA (10) and FTA (6) analyses.

14. SUMMARY

Risk management is a critical process in the development
of medical devices that are safe and effective. It is an it-
erative process, with layering and enrichment of the risk
analyses and management activities as the product ma-
tures through development, validation, and commercial-
ization. Risk management is also a requirement for
getting regulatory clearances and approvals so that a com-
pany can market its product. Thus, risk management is a
key process for the two main goals of medical device com-

Table 10. Residual Risk Evaluation

ID
Potential
Hazard Potential Causes SEV PROB

Residual Risk
Level ALARP Justification

HZ011 Electrical
line shock

Leakage to patient 5 1 5 (ALARP) The design has shown compliance
with widely accepted
international standard for
electrical safety. Item is on
lowest level of ALARP (5). Risk
controls brings risk to as low as
reasonably practicable.

HZ012 Electrical
line shock

Insulation
breakdown

5 1 5 (ALARP) See HZ011

HZ013 Electrical
line shock

Inadequate ground
connection

5 2 10 (ALARP) Hospital standards in the United
States, Canada, and Europe
have grounding requirements.
Only in some parts of the world
would might we encounter sites
that might not have adequate
grounding. The user manual
and training stresses the
importance of adequate
grounding. Installation
procedures will ensure that
device is only installed in sites
with adequate grounding. This
risk has been made as low as
reasonably practicable.

HZ014 Electrical
line shock

Operator accesses
inside of device
while connected
to line power

5 1 5 (ALARP) Adding the external fuses gives
the operator no reason to open
the device. In addition
adequate warnings are
provided in the labels, labeling,
and training. Not readily
available tooling is required to
open the device that makes it
less likely for the lay person to
open the device. This risk has
been made as low as reasonably
practicable.

Table 11. PostProduction Review Log

Review Date Reviewer(s) Report Type Reviewed Report Number(s) Reviewed Action Taken for Risk Analysis

23 July 2005 Jane Doe Complaints 43, 45, 52 No adjustments indicated
CAPAs 53, 56, 89 No adjustments indicated
Non-conforming reports 14, 29, 50 Revised risk analysis to Rev C
Customer feedback reports 1039, 1923 No adjustments indicated

RISK MANAGEMENT 11



panies: (1) making safe and effective products and (2) be-
ing able to sell them. It is important that the techniques
described in this brief overview be applied rigorously
throughout the life cycle of the product. Luckily, ample
information is available about risk management. A simple
web search using Google with the words ‘‘risk manage-
ment medical devices’’ retrieved over 19 million hits. The
first few pages were full of articles, books, guidance doc-
uments, and training courses.

Finally, the author would like to leave the reader with
the thought that this risk management technique can and
should be used for much more than control of potential
hazards of a particular device. These risk analysis meth-
ods can also be used in other processes in the company,
such as manufacturing and purchasing. For example, dur-
ing the manufacturing process, the FMEA method can be
used to identify the steps of the process that have the most
risk of generating a part that is out of specification and,
thus, need increased quality inspections or additional
measures to make the process more robust.

In another example, one needs to determine how to
qualify vendors as part of the purchasing control require-
ments of the FDA. Some vendors may need less rigorous
assessment (e.g., label provider), whereas some may pro-
vide critical components or services (e.g., sterilization con-
tractor). Risk analysis can be done in a tabular format,
where each row is a vendor and the severity of poor quality
or service from the vendor can be assessed from regulatory
and business perspectives. Probability of the poor quality
or service can be estimated and a risk level can be deter-
mined. Based on risk level criteria determined in the pro-
cedure, a more or less rigorous assessment protocol can be
determined for the vendor. Risk analysis can be applied
whenever one needs a systematic method to analyze and
prioritize hazards or potentially unfavorable outcomes.
Risk management can be successfully used to guide de-
sign, regulatory, and business decisions.
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1. INTRODUCTION

The demand for rehabilitation services is growing apace
with the graying of the population. According to the World
Health Organization (WHO), senior citizens at least 65
years of age will increase in number by 88% in the coming
years. By 2050, the United States contingent of seniors is
expected to double from 40 to 80 million. With these
increases comes increased incidence of age-related pathol-
ogies including cerebral vascular accident (stroke), the
largest cause of permanent disability in the United States.
For every decade after 55 years old, the relative incidence
of stroke doubles (1,2). At present, over 700,000 Amer-
icans and 920,000 Europeans suffer strokes each year;
more than half survive. In the United States, close to 5
million stroke victims are alive today with a prevalence of
1,400 per 100,000 of the population (1,2). Even higher
incidence is observed in other developed countries such as
Japan where stroke prevalence at 2,880 per 100,000 is
double that in the United States (2). Some respite from
stroke may result if pharmacological agents are success-
fully developed to preserve vessel patency, to protect
neurons, and to stimulate neosynaptogenesis; these devel-
opments include nerve growth factors, receptor blockers,
anti-oxidants, anti-inflammatory agents, and blood-clot
dissolving agents. However, if that should happen, an
increase in stroke survival rates may well increase the
number of stroke victims in need of rehabilitation services.
The demand is even more pressing if the many neurolo-
gical injuries other than stroke are considered. This
situation creates both a need and an opportunity to deploy
technologies such as robotics to assist recovery. This
chapter focuses on the use of robotics to aid recovery after
stroke, but the knowledge and know-how may apply
similarly to other diseases and afflictions.

The expected surge, in demand for services will place
unprecedented stress on health-care professionals.
Although skilled clinicians can achieve remarkable re-
sults using even rudimentary tools, the limitations of
what may be achieved with their existing ‘‘toolbox’’ is
rapidly approaching. On top of that, critics of present
practice argue that 75 years of research and practice in
rehabilitation therapy have resulted in few unequivocal
results showing how best to maximize positive outcomes
for stroke survivors. Rehabilitation practice remains an

art rather than a science. Practitioners have hypothesized
a multitude of variables that influence outcome, but little
is known about their independence, interaction, and ac-
tual impact on outcomes.

As in many other fields, the march of progress ema-
nates from punctuated moments. One such moment oc-
curred in the last decade when it was posited that
interactive robots would prove effective for delivering
therapy to rehabilitation patients and evaluating their
progress. This chapter presents this new class of inter-
active robotic devices, together with an assessment of
their potential to influence how rehabilitation medicine
will be practiced in the twenty-first century.

This chapter does not address earlier applications of
robotics in rehabilitation to serve as assistive technology
for a disabled individual (e.g., vehicular adaptations,
powered orthoses, and prostheses), which have been con-
sidered elsewhere (3,4). This chapter focuses solely on
robots that support and enhance the productivity of
clinicians in their efforts to facilitate a disabled indivi-
dual’s recovery. An overview of existing rehabilitation
robots for the upper and lower extremity is presented
and technology limitations, design choices, and clinical
results are discussed. The authors focus then on that own
clinical results and conclude by examining some questions
about the biology of neuro-recovery.

2. TECHNOLOGY OVERVIEW

Robotics can revolutionize rehabilitation medicine by
harnessing technologies to assist, enhance, and quantify
recovery—particularly neuro-rehabilitation. Unlike prior
work, which used robotics as an assistive technology for
the disabled (conceptually, a ‘‘smart’’ crutch), robotic
therapy uses the technology to support and enhance
clinicians’ productivity as they try to facilitate a disabled
individual’s recovery. Therapy robots are a new class of
interactive clinical tools for evaluating patients and deli-
vering meaningful therapy (e.g., via engaging ‘‘video
games’’). Robotic and information technologies enable an
overdue transformation of rehabilitation clinics from pre-
industrial manual operations to technology-rich activities.
Robotic aids may eventually enable efficient delivery of
routine physical and occupational therapy, and provide a
rich stream of data to assist in patient diagnosis, custo-
mization of therapy, and maintenance of patient records
(both in the clinic and at home).

Applications of robots to therapy are fairly recent. A
MEDLINE search prior to 1990 will show no papers on
robotic therapy (as defined above). In the last 5 years, the
field of robotic therapy has seen sustained growth parti-
cularly in recent years. For example, tracking the approx-
imate number of robotic therapy papers submitted to the
International Conference on Rehabilitation Robotics from
1997 to 2005 demonstrates a sharp increase in the latest
ICORR 2005 (July, Chicago), including 96 out of 121
accepted papers (see Fig. 1).
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3. UPPER EXTREMITY ROBOTIC THERAPY

Most stroke victims are hemi-paretic, which means they
have suffered an injury to one side of the brain, which has
affected the opposite side of the body. For the upper
extremity, Erlandson described a patented robotic ‘‘smart
exercise partner’’ in which the recovering stroke patient
was to execute general spatial motions specified by the
robot (5,6). The robot did not manipulate patients’ limbs,
but moved to different positions in space once the patient
succeeded in touching a switch at the robot’s end. A
questionnaire evaluating 5 patients’ and therapists’ per-
ception of the system reported positive results (5,6). How-
ever, the smart exercise partner is limited to patients able
to move independently or use the other (contra-lateral)
limb to move and guide the impaired limb (known as self-
ranging). Several other devices also require the ability of a
patient to move independently. Rosen’s 3D controllable-
brake device is an example (7). The device targets repeti-
tive movement of the shoulder and elbow with the con-
trollable brakes directing patients’ movement. No clinical
trials with the device beyond a proof of concept were
reported. Rahman’s functional upper limb orthosis, the
WREX (Wilmington Robotic Exoskeleton), used springs to
counterbalance limb weight, allowing weaker limbs to
express movement (8). This system is particularly suited
for children with muscular dystrophy, spinal muscular
atrophy, arthrogryposis, and spinal cord injury. Burdea’s
pneumatically-actuated glove places small pneumatic cy-
linders in the palm of a glove worn by the patient (9).
Closed-loop control enables a haptic perception of object
manipulation as patients close and curl their fingers
around a virtual object.

A robot’s ability to manipulate the limb is essential for
the most impaired patients. Of the academic research in
progress, most centers have elected to adapt or reconfigure
industrial robots for use in this application (see Fig. 2).
Lum described the design and application of robotic-
assistive devices focused on bimanual tasks to promote
motor recovery (10,11). More recently, Lum et al. used a
commercial PUMA robot augmented by improved sensors

to implement the MIME (Mirror Image Movement En-
abler) system, in which the robot moves the impaired limb
to mirror movements of the contra-lateral limb (12–14).
They compared bimanual robot therapy with an equal
duration of NDT (Neuro Developmental Technique) ther-
apy. Their results for 27 chronic-phase stroke survivors
(13 robot-treated, 14 ‘‘control’’ subjects receiving NDT
therapy) who had 24 therapy sessions spread over 2
months suggested that subjects experiencing robotic ther-
apy fared better than the control group with an improve-
ment of roughly 3 points in the Fugl-Meyer scale (out of a
maximum of 66) from admission to discharge (12). More
recently, these researchers concluded two other trials
(personal communication). The first trial involved 30
subacute patients1. The goal was to compare unilateral
robotic therapy (i.e., of a single hemi-paretic arm) with a
bimanual approach (i.e., involving both arms). The trial
also included a group with combined unilateral and
bimanual therapy and a control group receiving NDT
therapy. The group receiving unilateral robot therapy
outranked the bimanual therapy group by 2:1 (a change
of 8.5 versus 3.8 on the Fugl-Meyer scale). The group
receiving combined unilateral and bimanual therapy im-
proved as much as the unilateral group (a change of 7.6
points on the Fugl-Meyer scale) and showed a slightly
better performance in terms of synergistic movements.
Lum et al. also extended therapy to the acute2 case.
Thirty-six inpatients3 were distributed among three
groups that received 1 or 2 sessions of robot therapy per
day or a nonrobotic control treatment (NDT). Changes of
the shoulder-and-elbow sub component of the Fugl-Meyer
scale (maximum score 42) were 4.3, 9.2, or 6.6 for 1 robot
session, 2 robot sessions, and control treatment (NDT),
respectively. Lum et al. recent results support the authors
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Figure 1. Tracking the growth history of a field. Papers were separated into robotic therapy and
other topics based solely on paper titles. 

1The subacute period corresponds approximately to 1 to 5 months
post-stroke.
2The acute rehabilitation period corresponds approximately to 10
to 30 days post-stroke
3Inpatients are defined as patients receiving intensive rehabilita-
tion care in a rehabilitation hospital.
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initial hypothesis (based on the observation that most
strokes confine injury to one side of the brain, rendering
the contra-lateral limb paretic) that unilateral therapy
might be preferable to bimanual therapy, but significant
further research is needed.

Although adapting or reconfiguring industrial robots
appears to be a reasonable approach, it suffers from a
critical drawback: Some twenty years of experience with
industrial robots has shown that low impedance compar-
able with the human arm cannot practically be achieved
with these machines. As a result of their electro-mechan-
ical design and control architecture, commercial robots
are essentially position-controlled machines that do not
yield easily under the action of external forces. Active
force feedback control can be used to enhance robot
responsiveness, but it is not sufficient to produce the
‘‘back-drivability’’ (low mechanical impedance) required
to move smoothly and rapidly in compliance with a
patient’s actions (15–17). Mechanical Impedance (Z) may
be defined as the ratio of the force the robot returns (F) in
response to an imposed velocity (

.
x) or:

Z¼
F
.
x

ð1Þ

Mechanical Impedance is a property of the robot alone.
To guarantee an interactive behavior of the machine and
to allow weaker patients to express movement, this im-
pedance must be low. Active force feedback can somewhat

reduce the intrinsic impedance of the device, but as the
controller gains increase, interactive stability is compro-
mised. Typically, one should not expect to reduce a device’s
intrinsic inertia by more than a factor of two with active
force feedback. A patient trying to express movement
would encounter little steady-state resistance to limb
position but would feel as if her/his hand is moving in
molasses.

In contrast to commercial robotic technology, the MIT-
MANUS robot was specifically designed for clinical neu-
rological applications (18). MIT-MANUS is configured for
safe, stable, and compliant operation in close physical
contact with humans, which is achieved using impedance
control, a key feature of the robot control system (19). Its
computer control system modulates the way the robot
reacts to mechanical perturbation from a patient or clin-
ician and ensures a gentle compliant behavior (techni-
cally, a low and controllable impedance). Operationally, a
low impedance means that the robot can ‘‘get out of the
way’’ as needed. It can, therefore, be programmed to allow
the recovering stroke survivor to express movement, in
whole or in part, even when the attempts are weak or
ataxic. Other backdriveable designs are now beginning to
appear. At the time of writing, in addition to MIT-MANUS,
Reinkensmeyer’s ARM-Guide (20) and Furusho’s EMUL4

Figure 2. Variety of upper extremity robots: left column top panel shows Lum’s MIME shoulder-
and-elbow PUMA robot (a), left column bottom panel shows Furusho’s EMUL robot (d), center
column top panel shows the MIT-MANUS shoulder-and-elbow robot (b), center column bottom
panel shows MIT’s wrist robot (e), right column top panel shows MIT’s antigravity robot (c), and
right column bottom panel shows MIT’s shoulder-and-elbow and wrist robots integrated (f). 

4Supported by NEDO – New Energy and Industrial Technology
Development Organization a semi–governmental organization
under the Ministry of Economy, Trade and Industry of Japan.
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(21), are the only other backdriveable therapy devices that
have been tested with 10 or more stroke patients. The
ARM-Guide has one active backdriveable degree-of-free-
dom that can be oriented in different directions. Furusho
recently completed a three degree-of-freedom rehabilita-
tion system and tested it with six chronic stroke patients
(providing treatment 3 times per week for 6 weeks) (21).
Furusho also recently completed the design of a prototype
system with six degrees-of-freedom (three translations of
the shoulder and arm and three rotations of the wrist)
(22).

4. LOWER EXTREMITY ROBOTIC THERAPY

There has been significant interest over the last two
decades in a procedure originally suggested by Finch
and Barbeau for training human walking using a tread-
mill and body weight support system (body weight sup-
ported treadmill training, BWSTT) (23–25). A few other
groups developed and tested similar procedures with
promising results (26,27). Teaching walking skills during
treadmill rehabilitation requires that at least two thera-
pists be assigned to each patient undergoing a treadmill
session. One therapist holds the foot flat and moves the
patient’s impaired limb, while the other therapist moves
the patient’s waist in order to transfer his or her weight
from one leg to the other. The goal is to simulate indepen-
dent walking and to awaken or reinforce dormant loco-
motor central pattern generators. This process is
physically demanding and fatiguing for the two (and
sometimes three) therapists assigned to each patient
undergoing a treadmill session, as synchronization and
coordination of lower limb trajectory and weight shifting
must be achieved and maintained at a pace forced by the
treadmill.

As BWSTT is such a labor-intensive procedure, auto-
mation technology may play a useful role:

* It enables precise timing and coordination of the
complex leg and body motion patterns required for
walking;

* It is not subject to limitations because of therapist
fatigue;

* It enables better control and definition of motor
activity delivered to the patient.

This fact may be especially beneficial if, as present evi-
dence indicates, recovery from neural injury is based on
activity-dependent neural plasticity. If so, significant re-
covery of motor function may require properly targeted
sensory-motor activity, and the dosage precision and con-
trol afforded by robotics may be uniquely effective, espe-
cially the robot’s ability to be programmed to simulate
different activities as may be required by different types
and extents of neural injury.

Most lower extremity robots have primarily attempted
to automate different aspects of therapists’ actions, either
manipulating the foot, leg, ankle, or pelvis. Of the most
mature lower extremity devices, Hesse’s Gait Trainer
(GTI) manipulates the foot via a moveable footplate that

moves in a fixed pattern (28). The GTI has amassed the
largest body of clinical evidence including a recently
concluded multisite study (DEGAS, Deutsche Gangtrai-
ner Studie) with 155 acute stroke patients receiving either
conventional physical therapy or conventional therapy
plus GTI therapy (personal communication). Both groups
trained for the same amount of time and the GTI-trained
group fared better than those receiving conventional
therapy. Hesse’s new device, the HapticWalker, continues
the design philosophy of manipulating the foot via a
footplate, now fully controllable in three degrees of free-
dom (29). An elegant lower extremity device is Colombo’s
Lokomat, an exoskeletal device, which manipulates the
legs (hip and knee) in the saggittal plane (30). Although
positive, most of the present clinical evaluation of the
Lokomat is based on small pilot studies. However, with the
recent purchase of 10 systems by the Veterans Adminis-
tration, we expect clinical data on the effectiveness of
these devices to increase significantly in the near future.
Complementing these earlier gait trainers, which manip-
ulate the foot or leg, Reinkensmeyer is developing a robot
to manipulate the pelvis (PAM). MIT is also developing
robots for gait training. The authors’ first efforts focused
on a robot to manipulate the ankle. At present, no clinical
data exists on the effectiveness of these devices.

A comparison of the different robots discussed above
(Figs. 2 and 3) illustrates interesting design choices. Let’s
conclude the technology overview focusing on three of
these design choices:

* Fixed-base versus Exoskeletal Architecture
* Actuated Degrees-of-Freedom
* End-effector

5. FIXED-BASE VERSUS EXOSKELETAL ARCHITECTURE

One of the most important design choices in therapeutic
robotics contrasts fixed-base with exoskeletal architec-
tures. For example, all the upper extremity devices shown
in Fig. 2 have a configuration with the robot fixed on a
base, except for MIT’s wrist robot that is an exoskeletal
device. Conversely, for the lower extremity devices shown
in Fig. 3, all the devices have exoskeletal features, except
for Hesse’s GTI and HapticWalker. Many reasons to
support one choice or the other exist and the authors
goal is not to discuss them exhaustively, but rather to
present two key aspects that guide the choices at MIT: (1)
range of motion required during poststroke training, and
(2) the coordinate frame.

5.1. Range of Motion during Post-Stroke Training

Clinical experience has suggested that we must not oblige
ourselves to develop robots capable of exercising the full
range of motion of the human species, which is unequi-
vocally beyond a stroke survivor’s ability. After a stroke,
the goals are far more modest. Rather than retrain to the
performance of an Olympic athlete, our more modest goal
is to promote patients to the next stage of recovery (i.e.,
retrain a patient with severe motor impairment to achieve
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the moderate ability level, and a patient with moderate
impairment to achieve the mild ability level). Devices may
also prove useful for patients with mild motor impair-
ment, but that direction has not been fully explored
because one might expect that these patients may elect
to pursue further improvement outside the constraints of
a robotic gym. Therefore, the target range of motion for
therapeutic robots is set in a far more limiting span than
the allowable range of motion of the human species. For
example, incorporated into the design of the antigravity
module (see Fig. 2) are therapists’ suggestions that mean-
ingful functional reaching movements often occur in a
range of motion close to shoulder scaption. Thus, the
antigravity module focuses on movements within the 45o

to 65o range of shoulder abduction and from 30o to less
than 90o of shoulder elevation or flexion (typically, each
point-to-point movement extends to no more than 18
inches). The total span from the maximum flexion to
maximum extension has been of the deciding factor in
our choice between fixed-based and exoskeletal configura-
tions with the transition occurring between 45o to 60o. For
example, the shoulder-and-elbow MIT-Manus employs a
fixed-base configuration to cover a workspace of 15 by 18
inches, in contrast to the wrist robot, which uses an
exoskeletal configuration that allows 601/601 of flexion/
extension (i.e., 1201 range), 201/301 of abduction/adduc-
tion, and 751/751 of pronation/supination (i.e., 1501 range).

(a) (b)

(c) (d)

(e) (f)

Figure 3. Variety of lower extremity robots:
left column top and middle panels show Colom-
bo’s Lokomat (a and c), left column bottom panel
shows Hesse’s and Schmidt’s HapticWalker (e),
right column top panel shows Hesse’s GTI (b),
right column middle panel shows Reinkens-
meyer’s PAM and POGO (d), and right column
bottom panel shows MIT’s anklebot (f). 
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5.2. Coordinate Frame

Upper extremity movements can be described as com-
posed of two distinct phases: transport of the limb to a
target and manipulation of an object. Transport of the
limb to a target is typically carried out by the most
proximal segments of the upper extremity and defined in
world coordinates (i.e., a coordinate frame fixed with
respect to the environment), whereas object manipulation
is typically carried out by more distal segments and
defined in terms of generalized coordinates of the distal
segment (i.e., the coordinate frame is fixed with respect to
the distal segment). The choice of coordinate frame con-
stitutes another deciding factor in the choice between
fixed-base and exoskeletal configurations with the planar
MIT-Manus transporting the arm to positions defined in
world coordinates using a fixed-base architecture, and the
wrist robot involved in the manipulation phase using an
exoskeletal architecture.

6. ACTUATED DEGREES-OF-FREEDOM

A less obvious design choice relates to the number of
active degrees-of-freedom. For example, Lum’s MIME
shoulder-and-elbow PUMA robot actively manipulates
not just the shoulder-and-elbow, but also the hand orien-
tation. The authors’ design philosophy is distinct and the
devices are purposefully under-actuated. For example, the
MIT-Manus provides a passive rotational degree-of-free-
dom at the tip of the device allowing the patient’s hand to
freely rotate. Likewise, the anklebot has two active de-
grees-of-freedom for plantar/dorsiflexion and inversion/
eversion and a passive degree-of-freedom that allows for
passive abduction/adduction of the ankle. The choice of
under-actuating a device has the obvious merits of redu-
cing hardware complexity, but it also affords greater
flexibility during setup. Setup time is a potentially sig-
nificant drawback of any therapeutic robot. If it takes too
long to secure the spastic limb of stroke patients to the
device, the device will be eventually deemed inadequate to
treat the stroke population. It is of paramount importance
that any device be easy for the therapist and the patient to
use. To prevent daily use from becoming a chore for the
patient and the therapist, only a minimal amount of time
and effort must be required to attach and remove the
patient from the robot. In the MIT designs, the target
setup time was estimated at 2min maximum. An under-
actuated robot allows minimal setup time as small mis-
alignments of the joints do not compromise the patient’s
safety.

7. END-EFFECTOR

Although the choice between fixed-base and exoskeletal
architectures and the number of degrees-of-freedom are
primarily in the domain of engineers, the choice of end-
effector is appropriately an interdisciplinary exercise in
which clinicians properly have considerable influence on
the design choice. However, it is the authors experience
that although clinical expertise is remarkable in taking

proactive steps to avoid contractures or pinching nerve
points, the best choice of interfaces and end-effectors to
promote brain plasticity remains an empirical question.
To support this assertion, the authors relate that during
their initial studies they employed a ‘‘creative ad-hoc free-
hand’’ protocol incorporating ‘‘best therapy practices’’ as
proposed by clinical colleagues in which an under-actu-
ated patient interface left the hand free for distal func-
tional tasks. MIT-Manus assisted in the transport of the
paretic shoulder and elbow to each target location and
stopped, so the patient could attempt to grasp, manipu-
late, and release actual objects. Therapist assistance was
provided as needed. A pilot study with 24 patients showed
that this robotic augmentation of best therapy practice led
to only half the improvement observed in patients receiv-
ing the same number of therapy sessions without the
ability to manipulate objects. For this second group, the
hand was placed on a support similar to the one shown in
Fig. 2 for Lum’s MIME, Furusho’s EMUL, or MIT-Manus.
It is recognized that the sample size was small and
believed that a number of factors may have contributed
to the results. Nevertheless, the results demonstrated that
should be assessed based on carefully acquired evidence.

8. CLINICAL RESULTS

Contrary to initial expectations, the major hindrance to
the development and deployment of therapy robots was
not engineering, but the lack of strong evidence support-
ing many current rehabilitation practices. In past applica-
tions of automation technology to augment productivity
and capacity, the roadmap was well defined. A comparison
between prior practice and technology-enriched methods
was generally straightforward. Not so in rehabilitation
medicine. Conventional practices are not well established,
in many circumstances lacking the support of empirical
evidence or any scientific basis. Therefore, the biggest
hurdle in the development of rehabilitation robotics is the
validation of movement therapy per se. This additional
challenge is perceived as an opportunity, because robots
provide an ideal platform for objective, reproducible and
continuous measurement, and control of therapy. Therapy
robots have been used to deliver reproducible and con-
trolled therapy, assisting clinicians to determine whether
movement therapy has a genuine impact on brain plasti-
city and neurological recovery following stroke. In what
follows, results of clinical studies with over 300 persons
diagnosed with stroke are reviewed. This research has
provided strong evidence that nurture has a positive effect
on nature, in that robotic therapy for the paretic limb
appears to harness and promote neuromotor recovery and
learning following stroke. Results of clinical trials with
inpatients and outpatients, which showed that movement
therapy has a positive effect on both phases of recovery,
will be reviewed. The effect of different software and
hardware will be surveyed, which highlights the urgent
need for further research to determine how best to tailor
therapy to meet each individual patient’s needs, the ‘‘holy
grail’’ of robotic therapy.
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9. DOES MOVEMENT THERAPY INFLUENCE STROKE
RECOVERY? AN ACUTE REHABILITATION PERSPECTIVE

Volpe reported the composite results of robotic therapy
with 96 consecutive stroke inpatients admitted to Burke
Rehabilitation Hospital (White Plains, NY) who met in-
clusion criteria and consented to participate (31–36). In-
clusion criteria were diagnosis of a single unilateral stroke
within four weeks of admission to the study; the ability to
understand and follow simple directions; and weakness in
the paretic arm. All participants received conventional
neurorehabilitation during their participation in the
study.

It is important to emphasize that the immediate goal of
these initial studies was to provide one group of patients
as much movement therapy as possible to address a
fundamental question: Does goal-oriented movement ther-
apy have a positive effect on neuromotor recovery after
stroke? A long-range goal of subsequent and ongoing
research is to examine the mechanism(s) underlying the
effect of robot-based neuromotor rehabilitation on cortical
and subcortical reorganization and, ultimately on motor
recovery in persons with neurologically based impair-
ments; but first, whether there was an effect worth study-
ing had to be tested.

Patients were randomly assigned to either an experi-
mental (robot-trained) or control (robot exposure) group.
Individuals in the robot-trained group were seen for five
1h sessions each week, and participated in at least 25
sessions of sensorimotor robotic therapy for the paretic
arm. Patients were asked to perform goal-directed, planar
reaching tasks that emphasized shoulder and elbow move-
ments with their paretic arm. When the patient was
unable to reach toward a designated target during ther-
apy, the robot provided movement assistance. MIT-
MANUS’ low-impedance control guaranteed that the robot
would not suppress attempts to move. When a patient
deviated from the desired path or could not move, the
robot provided a soft assisting force dictated by an im-
pedance controller (19). This robot action (which was
dubbed sensorimotor therapy) was similar to ‘‘hand-over-
hand’’ assistance that a therapist provides during conven-
tional therapy.

Although the robot exposure (control) and robot-treated
(experimental) group were comparable on admission sen-
sory and motor evaluations and on clinical and demo-
graphic scales, and both groups were inpatients in the
same stroke recovery unit who received the same standard

care and therapy for comparable lengths of stay, the
control group had different experience with the robot.
Individuals assigned to the robot exposure (control) group
were seen for only 1h per week during their inpatient
hospitalization. Patients were asked to perform the same
planar reaching tasks as the robot therapy group. How-
ever, when the subject was unable to reach toward a
target, he or she could assist with the unimpaired arm
or the technician could help to complete the movement. In
this group, the robot did not actively assist the patient’s
movement attempts, so this served as a form of ‘‘placebo’’
of robotic movement therapy: All aspects of robotic treat-
ment were provided except assistance to move. The robot
was also used as an evaluation tool for participants in both
groups, measuring both the ability to move independently
and the strength of the paretic arm.

Therapists who evaluated motor status did not know to
which group patients belonged. Standard clinical evalua-
tions included the upper extremity subtest of the Fugl-
Meyer Assessment (FM, maximum score¼ 66) from which
was derived a Fugl-Meyer score for shoulder/elbow coor-
dination (FM-SE, 42 out of 66); the MRC Motor Power
score for four shoulder and elbow movements (MP, max-
imum score¼ 20); and the Motor Status Score, which is
divided into two subscales, one for shoulder and elbow
movements (MS-SE, maximum score¼ 40), and a second
for wrist and hand abilities (MS-WH, maximum score¼
42) (37–40). The Fugl-Meyer test is a widely accepted
measure of impairment in sensorimotor and functional
grasp abilities. To complement the Fugl-Meyer scale, the
Motor Status Scale was developed to further quantify
discrete and functional movements in the upper limb.
The MS-SE and MS-WH scales expand the FM and have
met standards for interrater reliability, significant intra-
class correlation coefficients, and internal item consis-
tency for inpatients

Although the patient groups were comparable on all
initial clinical evaluation measures, the robot-trained
group demonstrated significantly greater motor improve-
ment (higher mean interval change7sem) than the con-
trol group on the MSS S/E and Motor Power scores (see
Table 1). In fact, the robot-trained group improved twice
as much the control group in these measures. Notably,
these gains were specific to motions of the shoulder and
elbow, the focus of the robot therapy. No significant
between-group differences existed in the mean change
scores for wrist and hand function, although a trend
favoring the robot-trained group existed. Likewise, no

Table 1. Burke Inpatient Studies (n¼96) Mean Interval Change in Impairment and Disability (Significance po0.05)

Between Group Comparisons: Final Evaluation Minus Initial Evaluation Robot Trained (N¼55) Control (N¼41) P-Value

Impairment Measures (7sem)
Fugl-Meyer shoulder/elbow(FM-se) 6.771.0 4.570.7 NS
Motor Power (MP) 4.170.4 2.270.3 o0.01
Motor Status shoulder/elbow (MS-se) 8.670.8 3.870.5 o0.01
Motor Status wrist/hand (MS-wh) 4.171.1 2.670.8 NS
Disability Evaluation
Functional Independence Measure (FIM) 32.0 7 5.0 25.5 7 6.5 NS
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significant between-group differences existed in perfor-
mance on the Functional Independence Measure (FIM),
used to indicate changes in the level of function and
disability.

10. DOES MOVEMENT THERAPY INFLUENCE STROKE
RECOVERY? A CHRONIC REHABILITATION PERSPECTIVE

The current state of knowledge about motor recovery post
stroke indicates that the majority of gain in motor abilities
occurs within the first three months after stroke onset,
and that over 90% of motor recovery is complete within
the first five months. These data were based on the effects
of general rather than task-specific treatments during the
recovery period post stroke. Recently, these working with
different robotic devices have demonstrated that task-
specific robotic therapy to improve upper limb motor
abilities can reduce chronic motor impairments 6 months
after stroke and beyond (10–14,41–47).

Thirty-two community-dwelling volunteers in the
chronic stage of stroke recovery were recruited (mean
duration from stroke to robotic therapy 2.2 years), who
responded to information they had obtained from media
sources about the robotic training experiments at Spauld-
ing Rehabilitation Hospital. Patients received 1h of ro-
botic therapy 3 times per week for 6 weeks. As in the
inpatient studies, a single control scheme was used to
deliver therapy to these patients (sensorimotor therapy,
described above). The robot was also used as an evaluation
tool, measuring both the ability to move independently
and the strength of the paretic arm.

Prior to engaging in robotic therapy, outpatients were
assessed on three separate occasions to test whether they
had, in fact, reached the ‘‘stable phase’’ of recovery where
no further spontaneous improvements in performance
occur. The primary outcome measures were the Fugl-
Meyer and Motor Power scores. Analyses revealed no
statistically significant differences among any of the pre-
treatment clinical evaluations, indicating the stability of
chronic motor impairments in this subject group. Despite
clear evidence that these patients were firmly within the
chronic phase of recovery after stroke, Table 2 shows the
observed changes from admission to discharge from ro-
botic therapy (45–47).

It is hypothesized that motor recovery after stroke
shares characteristics with motor learning, and these
results support that hypothesis. Specifically, a prominent
characteristic of motor learning is its saltatory nature;
motor performance over time may exhibit distinct ‘‘pla-
teaus,’’ or periods of little or no change, interspersed
between periods of improvement. The findings suggest
that ‘‘stable phase’’ motor performance of persons with
stroke may be, in fact, such a ‘‘plateau’’; certainly they
show that even after performance has stopped changing in
response to conventional treatment, motor abilities can be
further improved using focused interventions such as
provided by a robot.

11. CAN WE TAILOR MOVEMENT THERAPY AND
INFLUENCE OUTCOMES? A CHANGE IN CONTROL
ALGORITHM

There is no reason to believe that a ‘‘one-size-fits-all’’
optimal treatment exists. Instead, movement therapy
should be tailored to each patient’s needs and abilities.
Robot-assisted therapy can be delivered in a variety of
ways to reduce motor impairment and enhance functional
motor outcomes. Goal-directed therapeutic ‘‘games’’ can be
designed to address motor impairments, including poor
coordination, impaired motor speed or accuracy, decreased
grasp or dexterity, and diminished strength, as well as
addressing cognitive or perceptual impairments. Depend-
ing on the survivor’s impairment and lesion, robotic aids
can provide passive (i.e., the robot moves the patient’s
arm), active-assistive (i.e., the patient attempts to move
and the robot assists when needed), active (i.e., the patient
has to move and the robot is taking a ‘‘ride’’), and active-
resistive exercises (i.e., the patient has to move and the
robot resists the move for strength training). They can
also deliver therapeutic approaches with no parallel in
conventional clinical practice, in which mathematically
generated force fields perturb the patient’s hand (48). The
understanding of what constitutes the most appropriate
therapy has the potential to become an intensively active
and productive topic of research.

To better understand the need to tailor therapy to
patients’ needs and abilities, consider typical examples
of unassisted patient movements shown in Fig. 4. This
figure illustrates quite well that different stroke lesions
can lead to quite different kinematic behavior during
reaching. The first patient can make rapid movements
but they are poorly aimed, whereas the second aims well
but moves slowly (32). It is hypothesized that a control
scheme that accounts for this variability would lead to
better outcomes than a ‘‘one-size-fits-all’’ approach.

The ‘‘working hypothesis’’ was that motor recovery
after stroke shares characteristics with motor learning.
If so, optimal outcomes may require a novel form of robot-
assisted therapy that both adapts to and challenges the

Table 2. Comparison of Mean Interval Change for
Outpatients at Spaulding Rehabilitation Hospital (N¼32 –
sensorimotor protocol). For all evaluations, higher scores
indicate better performance. Motor Power was only
evaluated for shoulder and elbow movements

Between Group
Comparisons:
Final
Evaluation
Minus Initial
Evaluation

Robot
Sensorimotor
Trained (N¼32)

Comparison
Admission to
Discharge P-
Value

Impairment Measures (7sem)
Fugl-Meyer (FM)

max/66
3.470.6 o0.01

Motor Power (MP)
max/40

2.570.4 o0.01
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patient, which may involve guiding the hand of a patient
who aims poorly without holding him/her back, yet assist-
ing other patients to make faster movements. To achieve
this degree of adaptation to the specific characterisitics of
individual patients, performance-based progressive ther-
apy was developed; the details are presented elsewhere
(49). In a study at the Burke Rehabilitation Hospital, 15
persons with similar impairment levels and traits tested
whether this approach would significantly change clinical
outcomes. If the clinical outcome using the performance-
based algorithm led to superior results, it would support
the hypothesis that motor recovery shares characteristics
with motor learning and that significant effort must be

applied to identify optimal therapy. Conversely, if this
more sophisticated approach yielded no discernible im-
provement over (robotic) sensorimotor therapy, the objec-
tive validity of clinical faith in the value of ‘‘task-
specificity’’ would be called into question.

Table 3 shows a comparison between outpatients re-
ceiving sensorimotor or performance-based control algo-
rithms with the same robot and task. The performance-
based treatment algorithm differs from the sensorimotor
therapy previously administered because the exercise
parameters were continuously modified according to the
individual’s performance (49). The performance-based
training achieved significantly better benefit, lending
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Figure 4. Reaching movements made by patients with corpus striatum lesion – CS (8.9 cm3) and
corpus striatum plus cortex lesion – CSþ (109.9 cm3). The left column shows a plan view of the
patients’ hand path attempting a point-to-point movement. The right column shows hand speed.

Table 3. Comparison between Different Forms of Therapy and Duration for Outpatients – (*) for Statistical Significance

Therapy Number of Subjects
Change in UE Fugl-Meyer

Admission to Discharge (/66)

Change in Shoulder-Elbow
MP Admission to Discharge (/

40)

Sensorimotor 32 3.4 (0.6) 2.5 (0.4)
Performance-Based 15 7.3 (1.3) 3.8 (0.6)

ANOVA *0.05signif. p¼0.02* p¼0.07
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strong support to the hypothesis that motor recovery
exhibits traits similar to motor learning.

12. GENERALIZATION OF IMPROVEMENT VERSUS
SPECIFICITY. A MODULAR APPROACH

A key aspect of Table 1 (above) is that although the
inpatient groups were comparable on initial clinical eva-
luation, the robot-trained group demonstrated signifi-
cantly greater motor improvement (higher mean interval
change7sem) than the control group on the Motor Status
Score MSS S/E. These gains were specific to motions of the
shoulder and elbow, the focus of the robot therapy. No
significant between-group differences existed in the mean
change scores on the Motor Status Scale for wrist and
hand function, which was not exercised. These results
support the idea of the need of a ‘‘gym’’ of devices to
exercise different limb segments, as the significant im-
provement appears to be localized to the group of muscles
or limb segments that were exercised, with limited gen-
eralization to other muscles or motions.

The authors have been developing such a gym of back-
drivable robots. Machines that are presently deployed in
clinics delivering daily therapy include the planar
shoulder-and-elbow, antigravity, and wrist robots
(32,50,51). These modules can be integrated into a single
device to provide multijoint therapy to improve motor
function.

It is important here to point out one of the key design
specifications: modularity. Experience with over 300
stroke patients has reinforced the importance of modular-
ity. Instead of designing a single robot with many degrees
of freedom that can manipulate multiple limb segments,
simple modules were designed that can manipulate clini-
cally relevant body segments (in ‘‘standalone’’ mode) but
can also be combined to deliver simultaneous multilimb
therapy. This feature is particularly useful as some pa-
tients may present with specific impairments (e.g., limited
wrist function) that may not require or benefit from a
device that manipulates the payload of all the degrees-of-
freedom of the arm. Appropriate therapy for these pa-
tients is likely deliverable by a single module (e.g., the
wrist robot) alone. Conversely, there may be patients for
whom different modules must be combined to deliver
coordinated proximal and distal therapy and carry the
payload of the human arm.

Two studies are in progress to test the hypothesis that
different modules are needed for effective recovery. So far,
14 community-dwelling persons with chronic impairment
because of stroke have been enrolled. Outpatients were
included if they met the following criteria: (a) single focal
unilateral lesion with diagnosis verified by brain imaging
(MRI or CT scans) that had occurred at least 6 months
prior; (b) cognitive function sufficient to understand the
experiments and follow instructions; (c) naı̈ve subjects
who had never experienced robot-assisted therapy; and
(d) informed written consent to participate in the study.
Patients were excluded from the study if they had a fixed
contraction deformity in the affected limb. Trials com-
menced only after baseline assessment across three con-

secutive evaluations, 2 weeks apart, showed a stable
condition as measured by motor impairment scales
(Fugl-Meyer FM and Motor Power MP). Patients qualified
for robot therapy were assigned to one of two groups:
Group A received 36 sessions (1 hour, 3 times per week for
12 weeks), which consisted of 6 weeks of planar shoulder-
and-elbow therapy using a performance-based protocol
similar to that previously described (44), followed by 6
weeks of an antigravity protocol described in Ref. 52;
Group B received the same number (36) of therapy ses-
sions (1 hour, 3 times per week for 12 weeks), which
consisted of 6 weeks of wrist therapy as described in Ref.
53 followed by 6 weeks of planar shoulder-and-elbow
therapy using a performance-based protocol similar to
that described previously.

13. SAME ARTICULATION: ADDITIONAL ANTIGRAVITY
THERAPY

The antigravity robotic protocols, like the planar study,
consisted of visually evoked and visually guided point-to-
point movements to different targets (along two vertical
lines), with some robotic therapy games providing me-
chanical assistance and others visual feedback only. The
protocol incorporated therapists’ suggestions: (a) robot
therapy focused on encouraging subjects to initiate move-
ment against gravity with their hemiparetic arm begin-
ning in a position of slight shoulder flexion (elevation) and
scaption; (b) functional reaching movements in a range of
motion close to shoulder scaption; (c) no support provided
at the elbow; and (d) a deliberately simple visual display,
as more complex displays proved difficult for our popula-
tion of stroke survivors to follow. Thus, the robotic therapy
protocols with the spatial robot focused on movements
within 45o to 65o of shoulder abduction and 30o to 90o of
shoulder elevation or flexion. This sector is considered
‘‘safe’’ for the shoulder joint because it avoids gleno-
humeral impingement that may occur when attempting
to elevate the paretic limb to higher levels of shoulder
elevation (52).

At the time of writing, nine outpatients have completed
the study. Table 4 shows the results for the shoulder-and-
elbow subcomponent of the upper extremity Fugl-Meyer
scale and Modified Ashworth scale. This pilot study
showed that the protocol was safe and well-tolerated by
patients (always a critical concern with any new therapy)
with no patient presenting any adverse effect such as
shoulder pain (a common side-effect of conventional ther-
apy). Beyond that, the results of this pilot study indicate
that an additional reduction of shoulder-elbow impair-
ment was provided by the antigravity vertical therapy.
In fact, for these nine patients, the impairment reduction
following the vertical therapy phase was comparable with
the reduction following the planar phase (5.2% for vertical
therapy vs. 5.0% for planar therapy as measured by the
shoulder-elbow subcomponent of the Fugl-Meyer scale5).
As mentioned earlier, the design of this protocol incorpo-

5albeit without achieving statistical significance in this pilot
study.
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rated therapists’ opinions; interestingly, during the anti-
gravity training protocol, no reliable increase in muscle
tone or spasticity was observed, as indicated by the
Modified Ashworth scale; (actually, the trend in 8 out of
9 patients was toward a decrease in tone). Although
evidence suggests that the presence of tone or spasticity
is not the primary impairment underlying poor motor
function after stroke (54–56), hypertonia or increased
activity in the antagonist muscle is undesirable. Note
also that, consistent with past experience of persons
with chronic stroke, a statistically significant reduction
in tone measurement from admission to discharge of the
planar robot therapy exists. Although the benefits of
additional antigravity therapy did not achieve statistical
significance, it is likely because of the small sample size in
this pilot study (9 outpatients). It is anticipated that a
modest increase of sample size will demonstrate statisti-
cally significant improvement for the shoulder and elbow
component of the antigravity therapy.

14. ACROSS ARTICULATIONS: ADDITIONAL WRIST
THERAPY

Functional reaching tasks involve two components: trans-
port of the upper limb toward a target object or location,
and grasp or manipulation. Specifically, these components
involve active control of scapular and shoulder motions
during transport (particularly shoulder flexion, abduction,
and adduction), as well as movements of the forearm and
wrist that orient the hand and provide stability and
control during grasping and holding tasks, specifically
supination/pronation and wrist extension/flexion (57).
Although recent efforts have contributed to a greater
knowledge of cortical control during normal reaching
movements (58,59), little attention has been paid to the
cortical areas that are responsible for proximal vs. distal
control. Based on research in children with pyramidal
lesions (60) and primate studies (61,62), Shumway-Cook
proposed that two separate descending pathways are
responsible for reach and grasp (63). This research implies
that midbrain and brainstem pathways, such as the red
nucleus and reticular nuclei, may be involved in the
control of the proximal muscles responsible for limb
transport during reach, whereas pyramidal pathways
contribute to more distal, fine motor control and grasp.
As persons with motor control impairments after stroke
can exhibit difficulties in one or both aspects of reach, it
might be clinically useful to examine the effects of focused
proximal vs. distal therapy on motor recovery.

To compare the effects of specifically training proximal
versus distal limb segments, the authors have recently

begun an NIH-sponsored study at the Burke Rehabilita-
tion Hospital in which they recruited naive persons with
chronic impairments after stroke according to inclusion
criteria described previously. Patients qualified for robot
therapy were randomly assigned to one of four groups:

1. 6 weeks of robot-delivered wrist therapy followed by
6 weeks of shoulder-and-elbow therapy using the
planar robot (3 times per week: 36 sessions).

2. 6 weeks of shoulder-and-elbow therapy followed by 6
weeks of wrist robot therapy (3 times per week: 36
sessions)

3. 12 weeks of alternating shoulder-and-elbow and
wrist therapy (with at least 24h between alterna-
tions) using the planar and wrist robots in standa-
lone mode (3 times per week: 36 sessions).

4. 12 weeks of therapy with half of the session focusing
on shoulder-and-elbow therapy and half of the ses-
sion focusing on the wrist therapy (3 times per week:
36 sessions) using the planar and wrist robots in
standalone mode.

This chapter reports preliminary results of this study
with five stroke outpatients at the completion of stage 1).
Admission Fugl-Meyer (max/66) for these 5 patients was
33714.7 with a range in the three pretreatment evalua-
tions of 19.5 to 42.3. Table 5 shows the results for the
shoulder-and-elbow and wrist-and-fingers subcomponents
of the UE Fugl-Meyer. Figure 5 shows a sample run of a
video game performed by a pilot study patient while
moving without constraint toward the targets. Although
the small sample size (five subjects) prohibits meaningful
statistical analysis, it appears that larger gains in clinical
scores were specific to motions exercised during the
particular 6-week period and not to the unexercised limb
segment (64).

15. MEASURING TOOL: USING ROBOT-DERIVED
QUANTITATIVE ANALYSIS

The standard assessment procedures listed above are
human-administered, which may mitigate their reliability
and effectiveness. Instrumentation on board the robot
records kinematic and force data that may facilitate
assessment procedures with improved objectivity, repeat-
ability, precision, and ease of application. A robot assay
has been developed to evaluate changes in kinematic and
kinetic variables during unconstrained point-to-point
movements, including displacement, duration, deviation
from a straight line, aim, mean speed, peak speed, mea-

Table 4. Antigravity Module Pilot Study

Timeline N¼9 A – Admission B—Discharge from planar robot protocol C—Discharge from antigravity protocol

F-M s/e (/42) shoulder & elbow 12.771.6 14.872.0 (p¼0.03, S) 17.071.9 (p¼0.19, NS)
Ashworth 8.071.4 4.970.99 (po0.03, S) 4.471.01 (p¼0.67, NS)

Results from nine outpatients that continued for an additional 6 weeks of therapy with the vertical robotic module. Statistical tests showed that outcomes at

discharge from the planar robot protocol were distinct from admission (B vs. A), and existed a trend favoring further improvement when comparing discharge

from the antigravity protocol with discharge from the planar protocol (C vs. B).
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sures of smoothness (such as ratio of mean-to-peak speed,
jerk, analysis of submovements), tone, and forces applied
and power exchanged during constrained movements. Of
particular interest is that robot-aided assessment proce-
dures may also provide new insight into the process of
recovery.

One striking example is presented in the Fig. 6 below,
which shows a sample of data recorded from a 54-year-old
woman who sustained right hemiparesis after a left mid-
dle cerebral artery ischemic infarct 2 weeks prior to entry
into the robotic rehabilitation study. On admission, she
had a flaccid right arm; she was able to elevate and rotate
her proximal upper extremity but she could not flex or
extend her elbow or move her wrist or fingers. Although
she remained in this severely impaired state for 6 weeks,
she was able to participate in sensorimotor therapy with
the assistance of the robot. She began to recover move-
ment in her hemiparetic arm at 6 weeks and was eval-
uated at 7, 9, and 11 weeks following stroke. The left
column of Fig. 6 shows a plan view of the patient’s hand
path when attempting to draw a circle. The right column
shows the tangential speed of the hand path plotted
against time. Note that the initial movements (at 6 weeks
when she started to recover movement) were highly
segmented (the tangential speed drops nearly to zero
between adjacent peaks) as though composed of a se-
quence of submovements.

We found similar evidence of these characteristic sub-
movements when analyzing the kinematic profile of the
initial movements of recovering inpatients. The speed
profiles of the first 20 consecutive inpatients of the study
described earlier (96 inpatients) were examined with
single focal brain lesions either in the cortex, subcortex,
or basal ganglia. The authors had a serendipitous oppor-
tunity to examine whether submovements were apparent
in persons with other neurological disorders by testing a
patient who survived a cardiac arrest resulting in global
cerebral ischemia, and who had action myoclonus. Pa-
tients were asked to perform simple point-to-point reaches
and their first attempts to move were registered. When
the recorded speed profiles were normalized to the max-
imum speed of the set, they revealed a remarkably con-
sistent pattern suggesting a kinematic, not temporal,
characteristic. A detailed analysis showed that the hand
speed profile for a single submovement was essentially
identical (within a scaling factor) among these different
patients (65). This result is particularly surprising as the
neurological damage was very variable affecting distinct
brain structures. It is speculated that this submovement
may be a primitive building block of all human move-
ments. Note that this serendipitous observation is very
similar to many others including a century-old conjecture
in motor neuroscience (66), which postulates that move-
ment is composed of a sequence of segments or submove-
ments, each with a bell-shaped velocity profile. Evidence

Table 5. Clinical Scores of the Wrist Module Pilot Study with Five Naive Outpatients. The Total Fugl-Meyer Change in 12
weeks for these 5 Patients was 10.674.7

Timeline Wrist 6wks Planar
6wks N¼5

Change Admission to
Discharge of Wrist Therapy

(mean7sem)

Change Admission to
Discharge of Planar Therapy

(mean7sem) Total Change (mean7sem)

F-M s/e (/42) – shoulder &
elbow

1.870.8 2.271.0 4.071.8

F-Mw/h (/24) – wrist & hand 5.872.6 0.870.4 6.672.9
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Figure 5. Benefits of wrist therapy. Graphs show changes in wrist movement while moving
unconstrained toward targets at admission (left) and discharge (right) for one pilot patient. Note
the improvement in range of motion as well as coordination.
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of discrete submovements has been seen in movements
made by recovering stroke patients (65) and healthy
subjects alike (67,68). Complex movements have been
decomposed into submovements as an analysis tool (69–
72) with apparent success. Although the existence of
submovements has not been demonstrated unequivocally,
they appear to account for many patterns in human
movement (73,74). A working hypothesis was proposed
that this kind of ‘‘quantization’’ is a basic feature of human
motor behavior, and this hypothesis was used to develop a
robot-aided assessment procedure.

In addition to submovements, changes in movement
smoothness have been commonly observed as well. Move-
ment smoothness has been used as a measure of motor
performance of both healthy and stroke subjects (32,42).
Smoothness in the minimum-jerk sense has been used to
identify presymptomatic individuals with Huntington’s
disease (75). Studies of development and recovery from
neural injury strongly suggest that smoothness is no
accident. Infants’ movements have been shown to become
smoother as motor control increases (76,77), which indi-
cates that movement smoothness is a result of a learned,
coordinative process, rather than a natural consequence of
the structure of the neuromuscular system. In order to
more fully examine this phenomenon, the smoothness of
movements made by 31 stroke patients at the Spaulding
Rehabilitation Hospital (12 inpatients, 19 outpatients)
during robotic therapy for their paretic upper limb was
quantified. Five distinct metrics were used to examine
changes in smoothness over the course of therapy: speed,
jerk, peaks, tent, and mean arrest period ratio (78,79).

Resulting changes in movement smoothness during the
robot-aided protocol are highlighted in Fig. 7 (78). An
increase in any metric indicates an improvement in
smoothness. Filled circles represent statistical signifi-
cance at the 5% level. Note that inpatients tended to
show decreases in smoothness as measured by the jerk
metric, whereas outpatients tended to show increases.

One might wonder what is going on: A simulation showed
that a progressive overlapping of initially distinct sub-
movements could account for this. As blending increased,
all smoothness metrics improved except for the jerk
metric, which did not vary monotonically but initially
decreased before subsequently increasing. This result
provides further evidence to support the hypothesis that
a repertoire of movement primitives constitutes funda-
mental building blocks of complex motions. As recovery
proceeds, these apparent segments blend. If the current
findings are substantiated, they may provide the basis for
a valuable new method to assess patients’ motor function
and quantify the outcomes of rehabilitation therapy.

16. A LOOK INTO THE FUTURE

As mentioned earlier, rehabilitation practice remains an
art rather than a science. Practitioners have proposed a
multitude of variables that may influence outcome, but
little is known of the independence or interaction among
these variables nor their actual impact on outcomes.
Below are identified a few of these variables as the pick
to have larger impact. It is expected that a better under-
standing of the influence of these variables may allow
clinicians to select robotic rehabilitation regimens that
better suit a particular patient’s needs.

17. GEOMETRICAL VARIABLES

17.1. Bimanual versus Unilateral Therapy

The fundamental molecular and cellular events that
underlie recovery after stroke are not well understood.
Potential mechanisms of recovery include activation of
undamaged regions of brain in the hemisphere opposite
the damaged brain, and reorganization of the synaptic
connections—upstream and downstream from the injury.
Plenty of evidence exists supporting both mechanisms. For
example, as mentioned earlier, Lum et al. compared
unilateral with bimanual robot therapy in 30 subacute
patients (1 to 5 months post stroke). The group receiving
unilateral robot therapy outranked the group bimanual
therapy 2:1 (8.5 versus 3.8 changes in the Fugl-Meyer
scale, max 66). On the other hand, Luft et al. showed in an
fMRI study with chronic stroke patients (more than 6
months post stroke) that there was increased activation in
the contralesional hemisphere for patients receiving bi-
lateral arm therapy with rhythmic cueing BATRAC but
not for patients receiving a standardized dose-matched
unilateral therapeutic exercise. Patients receiving BA-
TRAC therapy changed 3 points in Fugl-Meyer scale
(max 66) (80,81).

17.2. Component versus Whole-Movement Therapy: Where
One Robot Module Begins and the Other Ends

As expressed earlier, the authors’ view that modularity is
a key requirement for therapy robots. However, clinicians
often favor highly complex multidimensional robots akin
to fanciful Hollywood creations such as Star Trek’s Com-
mander Data or California’s Terminator. Whether multi-
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Figure 6. Motions of a recovering stroke patient attempting to
draw a circle in a horizontal plane.
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dimensional training leads to better outcomes than mod-
ular training is an empirical question. Clinically, current
therapy practice models for stroke such as motor relearn-
ing programs (82) or the Occupational Therapy Task-
Oriented Approach (83) favor complex multidimensional
training. However, a comparative study of different ther-
apy practices found no unequivocal difference between
them (84,85). An alternative hypothesis more in line
with modern motor neuroscience is that the primary cause
of movement dysfunction or global disability in many
hemiparetic stroke subjects is abnormal muscle synergies
(86–88). If that is true, both interventions (i.e., movement
component or multidimensional training) may similarly
reduce the effects of abnormal muscle synergies, increase
the subject’s effective workspace, and promote the func-
tional use of the impaired upper limb. For example, it
would then make clinical sense to break functional reach-
ing tasks into two components, transport of the hand
toward a target and grasp or manipulation of an object
at that location. Modularity is a key requirement that
allows robotics to augment therapy whatever approach
proves to achieve better outcomes. Indeed, if multidimen-
sional training achieves better outcomes, complex multi-
dimensional robots are warranted, although they may be
implemented by combining simpler modules; if not, sim-

pler robot modules would suffice. A third alternative is
favored in that the choice of the number of degrees of
freedom is disease- and impairment-dependent, justifying
different approaches to different cases. From an econom-
ical point of view, the answer to this question will enable
an important cost/benefit analysis because multi-degree of
freedom robots typically cost significantly more than the
sum of simpler modular robots.

17.3. Therapy Order

As discussed earlier, research in children with pyramidal
lesions and primate studies proposed that two separate
descending pathways are responsible for reach and grasp.
This research implies that midbrain and brainstem path-
ways, such as the red nucleus and reticular nuclei, may be
involved in the control of the proximal muscles responsible
for limb transport during reach, whereas pyramidal path-
ways contribute to more distal, fine motor control, and
grasp. Although the descending pathways might be dis-
tinct, recent evidence suggests that, after a stroke, com-
petition among limb segments for the remaining cortical
territory is such that even limited activity of the proximal
muscles might prevent the distal hand from gaining
sufficient cortical territory to recover (89). Therefore, it
is clinically important to examine the effect of the order of
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therapy on motor recovery, for example, whether therapy
should be focused on proximal segments first and distal
segments later, or vice versa.

17.4. Impairment Reduction versus Functional Therapy

Another widely-held view is that new functionally-based
approaches will increase the effectiveness of robotic ther-
apy, ease its integration with clinical practice, and en-
hance the carryover of robot-trained movements to
functional activities of daily living. Our initial research
on robotic therapy took a ‘‘bottom-up’’ approach, focused
on improving underlying capacities such as the ability to
reach, which are prerequisites for enhancing motor func-
tion during activities of daily living (90). That approach
has been successful, although the effects so far tend to be
modest. It is expected that a treatment protocol, properly
targeted to emphasize a sequence and timing of sensory
and motor stimuli similar to those naturally occurring in
daily life tasks, could further facilitate carryover of the
observed gains in motor abilities, and thereby confer
greater improvements in functional recovery.

The authors envision that functionally-based robotic
therapy will be guided by a ‘‘top-down’’ rehabilitation
approach, in which a person’s identified goals for task
performance are used in conjunction with robotic evalua-
tion data to establish a treatment plan. Robotic technology
will not only provide remediation for impairments at the
capacity level (e.g., strength, voluntary motor control), but
will also allow for task-specific, intensive therapy for
impaired abilities (e.g., speed or coordination of limb
movement) that underlie task performance (2).

One goal of the authors work is to blend both ap-
proaches and begin building a scientific basis for the
‘‘best’’ rehabilitation practice. The authors expect to gain
a better understanding of how interventions directed
toward one level of performance (i.e., abilities) influences
functioning at other levels (e.g., developed capacities,
activities, and tasks), which would extend effective use
of robotic therapy to all levels of movement organization,
from underlying capacities to higher-level abilities and
skills.

18. CONTROL VARIABLES

18.1. Error-Free versus Error-Augmenting Approaches

A growing number of studies have indicated that motor
recovery after stroke shares characteristics of motor
learning observed in neurologically intact children and
adults. Efforts to optimize the effectiveness of robot-based
neurorehabilitation, through the evolution of therapy
algorithms and development of new robotic devices, in-
dicate that persons with stroke not only benefit from more
intensive movement therapy, but that the manner in
which robotic therapy is provided has a profound effect.
For example, by continuously adapting robot therapy to
accommodate a patient’s varying need for assistance,
greater benefits than the robotic sensory-motor therapy
were achieved with far fewer repetitions. Results indicate
characteristics of robot therapy that may contribute to

enhance recovery of upper limb motor function. These
may include task-specific practice, intensity of repetition,
robotic assistance, enhanced sensory feedback, continual
motivation (because every trial yields a degree of success,
even if robot assistance is required), and others. Although
it is not yet known which of these factors is critical, it
would be informative to explore two very distinct ap-
proaches: one aiming to gradually guide the patient to
perform error-free movement, the other aiming to aug-
ment the patient’s movement error (48). The outcome of
this comparison may help us understand not only whether
motor recovery shares general qualitative characteristics
of motor learning, but also provide quantitative guidance
about how to maximize recovery.

19. TIME VARIABLES

19.1. Intensity, Frequency, Duration

A growing number of studies have found that intensive,
goal-directed therapy improves motor function and corti-
cal reorganization in persons with both acute and long-
term impairments after stroke. However, there continues
to be a significant disconnect between research and clin-
ical practice, where reimbursement policies dictate prac-
tice such as rehabilitation intensity, frequency, duration,
and timeline. This deplorable state of affairs is, in part,
because of the lack of unequivocal evidence of the actual
impact and interaction of these variables on outcomes.

19.2. The Time-Course of Stroke Recovery

Intuitively, one might expect that larger brain lesions
would lead to poorer outcomes. However, different re-
searchers have shown that although lesion size is an
important variable in predicting stroke outcome, lesion
territory may be even more important. For example, Miyai
showed that stroke inpatients with smaller lesions con-
fined to the basal ganglia have diminished response to
rehabilitation efforts compared with inpatients with much
larger lesions that involve both the basal ganglia and
cortical territories (91,92). Our results with robotic ther-
apy during the acute inpatient phase are consistent with
this observation, but the follow-up study (up to 3 years
later) was not. Indeed, it reinforced the old clinical truism
that patients with smaller lesions eventually fare much
better. Our clinical results may be related to the important
problem of delayed neuronal degeneration. Several animal
models exist in which initial injury in the basal ganglia is
accompanied by neuronal degeneration in neurons distant
from the initial injury and occurring over longer periods of
time, which further reinforces the impression that motor
recovery during the acute rehabilitation phase may not be
complete. We must go beyond the inpatient phase and
track the whole process to fully understand the process of
neurorecovery. Otherwise, we might wrongly conclude
that therapy should be discontinued to certain stroke
patients, as they appear not to respond.
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20. ANATOMICAL VARIABLES

20.1. Lesion Site

Consider the example shown earlier in Fig. 4, which shows
representative reaching movements made by two patients
with different brain lesions. This figure nicely illustrates
that different stroke lesions can lead to different kinematic
behavior during reach. It would be surprising if the same
rehabilitation strategy suited both patients equally well.
Should not lesion site inform the choice of the best
therapeutic regimen for a patient? The example suggests
the value of a longitudinal study correlating lesion terri-
tories with motor neuroscience measurement and robotic
manipulation of movements. As in any quest for the
optimal, the dimensionality of the problem makes this
approach daunting, but the authors are guardedly opti-
mistic that the returns will prove equally multidimen-
sional.

21. CONCLUSIONS

Robotic therapy has undergone spectacular growth in the
last 5 years, with an array of robot designs already in
progress and more likely to come. Yet to some extent, it is
like ‘‘looking under the lamppost,’’ solving an easier
problem whether it matters or not. Although developing
this technology is far from trivial, it is also far from
sufficient to ensure ultimate impact on the lives of patients
and society in general. The authors are very encouraged
by the transformation of physical medicine from ‘‘emi-
nence-based’’ to evidence-based practice. Yet, considering
the length of the required clinical trials, patient variabil-
ity, and limited census, the practical limitations of a
purely empirical evidence-based approach are painfully
evident. Although an exhaustive search will yield some
answers, the dimensionality of the problem is certain to
demand looking beyond evidence-based inquiries into
those designed to better our understanding of the biology
of recovery at all scales, from molecular and cellular up to
movement and behavior. The potential interaction of
robotic technology with this biology can then be better
quantified, and better utilized. Research is needed to
further quantify the present and future potential interac-
tion of robotic technology with this biology. In a nutshell,
the next step must be taken to move the field of physical
medicine that only recently adopted evidence-based ap-
proaches to a science-based discipline. It is a lot to ask, but
a lot may be delivered.
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1. INTRODUCTION

The evolution of robotics in surgery is a new and exciting
development. Surgical robotics brings together many dis-
parate areas of research such as development and model-
ing of robotic systems, design, nonlinear control, safety in
medical robotics, ergonomics in minimally invasive proce-
dures, and, last but not least, surgery. Over the past
decade, significant advances have occurred in basic re-
search and technology that have made it possible for the
development of robotic systems for surgery. In 1921, the
Czech playwright Karel Capek introduced the notion and
coined the term robot in his play Rossom’s Universal
Robots. Robot, taken from the Czech robota, means work
(effort/drudgery). Over the years, robotics has evolved in
meaning from machines that perform menial, repetitive
tasks to the highly intelligent robots of Isaac Asimov’s
1950s science fiction books and the sophisticated artifi-
cially intelligent anthropomorphic robots of Steven Spiel-
berg’s A.I.

The role of robotics in surgery is recent. Although
significant background work has occurred in the area of
robotics, the integration of various concepts has only
recently begun to take place. An excellent overview of
robotics in surgery is presented in (1,2). Several robotic
systems have been developed for surgical procedures.
Orthopedics was one of the first areas where robotic
applications were developed. Neurosurgery was the first
area to use image-guided techniques. Image-guided pro-
cedures are noninvasive because computerized tomogra-
phy techniques (CT-based), magnetic resonance imaging
(MRI), and fluoroscopy provide an image on the monitor,
which can then be used for planning, registration, and
navigation of the robotic system (3). Some other robotic
systems have also been developed that use image-guided
techniques to make the neurosurgical procedures as mini-
mally invasive as possible, reduce the intervention time,
and cause minimal trauma to the surrounding healthy
tissue. Robotics has also played a key role in opthalmic
microsurgical procedures, laparoscopic surgery, craniofa-
cial surgery, and radiotherapy.

Although significant advances have occurred with ro-
botics in open procedures, the role of robotics in minimally
invasive surgical (MIS) procedures is becoming an area of
increasingly active research. MIS procedures with long
instruments have profoundly influenced modern surgery
by decreasing invasiveness, therefore minimizing patient

recovery time and cost. However, surgical procedures with
long tools inserted through small ports on the body
deprive surgeons of the depth perception, dexterity, sense
of touch, and straightforward hand-eye coordination that
they are accustomed to in open procedures. Recent work in
information technology has made great inroads toward
improving information display for MIS procedures. Three-
dimensional modeling techniques are enabling preopera-
tive planning; new image acquisition and display techni-
ques are enhancing surgeons’ visualization; and
telerobotic systems are providing superior dexterity. How-
ever, one sensory channel is presently ignored in these
technological improvements: touch. The lack of haptic
(sense of touch; also refers to force and tactile input)
information presented to the surgeon in MIS procedures
leads to poor understanding of the tool-tissue interaction
during surgery. Consequently, most surgeons rely on
visual information and their ‘‘experience’’ in most MIS
procedures. Research has also been done in evaluating the
ease of use of laparoscopic tools through remote manip-
ulation in a teleoperation framework. These studies
(although limited to tasks such as suturing or knot tying)
have demonstrated that instrument-based mapping gives
a more realistic feel of the laparoscopic tool than screen-
based mapping (4). Lack of haptic feedback in laparoscopic
tasks can seriously degrade the performance of a skilled
surgeon when it is coupled with a poor mapping algorithm
from the laparoscopic tool space to that of the master
manipulator tool tip.

Several advantages exist to robot-assisted surgery
because they overcome many limitations of endoscopic
surgery. Robots increase dexterity, restore proper hand-
eye coordination, and improve visualization of the surgical
field. In addition, these systems make possible surgeries
that were previously technically difficult or unfeasible.
Current robotic instruments have redundant degrees of
freedom, thereby increasing dexterity and enhancing the
surgeon’s ability to manipulate tissues and organs at the
surgical site. These systems are designed so that the
surgeons’ tremor can be compensated on the end-effector
motion through appropriate hardware and software fil-
ters. In addition, these systems can scale movements so
that large movements of the control grips can be trans-
formed into micro-motions inside the patient. Another
important advantage is the restoration of proper hand-
eye coordination and an ergonomic design of the entire
system. These robotic systems eliminate the fulcrum
effect, making instrument manipulation more intuitive.
With the surgeon sitting at a remote, ergonomically de-
signed workstation, current systems also eliminate the
need to twist and turn in awkward positions to move the
instruments and visualize the monitor. By any standard,
the visual display offered by commercially available ro-
botic systems, such as the da VinciTM system (manufac-
tured by Intuitive Surgical Inc., Mountain View, CA) is by
far superior to most surgical systems available today. The
three-dimensional view in the da VinciTM system is a
marked improvement over the conventional (two-dimen-
sional) laparoscopic camera views. A significant advan-
tage of this system is the surgeon’s ability to directly
control a stable visual field with increased magnification
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and maneuverability. Combining increased dexterity, en-
hanced three-dimensional visual representation of the
surgical site, and tremor compensation can and will lead
to accurate tissue resection and perform micro-anastomo-
sis, provided haptic feedback is available to the surgeon.
The only disadvantage of these systems is their prohibi-
tive upfront cost and their size (current operating rooms
are already very crowded and, hence, adding in a robot
will pose additional space constraints on an already
packed operating room).

2. ROBOTIC SURGICAL SYSTEM

Robotic surgical systems are becoming commonplace in
the operating room today with more health-care centers
opting for these systems. To date, Schurr et al., at Eber-
hard Karls University’s section for MIS, have developed a
master-slave manipulator system called ARTEMIS, which
consists of two robotic arms that are controlled by a
surgeon at a control console. Dario et al., at the MiTech
lab of Scuola Superiore Sant’Anna in Italy, have developed
a prototype miniature robotic system for computer-en-
hanced colonoscopy. The capabilities of this system are
similar to those done in conventional colonoscopy, and it
can be used for endoluminal diagnosis and surgery. Sev-
eral other robotic systems have been commercially devel-
oped and approved by the Food and Drug Administration
(FDA) for specific surgeries. These systems include the
AESOPs system (formerly manufactured by Computer
Motion Inc., Santa Barbara, CA), which is a voice-acti-
vated robot that can be used for manipulating the endo-
scope based on the surgeon voice commands. Also
available are two well-known commercial robotic systems,
the da VinciTM system and the ZEUSs system (formerly
manufactured by Computer Motion Inc., Santa Barbara,
CA).

The da VinciTM system is comprised of two major
subsystems, including the surgeon’s console and the pa-

tient’s side cart. The surgeons console is made up of the
display system described previously, the surgeon’s user
interface (the ‘‘master’’ robot arms) and the electronic
controller. The patient side cart is comprised of the tool
manipulators (the ‘‘slave’’ robot arms), the sterilizable
surgical tools, the endoscope and endoscope manipulator,
and, finally, the assistant’s user interface. The ‘‘master’’
devices at the surgeon’s console are serial link manipula-
tors that serve as position input devices. The movements
of these robot arms by the surgeon are then reproduced at
the surgical site by the tool manipulators. Registration of
the surgeon’s hand motions to the motion of the surgical
tools is performed through ‘‘mirror overlay optics,’’ which
project the images from the surgical sight over the sur-
geon’s hands providing a more natural correspondence of
the motions. In addition, the system also transforms the
motions of the surgeon’s hands onto the camera’s frame of
reference, giving the impression that the surgeon’s hands
are actually in the patient’s body. A 3 degree-of-freedom
wrist at the distal end of the surgical tool serves to restore
the natural elements lost in conventional laparoscopic
procedures, resulting in a total of 7 motion degrees-of-
freedom at the tool tip. The surgical system also provides
tremor filtration and variable motion scaling to improve
the fidelity of manipulation (5). Both the da VinciTM

system and the ZEUSs system are similar in their overall
design, namely they both consist of a master-slave config-
uration with the surgeon controlling the master manip-
ulator and the slave robot following the surgeon motion
commands. However, a lack of haptic feedback exists in
commercially available surgical robotic systems.

Figure 1 shows a schematic of a typical robotic surgical
system for MIS with vision and haptic feedback. On the
surgeon console is a reality-based model of the surgical
site, and the surgeon uses a haptic interface device such as
the PHANToMTM (manufactured by Sensable Technolo-
gies, Inc.) to manipulate remotely the two robotic surgical
arms such as the Mitsubishi PA-10 robot arms (manufac-

Figure 1. Schematic of the proposed robotic system with haptic and vision feedback for minimally
invasive surgery.
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tured by Mitsubishi Heavy Industries Ltd.). In a typical
scenario, the surgeon will control the motion of the two
robot arms and the endoscopic manipulators at the end of
these robot arms. The surgeon will receive haptic and
visual feedback from the operative site through an infor-
mation-enhanced display. Figure 2 shows a logical flow
chart of the information from the surgeon to the surgical
site. As shown in the figure, the surgeon receives haptic
feedback from the haptic interface device and visual feed-
back from the 2-D or 3-D video display. The haptic inter-
face device is also used to control the robot arm and the
endoscopic manipulator at the surgical site. For true
haptic feedback, it is crucial to develop a reality-based
model on the surgeon console so that the surgeon can
move the surgical tool to the required site and then
through the virtual model and feel the forces at the
operative site without moving the manipulator. It is
impractical to have a force sensor to register the forces
over the small area of contact, particularly because that
would require the motion of the robot. Additionally, hav-
ing the model helps the surgeon explore the area around
the surgical site and plan the surgery before any ‘‘real’’
surgery is performed. Finally, another advantage of this
approach is that unwanted forces are not exerted on the
tissue prior to testing the effect of those forces on the
reality-based model. The model can also be used to help
the surgeon perform grasping and cutting in addition to
probing the tissue and organ(s).

Haptic modeling of surgical procedures is primarily
difficult because of the changing contact conditions be-
tween tools and tissues and elastic and plastic tissue
deformation. In most biological tissue models, tissues are
preconditioned before any experimental data is collected.
However, in surgery, surgeons manipulate non-precondi-
tioned tissues. Hence, reality-based models have to be
developed for non-preconditioned tissues. The goal of any
reality-based model should be to provide an accurate
haptic feedback of the tool-tissue interaction. Most litera-
ture in surgical tissue simulation assumes a linear elastic
model, which is not valid for large tissue deformation. In
surgery, most tissue deformations are large. Also, biome-

chanical models assume tissue behavior under very spe-
cific boundary conditions and preconditioned ‘‘static’’
behavior. Current and past work on surgical modeling
has primarily explored the deformation of tissues devel-
oping from noninvasive ‘‘poking’’ manipulations. However,
forces felt during invasive actions such as grasping, cut-
ting, and dissection (GCD) tasks are also relevant. Grasp-
ing and cutting in particular require forces to be sensed
and displayed ‘‘between the fingers.’’ The forces and
deformations resulting from these tasks vary significantly,
depending on the user’s method of execution (grasping
forces, velocity, etc.).

To truly develop a robotic surgical system for simula-
tion, training, and use in actual procedures, it is crucial to
understand and model: (1) the deformable tissues at the
surgical site, (2) control and sensing issues, and (3) tele-
operation strategies in robot-assisted surgical procedures.

2.1. Modeling Deformable Tissues

Reality-based modeling of deformable tissues is critical for
providing accurate haptic feedback to the surgeon in
common surgical tasks, such as GCD tasks. Reality-based
models should be able to model tissues as accurately as
possible by determining the mechanical properties experi-
mentally and developing a finite element methods (FEM)
model, for example, based on these estimated properties.
In the literature, most modeling efforts are geared toward
assuming the mechanical properties and developing meth-
ods to efficiently solve the tissue simulation problem for
robot-assisted surgery/training. Current approaches to
modeling deformation of organs are either geometry based
or physics based. In the geometry-based methods, the
deformations are purely based on geometric manipula-
tions without taking into account the dynamic interac-
tions within the object. Physics-based models simulate the
physical behavior of objects and take into account the
internal and external forces. Significant work in geome-
try-based models using either the vertex-based approach
(6) or spline-based (6,7) approach has been done. Physics-
based models are computationally more intensive and use

Figure 2. Schematic of the flow of information in a
typical robot - assisted minimally invasive proce-
dure.
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particle-based schemes (8), FEM, or meshless methods (9).
However, most of these methods assume a linear elastic
model and, hence, the computations are done offline before
the actual simulation begins. Linear elastic models do not
represent an accurate model for finite strains; however, it
is a good starting point in modeling tissue interaction,
which justifies the need for reality-based models because
they are developed based on the actual interaction with
the tissue and compare the experimental data with the
nonlinear model that is developed from experimental
observations. Toward that goal, significant work has oc-
curred on modeling soft-tissue cutting and probing based
on actual experimental data (10–16).

‘‘Global’’ elastic deformations of real and phantom
tissues have been studied extensively in previous work
through simple poking interactions. However, these meth-
ods are simplistic because they do not take into account
the complex boundary conditions that are normally pre-
sent, both internal to the organ and on the exterior surface
of the organ. Howe et al. have developed a ‘‘truth cube’’ for
validation of models, but they have not studied tool-tissue
interactions. Research has also occurred on estimating the
mechanical properties of the tissue through high-fre-
quency shear deformations of the tissue sample and
elastography techniques. A variety of other techniques
exist in the literature for estimating viscoelastic charac-
terization of tissues. Modeling tissue cutting has also been
explored to a limited extent. However, a standard meth-
odology does not exist for modeling cutting. Most work in
the literature does not take into account the physics
behind cutting (such as energy exchange). Resolved-force
haptic devices have been used to display external cutting
forces of a single blade in surgical procedures. In addition,
cutting with scissors has been modeled without the dis-
play of internal cutting forces. However, no one has
explored biological tissues or the effect of cutting on global
deformations. Scissors cutting data was gathered for
biological tissues by Greenish and Hayward, but not
modeled. The integration of local grasping forces mea-
sured from real tissues into larger global models has not
been studied. Recently, some work has occurred on model-
ing cutting in surgery and also on understanding the role
of vision and force feedback in grasping tasks (17).

2.2. Control and Sensing

Controllable force amplification and position control is
useful in many areas of robotics and surgery in particular.
Controlled force exertion on the surgical site can lead to
significantly reduced risks of intraoperative and post-
operative complications. Most of the current research in
robotics on controlled force application with the human in
the loop is done on human exoskeletons. In these cases,
the mechanisms are worn external to the body and work
so that the daily activities of the person are assisted
through the user’s own self-strength. Exoskeletons have
been known in the literature since the 1950s, with the
work of Mosher. Since then, Kazerooni (18,19) has devel-
oped several mechanisms that he has called ‘‘extenders.’’
Extenders differ from the traditional master-slave frame-
work in teleoperation because the human is directly in

contact with the extender and the force and information
signals are passed between the human and the extender.

A significant amount of work has been done in the area
of robot-assisted surgery where telerobotic principles have
been applied. In general, telesurgical systems attempt to
regain the tactile and kinesthetic information that is lost
when the surgeon does not directly manipulate the in-
struments (20). MIS procedures pose additional limita-
tions in terms of workspace for manipulation and in giving
the ‘‘feel’’ of the operative site. One of the main issues in
the design of a telesurgical system is the incorporation of
force-feedback because the surgeon loses the feel of the
operative site that is so critical for inspection and manip-
ulation of tissues and blood vessels. The incorporation of
force-feedback and their benefits have been studied in
other areas of teleoperation (21). Apart from control and
sensing, one of the most important issues in telesurgical
systems is the right balance between fidelity and stability
of the system, as they are opposing requirements. The goal
of an ideal teleoperator is to achieve ‘‘transparency,’’
where an exact correspondence between either master
and slave positions or operator and environment impe-
dances is achieved. Although the realization of perfect
transparency is theoretically possible (22), such systems
require precise dynamics models of the master and slave,
and often require accurate models of both the operator and
the environment. In addition, idealized systems also re-
quire state measurements, such as acceleration, that are
difficult, if not impossible, to measure in practice. As a
result of the reliance on accurate modeling, stability is an
essential issue in closed-loop teleoperation systems such
as the force-reflecting teleoperator configuration. Sources
of instability in such systems include time delay, distur-
bances, uncertainties in the system model, and noise in
the state measurements.

Visual servoing is an essential tool for tracking deform-
able objects. Visual servoing encompasses many different
areas, such as kinematics, dynamics, image processing,
control theory, and real-time computing. Sanderson and
Weiss first introduced a classification for visual servo
systems based on the role of vision feedback in the control
architecture and the computation of error function for
visual servoing. Most visual servo systems are dynamic
look-and-move and use a position-based control system.
Recently, an increase has occurred in the use of image-
based control systems because they do not require accu-
rate calibration procedures to be followed for inferring the
pose of the target or the depth of a point on the target.
Visual servoing of rigid objects has been extensively
researched in the literature. Depth estimation is an im-
portant component in image-based control. Some of the
methodologies for depth estimation include partial pose
estimation, adaptive depth estimation, and image Jaco-
bian computation. Research has also been performed on
deformation modeling of virtual objects (23–27).

Significant research in the area of visual servoing for
medical applications has occurred, both for surgery simu-
lation and in actual procedures in laparoscopic hepatic
surgery (28). Wei et al. (29) describe a method for auto-
matically positioning laparoscopic instruments using
color-coded surgical instruments and a color-tracking
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algorithm. Krupa et al. (30) proposed an alternative visual
servoing method for positioning laparoscopic instruments
by visual tracking of light-emitting diodes (LEDs) at-
tached to the laparoscopic instruments, and a projection
of a laser dot pattern by a device attached to the endpoint
of the surgical instrument. A similar positioning scheme
for laparoscopic instruments with a laser-pointing endo-
scope is given in (31).

Among the most fascinating and challenging applica-
tions of visual servoing in medical robotics is in the area of
motion tracking and compensation. Motion tracking
schemes have been previously developed for compensating
the movement of the patient caused by respiration for
applications such as cancer therapy (32,33) and laparo-
scopic liver surgery (34). Tracking the motion of the heart
surface for motion-cancellation in minimally invasive
beating heart surgery has also drawn significant attention
in recent years. Motion compensation for beating heart
surgery was first introduced by Computer Motion, Inc. for
robot-assisted coronary artery bypass grafting (CABG)
with the ZEUSs robot (35). In their approach, the motion
of the heart was measured by acceleration sensors at-
tached to the heart surface. More recently, visual tracking
of the heart surface has been investigated for motion
compensation by a robot manipulator. Ortmaier et al.
proposed an affine motion model to track natural land-
marks on the heart surface at 25 frames per second (36);
however, it was found that the low frame rate was among
the reasons a ZEUSs robot was not able to track the heart
surface in real-time. To allow for real-time tracking of the
heart surface, the use of high-speed vision systems has
been investigated. Nakamura et al. (37) have suggested a
system where a marker attached to the heart surface is
tracked by a high-speed camera at 955 frames per second.
In perhaps the most comprehensive work to date in the
area of high-speed visual tracking of the heart surface,
Ginhoux et al. (38) have shown that the use of high-speed
visual tracking at 500Hz and a predictive controller can
allow for a compensation of as much as 80% of the heart
motion during minimally invasive beating heart surgery.

For modeling, interaction, and simulation in robot-
assisted surgery, it is thus necessary to: (1) develop MIS
tools that are appropriately instrumented for measuring
the forces and deformation in dynamic GCD tasks; (2)
develop instrumentation for creating empirical tissue
models using vision-based deformation measurements
and force sensing; and (3) use the developed software
models to provide feedback to the surgeon during tele-
operated procedures, increasing the ‘‘transparency’’ of the
robot-assisted surgical system, which will consequently
produce realistic surgical simulations, thereby increasing
surgeon competence and patient safety.

For a true robot-assisted surgical system, it is thus
necessary to:

1. Model the forces and deformations resulting from
local tool-tissue interactions, such as GCD.

2. Determine the appropriate model for each interac-
tion type based on analytical curve fitting, energy
methods, or FEM as appropriate. It is reasonable to

assume that the local model will need to incorporate
both material nonlinearity and strain nonlinearity,
which are inherent deformation characteristics of
the tissue being surgically operated on.

3. Combine local models with global deformations
using energy methods or FEM. For real-time com-
putations, it will be computationally advantageous
to formulate a novel local-global FEM technique for
overlaying local nonlinear modeling of the elastic-
viscoelastic response of the organ tissue at the
interaction point onto a global linear model of the
surrounding tissue. To achieve this, new testing
methods to determine empirical models describing
tool-tissue interaction using the instrumented tools
will need to be developed.

4. Model the components involved in eye-hand coordi-
nation. In particular, understand how the fidelity of
each component affects performance in a virtual
environment.

5. Model the subjective workload of eye-hand coordina-
tion tasks in both physical environments and virtual
environments.

6. Realize a suitable ‘‘global’’ and ‘‘local’’ FEM model of
the mechanical properties of organ tissues in the
area of interest, which will require new equipment
to be constructed that will acquire data (force and
deformation) resulting from specific local tool-tissue
interactions, including grasping and cutting. New
instrumentation techniques (sensor type and place-
ment) will also be necessary to measure the forces
and deformations resulting from these interactions.

7. Design and develop ‘‘direct’’ and ‘‘model-based tele-
operation’’ systems that can acquire data, fit models
(if necessary), and display local and global deforma-
tion and the corresponding forces to the user. In-
formation enhancement will need to be provided
through a combination for visual and haptic feed-
back. The usability of these systems will also need to
be addressed in parallel with their development.

8. Design and execute validation experiments to test
(a) the accuracy of the new integrated tissue models,
(b) the sensing capabilities of the developed MIS
instruments, and (c) the performance of informa-
tion-enhanced teleoperation for executing simple
GCD tasks versus traditional robot-assisted surgery.

9. Implement haptic (force and tactile) sensors for use
on the organ surface and the tools to measure the
interaction forces for robotic tools such as needle
holders, scalpels, scissors, and graspers in GCD
tasks. Such sensing systems will be required for
model development and feedback during surgery.

10. Develop a general purpose haptic- and vision-based
display system for providing the necessary feedback
to the surgeon controlling the robot arm and the
endoscopic manipulator through a haptic device.
The surgeons will need to verify the ‘‘similarity’’
between the interactions on the display and the
true interaction at the surgical site, including eye-
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hand coordination and the subjective workload of
working in both environments.

Several conventional promising approaches exist for mod-
eling local tool-tissue interaction in surgery, such as
energy methods and finite elements, whereas other novel
approaches consist of using vision to provide force feed-
back while interacting with artificial membranes (39,40).
Results from small-strain linear elastic models provide
only a crude approximation of force-deformation behavior
in the local region. To obtain results of better fidelity, a
need exists to model the local deformation with finite
strain formulation, which does not neglect the nonlinear
terms of the deformation gradient.

2.3. Model-Based Teleoperation

For a given surgical procedure, each surgical task such as
GCD organs and tissues has to be integrated into a global
model. It is thus necessary to develop a model-based
teleoperation scheme that includes instrumented tools
on the teleoperated (slave) robot, a model of local and
global deformations to be updated in real-time, and haptic
feedback to the user through the a haptic interface device.
Figure 3 shows the path of information for a typical setup.
The tool/tissue force interaction takes place and various
sensors measure the GCD forces. The local/global model is
then fit to the measured data and then displayed to the
user both visually and haptically. The user then reacts to
the visual and haptic feedback and applies a motion to the
haptic interface device, which then sends position com-
mands to the robot. Based on the position commands, the
interaction forces are measured and the cycle is com-
pleted.

Model-based teleoperation systems are different from
direct force-feedback systems (systems that provide force
feedback to the surgeon based on the sensory signals from
the operative site). In model-based systems, the model of
the tissue and the interaction with it has to be updated in
real-time. The surgeon interacts with the tissue or organ
through the model. Telemanipulation control for such a
setup can be easily accomplished with a simple position
control law. The deformations and forces sensed by the
robot are used to update the tool-tissue interaction model.
Interaction with the local model requires haptic update
rates of greater than 500Hz, whereas the telemanipula-
tion update rate can be slower. The performance of such a
system must be analyzed not only by the metrics of force
application, but also by a study of the quality of the
procedure through video of only the robot slave and an
examination of the tissue after the procedure is complete.

For any model-based teleoperation to be successful, an
information-enhanced display comprising of: (a) a haptic
interface for accurately reflecting the force and tactile
information and (b) 3-D visual interface is critical. It is
well-known that cutting a tissue and contacting it are
entirely different sensations. One part of the organ may be
cut whereas the other part may just need to be visually
correct during the cutting process. Hence, it is important
to display the ‘‘natural’’ modes accurately in the model. It
is well-known in literature that force update of at least
1000Hz and visual information update of at least 30Hz is
preferable for making the interface transparent and
avoiding latency from these sensing modalities. Hence,
the simulator should not only be multifrequency but also
multimodal. Following are some of the requirements of the
combined haptic and vision subsystem in a robotic surgery
scenario:

1. The haptic subsystem should locally reflect force and
tactile information from the surgical area whereas
the vision subsystem should visually update the
peripheral areas away from the surgical site.

2. As local deformation of the tissue and organ(s)
during force interaction will be nonlinear, adaptive
meshing techniques should be used for obtaining
true deformation and forces at the site of interaction
whereas linear elastic models underneath combined
with vision information can be used for global
deformation estimation.

3. The subsystem should be easily adaptable to other
organs or areas of interest.

3. FUTURE OF ROBOTIC SURGERY

Robotic surgery is still in active stages of initial develop-
ment. With the development of novel sensing techniques
and faster computers, we will be able to provide real-time
information to the surgeon performing the procedure.
Novel mechanical devices with better dexterity and sen-
sing capabilities, which can augment a surgeon’s capabil-
ity in performing the surgical procedure, also must be
researched. The sophistication of the controls and the
multiple degrees of freedom afforded by some of the
current surgical systems allow increased mobility and no
tremor, without comprising the visual field, to make
complex surgeries possible.

The introduction of robot-assisted surgery into the
operating room has thus revolutionized the medical field.
The uses of these systems not only have the advantages of
traditional MIS, such as reduced patient trauma and
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Figure 3. Model-based teleoperation for tis-
sue cutting.

6 ROBOTIC SURGERY



recovery time, lower morbidity, and lower health-care
costs, but they also eliminate surgeon tremor, reduce the
effects of surgeon fatigue, and incorporate the ability to
perform remote surgical procedures. However, current
systems have shortcomings when compared with tradi-
tional MIS, such as high cost, inability to use qualitative
information, and lack of haptic feedback to the surgeon.
The lack of haptic information presented to the surgeon in
MIS procedures therefore presents excellent theoretical,
experimental, and developmental opportunities for the
engineer to develop enhanced-feedback systems.

A significant need exists for developing an information-
enhanced display with computational, simulation, and
data analysis methods for modeling common surgical
tasks such as GCD for providing accurate haptic feedback
to the surgeon. Improvements in MIS systems lead to
significant societal impacts through better patient care,
reduced morbidity, shorter hospital stays, reduced
trauma, faster recovery times, and lower health-care
costs. In addition, the interdisciplinary nature of this
new and emerging research area will offer new opportu-
nities in education, broadening the interaction of engi-
neers and surgeons. These cross-disciplinary
collaborations will train a new generation of engineers
and surgeons who use broad knowledge from outside their
specific profession to develop creative improvements to
surgical procedures.

Accurate modeling of the forces experienced during
surgical procedures has proven extremely difficult because
of the inherent complexity of tool-tissue interactions and
the nonlinear, viscoelastic constitutive relationship in
biological tissues. Previous work on tissue biomechanics
has typically focused on the steady-state behavior of
tissues in tension of compression experiments with pre-
defined boundary conditions. In surgery, most response is
transient without any ‘‘preconditioning’’ of the tissues.
However, it is necessary to develop a base model to provide
force feedback to the surgeon in the event of nonavail-
ability of a transient response. In the area of modeling,
interaction, and simulation of surgical tasks, a systematic
model in the literature does not exist. Many models
assume a linear elastic model, which is valid only for
small deformations. In surgery, most tissue deformations
are large. Secondly, biomechanical models assume tissue
behavior under very specific boundary conditions and
preconditioned ‘‘static’’ behavior. Previous work on surgi-
cal modeling has primarily explored the deformation of
tissues developing from noninvasive ‘‘poking’’ manipula-
tions. However, the forces felt during invasive actions such
as GCD and percutaneous tasks are also relevant. Thus, a
need exists to overcome the above limitations in existing
systems and develop information-enhancing reality-based
models for surgery.

Robotic systems are essentially computer systems with
hardware for manipulation and control. They have the
ability to share and network knowledge from various
modules, which creates the possibility of data-sharing
and remote training of an unskilled surgeon operating
across the room, across the continent, or even at the front
lines for soldier recovery. The possibilities of robotics in

surgery are endless. They can only be limited by our
imagination!
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SAMPLING THEOREM AND ALIASING IN
BIOMEDICAL SIGNAL PROCESSING

MARTIN MINTCHEV
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1. INTRODUCTION

During the last several decades, development of digital
computers significantly influenced biomedical research
(1–3). Various electrophysiological recordings are pre-
sently routinely performed and interpreted using digital
data acquisition and analysis systems (2–5). Therefore,
the designers of such systems should be intimately famil-
iar with the basic principles guiding the process of con-
verting an analog continuous biomedical signal into a
sampled digital sequence and the possible pitfalls asso-
ciated with this process. One of the typical examples of
technological misuse of digital data acquisition systems is
the lack of compliance with the Sampling Theorem (6).
The purpose of this chapter is to introduce the general
principles governing the process of signal digitization,
outline some of the most common problems related to
the digitization of biomedical signals, and illustrate the
discussed topics with a case study involving two electro-
physiological signals, the electrogastrogram (EGG) and
the electrocardiogram (EKG).

2. SAMPLING (NYQUIST) THEOREM

Sampling Theorem, known in North America as Nyquist’s
Theorem (7), is popular in Europe also as Shannon’s
Theorem (8), and in Russia and its close vicinity as
Kotelnikov’s Theorem (9). Formally, the Theorem is de-
fined as follows:

In order for a band-limited (i.e., one with a zero power
spectrum for frequencies f4F), baseband ðf � 0Þ signal to
be reconstructed fully, it must be sampled at a rate
fs � 2F. A signal sampled at fs¼ 2F is said to be Ny-
quist-sampled, and fs¼ 2F is called the Nyquist frequency.
No information is lost if a signal is sampled at the Nyquist
frequency, and no additional information is gained by
sampling faster than this rate.

The Theorem relates the frequency bandwidth F of the
signal subjected to sampling to the minimal required
sampling frequency fs. This relationship is described as
follows (6):

fs � 2fm; ð1Þ

where fm is the frequency of the highest significant
frequency component emerging above the noise floor of
the entire system (Fig. 1). The reader will note that the
physical spectrum of a given sampled signal is contained
between 0 and fs/2Hz (see Fig. 1).

The main difficulty understanding the Sampling The-
orem is in identifying fm, which is related to the band-
width of the signal F within the framework of a real

environment, which is subjected to multiple noise sources.
Many educational resources identify fm as the highest
frequency component in the signal (6), and in a noise-free
environment this definition would be the simplest. How-
ever, biomedical processes and signals are routinely re-
corded in dynamic noisy environments, and the
identification of this component is difficult, if not impos-
sible. Therefore, for the purposes of biomedical signal
processing, it would be prudent to modify the traditional
definition of fm from the highest frequency component in
the signal to the highest significant frequency component
in the signal emerging above the noise floor.

The determination of this component can be made
objective if one considers the nonidealities and artifacts
determining the noise floor of the analog instrument prior
to the digitization, as well as the resolution of the analog-
to-digital conversion process used by the data acquisition
system. The error of digitization can be expressed as (6):

E¼ �
1

2
LSB¼ �

1

2
ðAR=2nÞ; ð2Þ

where AR represents the analog voltage range (e.g., 10V
for monopolar range of 0–10V, or bipolar range of75V), n
denotes the number of bits of the digital conversion (e.g.,
12), and LSB is the volt weight of the least significant bit
in the conversion process. The contributors to the analog
noise floor in any biomedical measurement system have
been relatively well elucidated (10), and include parasitic
signals related to the limited Common Mode Rejection
Ratio (CMRR) and Power Supply Rejection Ratio (PSRR)
of the amplifiers, ground noise, random temperature-
related artifacts, as well as various semiconductor noises.
Denoting the peak-to-peak value of this cumulative analog
noise floor with AN, and considering the peak-to-peak
value of the error of digitization E, the overall noise floor
F of the combined mixed (analog-digital) system is ob-

Figure 1. Example of a frequency spectrum of a signal. The noise
floor and the location of the highest significant frequency compo-
nent, fm, are denoted. The sampling frequency is fs¼1Hz, and
the physical spectrum of the signal displays frequency compo-
nents of up to one-half of the sampling frequency, in this case fs/2
¼0.5Hz.
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tained as:

F¼ ½AN2þð2EÞ2�1=2: ð3Þ

Returning to the amplitude of the frequency component
at fm, it can be estimated that its significance would be
lost after it becomes lower than the combined noise floor F.
In other words, the level of F can be used to quantitatively
determine fm. For the purposes of discussion, consider a
low-pass filter, which is traditionally used in data acquisi-
tion systems to prepare the continuous signal for digitiza-
tion and is also known as an antialiasing filter (6). To
define precisely the position of fm on the spectral scale, it
can be considered the frequency at the cross-section point
between the slope of the antialiasing filter and the com-
bined noise floor AN (Fig. 2), which, indeed, is the fre-
quency of the first frequency component, which is buried
in the noise floor because of the amplitude suppressing
action of the antialiasing filter. The problem of aliasing
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Figure 2. Magnitude response of a single-order Butterworth
antialiasing digital filter with cut-off frequency fc¼0.15Hz, sam-
pling frequency fs¼10Hz (AN¼ �10.9 dB, fm¼0.5Hz).
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and the need for such a filter will be discussed later in the
chapter. A single-order low-pass antialiasing filter has a
predesigned cut-off frequency fc (also denoted in some
sources as fH or �3 dB frequency) and a slope of 6 dB/oct
(see Fig. 2). The physical meaning of the cut-off frequency
is related to the actual signal decay in comparison with
the signal amplitude in the pass-band of the filter to the
left of fc. At the position of fc, the amplitude of the signal is
0.707 times (�3 dB) lower than the amplitude in the pass-
band, which is equivalent to halved signal power. The
slope of the filter should be interpreted as an amplitude
decay of two times with a two times increment of the
frequency. The relationship between the logarithmic scale
and traditional input–output ratio between an output
voltage Vo and an input voltage Vin can be described as:

Vo=Vin½dB� ¼ 20 logðVo=VinÞ: ð4Þ

Clearly, after a substitution and taking into consideration
the definition of a base-10 logarithm:

�6½dB� ¼ 20 logð1=2Þ: ð5Þ

It should be noted also, that a slope of � 6dB/oct is
associated with a first-order filter usually containing a
single filtering capacitor (10). Using a higher-order anti-
aliasing filter in biomedical instruments could be proble-
matic, because the entire system might become
underdamped, which could be another source of oscilla-
tory noise artifacts (10). Returning to the intersection
between the slope of the antialiasing filter (in dB/oct)
and the combined noise floor AN of the mixed-circuit
(analog-digital) instrument (in dB), the following quanti-
fication of the position of fm (expressed in number of
octaves O) with respect to fc becomes obvious:

O¼ ðAN½dB� � 3½dB�Þ=Slope½dB=oct�: ð6Þ

3. THE EFFECT OF ALIASING

Suppose an analog sine wave (Fig. 3a) is to be sampled
with a sampling frequency two times higher than the
frequency of the sine wave itself. In this case, because of
the absence of other frequency components or noise con-
taminants, fm¼ fsine. Therefore, the choice of sampling
frequency is in compliance with the Sampling Theorem.
Starting at t¼0, sampling with fs¼ 2fm¼ 2fsine delivers a
sampled signal with an overall value of 0. If a cosine of the
same frequency is sampled, however, the obtained discrete
signal does represent crudely the original analog sine
wave (Fig. 3b). This fact reveals that (1) the validity of
the sampling of an analog signal performed on the edge of
compliance with the Sampling Theorem is phase-depen-
dent and, generally, such sampling should be avoided; and
(2) even if the validity of the sampled signal with respect
to its analog counterpart is preserved, the visualization
quality is affected, a factor that should be very carefully
considered, particularly in situations in which visual

interpretation of time-domain signals is clinically impor-
tant.

Consider now a situation of noncompliance with the
Nyquist Theorem, with a chosen sampling frequency fs¼
1.5 fm, and a cosine signal (Fig. 4a). Obviously, the result-
ing discrete signal is not a true representation of its
analog counterpart, and its discrete frequency spectrum
reveals the presence of a parasitic frequency component
that is not representative of the analog signal at all (Fig.
4b).

The modification of some frequency components of the
analog signal into parasitic discrete signals because of the
misuse of the sampling process defines the effect of alias-
ing.

The aliasing frequency fa can be calculated using the
following equation:
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Figure 4. Time (a) and frequency (b) domain representation of a
cosine signal sampled with fs¼1.5fm, lower than the Nyquist
frequency. The frequency scale on graph (b) is normalized with
respect to the Nyquist frequency fs/2. The aliasing frequency, fa¼
2/3 (fs/2), is clearly seen.

SAMPLING THEOREM AND ALIASING IN BIOMEDICAL SIGNAL PROCESSING 3



fa¼ fs:n� fm; ð7Þ

where n is the closest integer multiple of the sampling
frequency fs to the signal being aliased, fm. In the example
above, fm¼ (2/3). fs, and therefore n¼ 1, which results in:

fa¼ fm=2 ð8Þ

or

fa¼ ð2=3Þðfs=2Þ; ð9Þ

which can be easily seen in Figs. 4a and 4b, respectively.
It is now clear that because of lack of compliance with

the Sampling Theorem, erroneously sampled signals can

manifest themselves as parasitic signals of lower fre-
quency, which in their shape, amplitude, and frequency
characteristics do not represent the original analog sig-
nals. In biomedical signal processing, the effect of aliasing
can lead to erroneous physiological and clinical interpre-
tations of the digitized data, which can have profound and
very detrimental scientific and clinical implications.

A more mathematical explanation of the effect of alias-
ing (6) involves the introduction of virtual replicas of the
original frequency spectrum of the signal throughout the
entire discrete spectral domain. These replicas are either
separated by a given distance if the requirements of the
Sampling Theorem are met and fmofs/2 (Fig. 5a), they
touch in two single points at both ends of the physical
spectrum of the signal, if fm¼ fs/2 (Fig. 5b), or they over-
lap, in the case of fm4fs/2, which is lack of compliance
with the Sampling Theorem (Fig. 5c). In the context of this

(a)

(b)

(c)

Figure 5. Frequency spectrum presented mul-
tiple replications in the sampled frequency
domain, when fs42fm (a), fs¼2fm (b), and
fso2fm (c). The lack of compliance with the
Sampling Theorem is represented by the over-
lap between the physical spectrum and the
virtual replicas (c). The noise floor is denoted
by AN.
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abstraction, the effect of noncompliance with the Sampling
Theorem can be illustrated by the overlap of the virtual
adjacent spectral replica to the physical spectrum of the
signal (see Fig. 5c). It should be noted that within this
representation, the physical spectral domain is replicated
to the left with respect to the ordinate axis as well, thus
positioning the first virtual spectral replica in the second
quadrant between 0 and � fs/2 (compare, for example, the
positions of the physical spectra depicted in Figs. 1 and
5a).

4. MATHEMATICAL REPRESENTATION OF THE SAMPLING
PROCESS

The physical understanding of the process of sampling
acquired in the previous sections of the chapter motivates

the mathematical quantification of the procedure. In the
existing literature on digital signal processing (see, e.g.,
Refs. 6,11,12), sampling is routinely expressed as the
multiple of the shifting impulse (‘‘Dirac’’ or ‘‘delta’’) func-
tion with the analog signal (Fig. 6a). The mathematical
abstraction known as the impulse function d(t) is defined
as an ideal rectangular pulse with a width of zero and an
amplitude of infinity, the integral of which in the physical
time domain is unity:

Z þ1

0
dðtÞdt¼ 1: ð10Þ

A repetitive shift of this function in time by a sampling
interval ts¼ 1/fs (Fig. 6b) and its subsequent consecutive
multiplication with the given analog signal f(t) (for exam-
ple, consider the sine wave signal from Fig. 3a) represents
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Figure 6. Delta function (a) and time-shifted delta function (b). Sine wave sampled with fs¼10fm
(c).
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a sampled signal that can be described not only graphi-
cally (Fig. 6c) but mathematically as well:

sðtÞ¼
X

N�1

n¼ 0

f ðtÞ:dðtþn:tsÞ; ð11Þ

where s(t) is a discrete (sampled) version of f(t) from a
starting moment of sampling t¼ 0 to an endpoint of time
equal to N.ts. The endpoint can very well be infinity, if a
continuous monitoring ‘‘forever’’ is to be described. In this
case, it is noted that ts is chosen appropriately, so that
eventual visualization of the analog sine wave signal on a
digital monitor will not be significantly affected. It should
be mentioned, however, that the process of sampling (often
referred to as ‘‘discretization’’ as well) does not result in
obtaining digital values for the individual samples, be-
cause the amplitudes of the sampled signal are still analog
(measured, for example, in Volts). An additional proce-
dure, known as digitization, is required so that these

analog samples find their numerical representations in
the memory of the digital microprocessor that is an
integrated part of contemporary biomedical instruments.

5. FROM DISCRETIZATION TO DIGITIZATION

The analog samples obtained by the process of discretiza-
tion are digitized by a special procedure, known as analog-
to-digital conversion (ADC), which is a subject to a sepa-
rate chapter of the present encyclopedia and involves
specially designed electronic circuits. The endproduct of
the process of digitization is a list of values, which in a
tabular form represents the discrete samples as digits of a
particular format. As mentioned before, the error in this
digitization process contributes to the overall noise floor of
the mixed (analog-digital) system (see Equation 2–6) and
is therefore an important factor in determining fm, and
respectively, fs, so that compliance with the Sampling
Theorem is ensured.
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Figure 7. A model of electrogastrographic signal (frequency of 3 cpm or 0.05Hz) mixed with a 60-
cpm (1-Hz) model of an electrocardiographic signal in time (a) and frequency domain (b). This
model is subjected to two different antialiasing filters, one with a cut-off frequency of 30 cpm and
another with a cut-off frequency of 12 cpm (c).
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6. CASE STUDY

6.1. Modeling Electrogastrograms and Electrocardiograms

Gastric and cardiac electrical activities, their origin, their
spectral characteristics, and their noninvasively recorded
representations, known as the electrogastrogram (EGG)
and the electrocardiogram (EKG), have been well docu-
mented (2,13–19). For the purpose of this discussion, a
continuous sine wave signal with a frequency of 3 cycles-
per-minute (cpm) or 0.05Hz has been synthesized, which
can be considered a model of the human EGG, exhibiting,
after an appropriate amplification and conditioning (15),
an amplitude in the range of 2V (peak-to-peak). The
recording environment for EGG is not ideal and a variety
of artifacts and external influences contaminate the re-
cordings (13–15,20). In the example, an EKG artifact

superimposed on the modeled EGG has been modeled in
the form of bipolar sawtooth signal with frequency of
60.6 cpm (1.01Hz) and peak-to-peak amplitude of 2V
(i.e., the artifact is of comparable power to the modeled
EGG signal). In addition, a white background noise mod-
els the inevitable noise processes associated with numer-
ous and distinct external factors and instrumentation
nonidealities. The normalized resulting signal mixture
in the time domain is depicted in Fig. 7a. For the purpose
of this case study, a 200 s segment of the signal in the time
domain is converted to the frequency domain using the
Fourier analysis methodology (16) and the spectrum of the
signal is obtained (Fig. 7b). Figure 7c depicts two single-
order antialiasing filter characteristics that will be used to
illustrate the discussion.
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Figure 8. Time-(a) and frequency-(b) domain representations of
the digitized signal (sampling frequency of 60 cpm) after a first-
order antialiasing low-pass filter with a cut-off frequency of
30 cpm. The parasitic signal at 0.6 cpm is clearly evident as
floating of the zero line in time domain, and spectral elevation
at 0.6 cpm in frequency domain. Two additional harmonics of the
aliasing frequency are also noticeable at 1.2 and 1.8 cpm.
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Figure 9. Time-(a) and frequency-(b) domain representations of
the digitized signal (sampling frequency of 60 cpm) after a first-
order antialiasing low-pass filter with a cut-off frequency of
12 cpm. The parasitic signal at 0.6 cpm is significantly dimin-
ished.
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6.2. Noncompliance with the Sampling Theorem

Suppose that after passing the mixed EGG-EKG signal
through a single-order antialiasing filter with a cut-off
frequency of 0.5Hz, a digitization is to be performed with
a sampling frequency of 60 cpm (1Hz). This sampling
frequency is a clear and direct violation of the Sampling
Theorem because the filter cut-off frequency is signifi-
cantly lower than the frequency of the right-most last
significant spectral component positioned at the intersec-
tion of the filter slope with the combined noise floor of the
system (see Fig. 7c). Therefore, the time-domain repre-
sentation of the digitized signal differs from the contin-
uous sinusoidal EGG signal in terms of amplitude, which
becomes time-variant and ‘‘floats’’ at low frequency (Fig.
8a). Moreover, the spectral representation of this new
digital signal now contains a component with a frequency
of 0.6 cpm (0.01Hz), which was not present in the original
continuous signal prior to the digitization (compare Fig.
8b with Fig. 7b). This parasitic signal created because of
the lack of compliance with the Sampling Theorem can
easily be labeled ‘‘bradygastria’’ (17,18). In fact, this

artificially created event is entirely because of the effect
of aliasing and represents one frequently seen error in the
interpretation of the Sampling Theorem, the replacement
of fm (the frequency of the right-most last significant
spectral component) with fc (the cut-off frequency of the
antialiasing filter) in Equation 1.

Realizing that the choice of cut-off frequency for the
antialiasing low-pass filter was not appropriate, the
authors can now suggest a new cut-off frequency of
12 cpm (0.2Hz), keeping the order of the filter (i.e., the
slope) at 6 dB/oct (Fig. 7c) and the sampling frequency at
60 cpm. This approach delivers a sine wave with dimin-
ished floating of the amplitude in time domain (Fig. 9a)
and a frequency-domain representation of a single peak
with an insignificant aliasing elevation at 0.6 cpm (Fig.
9b). However, the aliasing phenomenon is still present,
because the proper fm is not used to determine fs. Only
when the correct fm is used to determine fs does the
sampled signal correspond fully to the original continuous
analog signal (compare Fig. 10 with Fig. 7).
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Figure 10. Electrogastrographic signal recorded from a healthy human volunteer. A strong
presence of electrocardiographic artifact in time (a) and frequency (b) domains is clearly evident.
Percent distributions of frequency components (c) reveal low-frequency content of 9.81%, normo-
gastric content of 64.89%, and high-frequency content of 25.3%.
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6.3. Electrogastrographic Illustration of Percent Distribution
Changes Caused by Erroneous Signal Conditioning

A typical continuous electrogastrographic recording in
time and frequency domains from a healthy human vo-
lunteer with an average body mass index as well as the
percent distribution of frequency components (17) are
shown in Fig. 11. The conditions of the recording and the
experimental setup were published before (19). As the
volunteer had never had any gastrointestinal complaints,
it was assumed that his/her gastric electrical activity was
normal and coupled, thus expecting insignificant presence
of frequency components outside the normogastric range
(2.4–3.6 cpm) (17) because of external factors. The ac-
quired signal was low-pass filtered with a cut-off frequency
of 30 cpm and slope of 6 dB/oct., and subsequently digi-
tized with a sampling frequency of 60 cpm (1Hz), repeat-
ing the first part of the modeling example from the
previous section (Fig. 11a). Spectral representation of
the actual signal (Fig. 11b) reveals certain percent dis-
tribution of frequency components in the so-called ‘‘brady-

gastric’’ (0.6–2.4 cpm), ‘‘normogastric’’ (2.4–3.6 cpm), and
‘‘tachygastric’’ (3.6–9.9 cpm) frequency ranges (Fig. 11c)
(17), with the substantial presence of electrocardiographic
artifact in the range of 65–70 cpm. As a result of the
erroneous antialiasing filter employed in the digitization
process using the inappropriate cut-off frequency of 30 cpm
(0.5Hz) (see Fig. 11), digitized signal representation in
frequency domain (Fig. 11b) as well as the respective
percent distribution of frequency components (Fig. 11c)
differ substantially from the real ones (shown in Fig. 10c),
with about 50% increase in the ‘‘bradygastric’’ range, and
10% decrease in the ‘‘normogastric’’ range.

The replacement of the cut-off frequency of the anti-
aliasing filter with 12 cpm does not introduce a clearly
noticeable change in the time-domain representation of
the signal (Fig. 12a), but delivers important changes in the
spectral power distribution of the signal (Fig. 12b) and,
thus, in percent distributions in the frequency domain
(Fig. 12c), bringing the ‘‘bradygastric’’ and the ‘‘normogas-
tric’’ ranges closer to the actual percent distribution (see
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Figure 11. Time-(a) and frequency-(b) domain representation of the signal from Fig. 4 after
digitization with 60-cpm sampling frequency and low-pass filtering by a single-order antialiasing
filter with a cut-off frequency of 30 cpm. Percent distributions of frequency components (c) reveal a
substantial (more than 50%) increment in the low-frequency (‘‘bradygastric’’) range and a
significant (about 10%) decrement in the normogastric range.
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Fig. 10c) and reducing the ‘‘tachygastric’’ range in which
the presence of non-GEA signals was clearly evident.

All this comes to show that the percent distributions
obtained with the 30 cpm cut-off frequency (see Fig. 11c)
were in fact erroneous and would be misleading when
interpreting the ranges outside the normogastric range as
‘‘bradygastrias’’ or ‘‘tachygastrias’’ in a clinical setup,
because the frequency components in these ranges were
not necessarily electrophysiologically related to the elec-
trogastrographic signal itself.

7. DISCUSSION

The introduction of digital computers and digital signal
processing techniques in the assessment of biomedical
signals significantly enhanced the opportunities for quan-
titative evaluation of biomedical phenomena, but it also
created the possibility for misinterpretations of the sig-
nals related to inappropriate sampling, inadequate use of
antialiasing filters, and lack of understanding of the
limitations of the digitization process. In this chapter,
after introducing the basic sampling theory, a case study

was presented, in which a model of an EGG signal, as well
as a real human EGG, were used to illustrate one such
misinterpretation using the percent distribution of EGG
frequency components (17), which has been suggested as a
major avenue for interpreting the cutaneous recordings of
gastric electrical activity. The case study demonstrated:
(1) the effects of aliasing and leakage on a modeled EGG
signal; (2) the effect of aliasing on the percent distribution
of the frequency components recorded from a healthy
human volunteer; and (3) the impact of a strong electro-
cardiographic artifact on the EGG signal in a setup with
minimized impact of respiratory and motion artifacts.

The fact that the so-called tachygastric range (17) was
reduced after applying a simple, single-pole antialiasing
filter with a cut-off frequency at 12 cpm (0.2Hz) demon-
strates that the ranges outside the normogastric range are
influenced by a variety of external factors that are gen-
erally not related to the electrophysiological phenomena
in the stomach, and overemphasizing the importance of
these ranges in electrogastrography can be misleading, if
proper digitization procedures are not followed.
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Figure 12. Time-(a) and frequency-(b) domain representation of the signal from Fig. 6 after
digitization with 60-cpm sampling frequency and low-pass filtering by a single-order antialiasing
filter with a cut-off frequency of 12 cpm. Percent distributions of frequency components (c) are
improved underlining better the normogastric range.
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8. CONCLUSION

Digitization of biomedical signals should be performed
with caution in order to avoid introducing artificially-
created nonexistent parasitic artifacts associated with
the effect of aliasing. When a first-order antialiasing low-
pass filter is used, at least a five-fold difference between
the cut-off frequency of the filter and the sampling fre-
quency is needed to avoid significant aliasing in environ-
ments in which the signal and the noise are of comparable
power. With an increment of the slope of the filter, this
number can be proportionally reduced, but underdamping
in the entire instrumentation system can be introduced,
which might inject oscillatory artifacts every time abrupt
changes in the recording conditions occur (e.g., with
motion).

In order to comply fully with the Sampling Theorem,
the frequency of the maximal frequency component fm can
be derived from the noise floor of the entire system and the
slope of the antialiasing filter used.

The interpretation of erroneously digitized biomedical
signals can lead to misleading conclusions about the
morphology and the dynamics of the monitored processes.
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SCAFFOLDS FOR CELL AND TISSUE
ENGINEERING

JULIAN R. JONES

Imperial College London
London, United Kingdom

1. INTRODUCTION: SCAFFOLDS AND TISSUE
ENGINEERING

Tissue engineering is the growth of a tissue-like construct
in the laboratory, ready for implantation to regenerate a
diseased or damaged tissue to its original state and func-
tion (1). The aim is to shift emphasis from replacement of
tissues to regeneration of tissues to satisfy this growing
need for long-term tissue repair (2). An example is ortho-
pedic repair. A bone defect can regenerate itself if it is not
greater than a certain size. If the defect is larger than this
critical size, it cannot repair itself. Surgical procedures
used at present include joint replacement or bone grafting.
Grafts are in short supply and implants have a limited
lifetime; therefore, a new strategy of helping the body’s
own regenerative mechanisms to repair the defect is very
attractive for long-term orthopedic repair. For such an ap-
plication a scaffold is needed to bridge the gap of the crit-
ical defect and to guide the bone growth mechanisms.
There are three strategies for tissue engineering (3):

1. The direct implantation of a scaffold into the defect
site;

2. The culture of progenitor cells (e.g., stem cells) on
the scaffold, generating immature tissue throughout
the scaffold, creating a biocomposite, which could
then be implanted into the defect site;

3. The culture of progenitor cells on the scaffold, using
advanced culture conditions and bioreactors grow-
ing a complete tissue, or section of tissue as the scaf-
fold dissolves.

For each of the strategies, the scaffold should dissolve
for the tissue to be regenerated to its original state and
function. Strategy 1 is the most simple for a surgeon and
for the patient, and also would be the most rapid. It would
be an ideal scenario to have off-the-shelf products that
could be implanted directly to regenerate a diseased or
damaged tissue. However, the scaffold would have to
mimic all the material properties of the host tissue and
stimulate regeneration. This is a very complex problem.
Strategy 3 would be another ideal scenario; however, we
are a long way from being able to grow whole lungs or
bones in the laboratory, although skin tissue engineering
is enjoying some success (4–6). Lungs have such a complex
architectural design that to create a material in that
shape would be very difficult. It would be more efficient
to find ways to stimulate cells to create their own scaffolds
(their extracellular matrix), in a bottom-up biomimetic
approach (7). A problem for growing bones in vitro is that
for bone to form in a structure suitable for a particular
part in the body, the growing bone must be submitted to

the exact loading environment that it would be subjected
to in the body. Such parameters are at present not possible
to recreate in a bioreactor. There is also the problem of
vascularization; blood vessels must form inside such tis-
sues so that nutrients and cells can reach all parts of the
new tissue once it is implanted. This is a nontrivial prob-
lem. Another problem is time. It would take many weeks
to grow a section of mature tissue. By the time a large
section of tissue is grown, the patient’s condition may have
deteriorated (8).

Strategy 2 is therefore the most likely approach for
bone tissue engineering for the foreseeable future. Using
this strategy a biocomposite of immature bone can be cre-
ated and implanted. The body’s own mechanisms would
then use the immature bone composite as a scaffold, where
it would gradually resorb the implant and lay down ma-
ture bone. This would be very similar to the natural bone
repair of a less than critical size defect, where osteoblast
cells rapidly lay down immature woven bone to fill the
defect (9). Osteoclast cells then resorb the woven bone as
osteoblasts gradually lay down mature bone, the structure
of which is determined by the loading environment.

The sourcing of cells to culture on the scaffolds is an-
other complex challenge. At present, the only reliable cell
source is autologous cells from the patient (10). This
source is beneficial as problems with immunorejection
are avoided, but it has serious limitations of numbers of
cells available and ability of the cells to maintain a phe-
notype capable of generating extracellular proteins.
Cloned, immortal cell lines are capable of proliferating
but usually lack the differentiation needed for stable tis-
sue repair (11). The future of tissue engineering is there-
fore dependent on the sourcing of viable progenitor cells
such as umbilical cord blood stem cells and bone marrow
stem cells.

2. CHARACTERIZATION OF BIOMATERIALS

In any scaffold application, the material choice and design
is important. No materials are completely inert in the
body; all materials illicit a biological response from the
body when they are implanted. Many are toxic to the body,
but many are also biocompatible (not toxic). There are
three classes of biocompatible materials; bioinert; resorb-
able; and bioactive.

2.1. Bioinert Materials

The only response to the implantation of bioinert materi-
als is encapsulation of the implant by fibrous tissue (scar
tissue). Bioinert materials are essentially non-degradable
and they lack the ability to self-repair; the ability to main-
tain a blood supply; and the ability to modify their struc-
ture and properties in response to environmental factors
such as mechanical load. Examples of common bioinert
materials are medical grade alumina, zirconia, stainless
steels, polymethyl methacrylate (PMMA), and high-den-
sity polyethylene (HDPE) that are used in the total hip
replacements and polytetrafluoro-ethylene (PTFE) that is
used as stents or vascular grafts as blood does not coag-
ulate on contact with it.
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2.2. Resorbable Materials

Resorbable materials are those that dissolve in contact
with body fluids and the dissolution products can be se-
creted via the kidneys. The most common biomedical re-
sorbable materials are polymers that degrade by chain
scission such as polyglycolic (PGA) and polylactic acids
(PLLA) and their co-polymers, which are commonly used
as sutures. The degradation products of these polymers
are glycolic and lactic acid respectively, which are found
commonly in the kidneys. Water-soluble polymers such as
polyvinyl alcohol (PVA) can be removed by the kidneys as
long as their molecular weight is below approximately
18,000. Some bioceramics are also resorbable in vivo, such
as calcium phosphates and bioactive glasses.

2.3. Bioactive Materials

Bioactive materials stimulate a biological response from
the body such as bonding to tissue. There are two classes
of bioactive materials, osteoconductive and osteoproduc-
tive. Osteoconductive materials bond to hard tissue (bone)
and stimulate bone growth along the surface of the bioac-
tive material, e.g., synthetic hydroxyapatite and tri-cal-
cium phosphate ceramics. Osteoproductive materials
stimulate the growth of new bone on the material away
from the bone/implant interface, e.g., bioactive glasses,
which can often bond to soft tissue such as gingival (gum)
and cartilage (12).

The mechanism of bone bonding to bioactive materials
is thought to be due to the formation of a hydroxyapatite
layer (HA) on the surface of the materials after immersion
in body fluid. This layer is similar to the apatite layer in
bone and therefore a strong bond can form. The layer
forms most rapidly on osteoproductive materials (13).

Some materials, such as bioactive glasses and some
calcium phosphate-based ceramics, combine bioactivity
and resorbability (14).

3. SCAFFOLD DESIGN

Scaffold design is a multidisciplinary field that involves
cell and molecular biology, materials science, chemical and
mechanical engineering, chemistry, and physics. There
are many criteria that must be fulfilled to create an ideal
scaffold.

3.1. Morphology

To be able to regenerate a tissue, the scaffold should have a
structure that acts as template for tissue growth in three
dimensions and stimulates new growth in the shape dic-
tated by the scaffold. The obvious design for a template is a
structure that mimics the structure of the host tissue. To
allow a tissue to grow in three dimensions (3D), the tem-
plate must be a network of large pores (macropores). The
pores must be connected to each other, and the apertures
between the pores must have diameters in excess of
100mm. The interconnected pore network is necessary to
allow cells to migrate through the scaffold and promote
tissue growth throughout the template. During in vitro
cell culture and tissue growth, the pore network will allow

the culture media to reach all cells, providing them with
essential nutrients. Once the tissue-engineered construct
has been implanted, the pores must be sufficiently con-
nected such that blood can penetrate to provide those nu-
trients. Eventually, an ideal scaffold would stimulate blood
vessels to grow inside the pore network (angiogenesis).
The minimum aperture diameter for angiogenesis, and for
bone in growth for bone tissue engineering applications, is
thought to be 100mm (15).

3.2. Surface Properties

It is not only the macropore morphology than needs to be
optimized but also the surface topography. Many cells,
such as osteogenic cells, must attach to a substrate before
they lay down their extracellular matrix. A surface tex-
ture of nanometer-sized pores or surface roughness on the
nanometer scale can increase cell activity (16).

3.3. Bioactivity

The scaffold material should bond to the host tissue so that
the scaffold will be anchored in place and not move. Mi-
cromotion of implants can cause tissue damage. When
bioinert materials are implanted, a fibrous tissue (scar
tissue) surrounds the implant. If a bioinert scaffold is im-
planted, it would be rapidly isolated from the host tissue
and the host tissue will not regenerate. One way to
achieve bioactivity is to use a bioactive material such as
a bioactive ceramic or glass (2). For bone tissue engineer-
ing applications, an osteoconductive material such as HA
may be suitable. If higher bioactivity or osteoproduction is
required, then bioactive glasses or glass-ceramics can be
used. Polymers that are not bioactive can be made to bond
to soft tissue by modifying their surface and attaching
proteins such as laminin, vitronectin, fibronectin, or bone
morphogenic proteins, which will encourage tissue adhe-
sion (17,18).

3.4. Resorbability

For a tissue to be regenerated to its original state and
function, the scaffold should dissolve as the tissue regen-
erates so that eventually there is no trace of the scaffold’s
presence. The dissolution products of the scaffold should
be ones that can be metabolized by the body and the de-
gradation rate of the scaffold must be controllable so that
it can be tailored to match the rate of tissue growth once it
has been implanted. Resorbable polymers and hydrogels
are the most commonly used resorbable scaffolds (19), but
tricalcium phosphate, and certain bioactive glasses offer
both resorbability and bioactivity (12,19,20).

3.5. Gene Activation

An ideal scaffold would not only act as a template for tis-
sue growth and have controlled resorbability, but it should
also activate the cells of the tissue for self-regeneration.
The scaffold should act as a delivery system for the con-
trolled release of cell and gene-stimulating agents. The
agents can be a number of different substances. Growth
factors can be incorporated into resorbable polymer or
hydrogel scaffolds, which will release the growth factors
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into the body as the scaffold resorbs (21). Alternatively,
bioactive glasses and silicon-substituted HA scaffolds re-
lease small concentrations of silicon and calcium ions,
which have been found to stimulate seven families of
genes in osteoblasts, increasing proliferation and bone ex-
tracellular matrix production (22). Gene activation is es-
pecially important in elderly patients where the number of
progenitor cells may be few.

3.6. Mechanical Properties

Importantly, the mechanical properties of the tissue-engi-
neered construct should match that of the host tissue. This
is evident from the history of total hip replacements. The
metal alloy implants have a much higher stiffness
(Young’s modulus) than the bone. This causes an effect
called stress shielding where all load is transferred though
the metal and not the bone, causing bone resorption by
osteoclast cells (23). This is the main disadvantages for
using bioactive ceramics and glasses for tissue regenera-
tion. However, if tissue is grown a bioceramic scaffold in
vitro, the tissue-engineered construct is then a biocom-
posite and its modulus will decrease. Only the mechanical
properties of the final construct, whether it is a material to
be directly implanted or a tissue-engineered biocomposite,
that will be implanted is critical. Completely artificial
composites (24,25) and hybrid materials (26–28) are being
developed to optimize the mechanical properties of scaf-
folds. The structure and strength of a resorbable scaffold
must also be maintained until enough host tissue has been
regenerated.

3.7. Production and Regulation

If the scaffold is to be mass produced, so that surgeons can
use it in the clinic, it must be made from a processing
technique that can be up-scaled for mass production and
that can produce irregular shapes to match that of the
defect in the bone of the patient. Ideally, the surgeon
would be able to refine its shape immediately prior to im-
plantation. The scaffold must also have the potential to be
producible to the required ISO (International Standards
Organisation) or FDA standards and be easily sterilized.

The need for implant materials to pass FDA may be
necessary for the safety of patients, but it places a large
financial obstacle in the path of new scaffold develop-
ments. Many researchers use materials that have already
been passed by the FDA so that they are sure their scaffold
will be safe to use in the clinic. They are unwilling to risk
using materials that have not undergone FDA testing be-
cause of the time and financial commitment required to
fulfilling the extensive tests (29).

4. POLYMER SCAFFOLDS

Resorbable polymers are a popular choice of material for
tissue-engineering scaffolds for three reasons. First, poly-
mers are easy to process in shape of a 3D scaffold with pore
morphologies suitable for tissue-engineering applications.
Second, polymers can have high tensile properties and
high toughness, and the mechanical properties of poly-

mers can be controlled very easily by changing the molec-
ular weight (chain length) of the polymer. Third,
bioresorbable polymers have been successfully used as re-
sorbable sutures for many years. Therefore, these degrad-
able polymers, such as the polyesters of poly(lactic acid)
(PLA), poly(glycolic acid) (PGA), and poly(lactic acid-co-
glycolic acid) (PLGA) are used for scaffold applications be-
cause they have passed FDA regulations, and scaffolds
made from these materials can provide a quick route to a
commercial and clinical product.

The techniques used to produce porous networks in
these polymers are fiber bonding or weaving (30), solvent
casting (31), particulate salt leaching (32), phase separa-
tion (33), gas foaming (34), freeze drying (35), and extru-
sion (36).

For many of these techniques, the polymer must be
dissolved in a solvent. One technique using the polymer
solution is salt leaching, where salt particles are dispersed
throughout the solution before the polymer is cast. The
salt particles can then be dissolved out of the matrix,
leaving pores, but this technique only works for thin mem-
branes or 3D specimens with very thin wall sections: oth-
erwise, it is not possible to remove the soluble particles
from within the polymer matrix (32). The salt leaching
method also depends on the hydrophilicity and adsorption
behavior of the polymer in terms of dissolving the salt
particles.

The polymer solution can also be foamed to produce an
open pore structure. This can be achieved by using blow-
ing agents, gas injection, supercritical fluid gassing, or
freeze-drying (34,35).

The polymers that can be used for supercritical fluid
gassing must have a high amorphous fraction. Polymer
granules are plasticized due to the use of a gas, such as
nitrogen or carbon dioxide, at high pressures. The disso-
lution of the gas into the polymer matrix results in a re-
duction of the viscosity, which allows the processing of the
amorphous bioresorbable polyesters in a temperature
range of 30–401C (37).

During freeze-drying, the polymer is dissolved in a sol-
vent and frozen in liquid nitrogen while the growth direc-
tion of ice is controlled. The frozen solution is then dried
under reduced pressure to cause sublimation of the ice,
creating pores macroscopically aligned in the direction of
freezing. The green bodies are then sintered to provide
strength. Large orientated pores with porosities in excess
of 90% can be obtained. Figure 1 shows an SEM micro-
graph of freeze-dried PLA foam scaffold (35).

There are, however, some disadvantages to using bio-
degradable polymers as scaffolds for tissue engineering.
For example, many degradable scaffolds (e.g., polyesters
such as PGA and PLA) degrade via hydrolytic chain scis-
sion. Although the onset of this process can be controlled
by controlling the water uptake, from weeks to years, once
degradation starts, the process is autocatalytic. The shape
and structure of the scaffold are therefore rapidly lost, and
this process can be too rapid for many applications. Sec-
ond, although resorbable polymers can be made with high
tensile strength and toughness and their mechanical prop-
erties can be matched with collagen, their Young’s modu-
lus is much lower than that of bone; therefore, these
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polymers cannot be used in load bearing sites where they
undergo compressive forces.

A third problem is that the mechanical strength of
polymers decreases rapidly as they degrade. High-tensile-
strength polymers have long chains (high molecular
weight), which entangle with each other. As a tensile force
is applied to the entangled chains, the chains begin to un-
ravel until they become aligned. The maximum tensile
strength of polymers is reached when the chains are fully
extended. Therefore, for a polymer to be tough it must
have a molecular weight over the entanglement value.
The mechanism for degradation of biodegradable poly-
mers is chain scission, during which the polymers undergo
hydrolysis and the chains are cut in two. The average mo-
lecular weight of the polymer is therefore approximately
halved with every chain scission event. The mechanical
properties of the polymer are proportionate to the square
root of the molecular weight and therefore decrease very
rapidly as the polymer degrades. Biodegradable polymers
have also been found to produce an inflammatory response
due to the acidic byproducts of the degradation (38). Al-
ternatives to polyesters would be desirable.

Polymers are not inherently bioactive, so they do not
bond to tissue. Due to the low temperature of some porous
scaffold processing techniques, such as the use of super-
critical CO2 to produce polymer foams, growth factors
such as bone morphogenetic protein 2 (BMP2) can be in-
corporated into scaffolds. If a resorbable scaffold (e.g.,
PLA) is used, the scaffold can become a bioactive drug de-
livery vehicle as well as a supporting structure (39).

Polymers are more suited for the engineering of soft
tissues such as the skin and connective tissues such as
ligaments. Natural polymers, such as collagen, gelatin,
and fibrin, can also be used as tissue engineering scaffolds.
Recombinant human collagens are an efficient scaffold for
bone repair when combined with a recombinant bone mo-
rphogenic protein in a porous, spongelike format. It can
also be used as a membrane, sponge, or hydrogel and can

serve as a basis for the engineering of skin, cartilage, and
periodontal ligaments, depending on the specific require-
ments of the chosen application (40).

Highly porous copolymers of type I collagen and
chondroitin 6-sulfate (a glycosaminoglycan, or GAG)
have been produced. They are used as dermis regenera-
tion scaffolds, where they are used as a graft to cover deep
and extensive skin wounds (41).

Using a natural polymer such as collagen, which is
found in many tissues of the body, avoids the problem of
the acid degradation products. For this reason, other nat-
ural polymers have been investigated as potential scaf-
folds for tissue engineering. One of the most promising are
scaffolds derived from corn starch (42).

Hydrogels, which are insoluble water-swollen networks
such as alignates and hyaluronic acid, can be applied to
tissue-engineering applications in different ways to other
polymers as cells can grow within the gel matrix. Pore
networks are therefore not always required, but pores can
be introduced by the freeze-drying process (43).

5. BIOACTIVE CERAMIC SCAFFOLDS

Ceramics are crystalline materials and therefore tend to
have high compressive strengths and Young’s modulus but
low toughness, i.e., they are brittle materials. Alumina
and synthetic HA are the ceramics that are most com-
monly used in biomedical applications. Alumina is a bio-
inert ceramic, so it is not ideal to be used as a resorbable
scaffold.

Synthetic HA has been used most regularly because it
has a similar composition, structure, and Young’s modulus
to bone mineral. Tri-calcium phosphate (b-TCP) is also
similar to bone mineral in that they are both calcium
phosphate ceramics, but b-TCP is resorbable (44). Many
methods have been developed to produce 3D porous scaf-
folds of these materials.

In a porous form, HA and b-TCP ceramics can be col-
onized by bone tissue (45). A problem with introducing
pores into a ceramic is that the compressive strength of
the material decreases dramatically. The strength of the
scaffold depends on the thickness and strength of the
struts or pore walls. Generally, for brittle compression of
a foam (46),

scr / r3=2
r ð1Þ

where scr is the critical strength of the pore walls and rr is
the relative density, where

rr¼ rb=rs ð2Þ

where rb is the bulk density of the scaffold and rs is the
skeletal (true) density of the material.

The simplest way to generate porous scaffolds from ce-
ramics such as HA, is to sinter particles, preferably
spheres of equal size. The scaffolds can then be pressed
using cold isostatic pressing. As sintering temperature in-
creases, pore diameter decreases and mechanical proper-
ties increase as the packing of the spheres increases (47).

Figure 1. SEM micrograph of a poly lactic acid foam scaffold
made by freeze drying, courtesy of Dr. Aldo Boccaccini, Imperial
College London.
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Mechanical properties can be increased further by hot iso-
static pressing (HIPing). Porosity can be increased by add-
ing fillers such as paraffin, naphtalene, hydrogen
peroxide, sucrose, gelatine, and polymethyl methacrylate
(PMMA) microbeads to the powder slurry, which burn out
on sintering leaving pores. However, this technique gen-
erally decreases the compressive strength to below that of
trabecular bone, which is in the range of 2–12 MPa (48).

The majority of methods that are used to produce poly-
mer foams cannot be applied to ceramic systems. However,
a popular method for producing highly porous ceramics is
to produce a polyurethane foam template that can be im-
mersed in ceramic slurries under vacuum to allow the
slurry to penetrate into the pores of the foam. The organic
components are burnt out and the ceramic foams sintered
(13501C), producing a scaffold with interconnected pore
diameters of up to 300mm (49).

Ceramic slurries can also be foamed to obtain pores in
the range of 20 mm up to 1–2 mm. The incorporation of
bubbles is achieved by injection of gases though the fluid
medium, mechanical agitation, blowing agents, evapora-
tion of compounds, or by evolution of gas by in situ chem-
ical reaction. A surfactant is generally used to stabilize
bubbles formed in the liquid phase by reducing the surface
tension of the gas-liquid interface. Surfactants are mac-
romolecules composed of two parts, one hydrophobic and
one hydrophilic. Due to this configuration, surfactants
tend to adsorb onto gas-liquid interfaces with the hydro-
phobic part being expelled from the solvent and a hydro-
philic part remaining in contact with the liquid. This
behavior lowers the surface tension of the gas-liquid in-
terfaces, making the foam films thermodynamically sta-
ble, which would otherwise collapse in the absence of
surfactant.

The gel-casting method has been the most successful
method used to produce macroporous bioactive hydrox-
yapatite (HA) ceramics with interconnected pores of
greater than 100mm in diameter. Suspensions of HA par-
ticles and organic monomers are foamed by agitation with
the addition of a surfactant under a nitrogen atmosphere.
In situ polymerization (cross-linking) of the monomers,
which is initiated by a catalyst, creates a 3D polymeric
network (gel). The porous gels are sintered to provide me-
chanical strength and to burn out the organic solvents. HA
foams have been made with compressive strengths in ex-
cess of 10 MPa, which is similar to that of trabecular bone.
When the foams were implanted into the tibia of rabbits,
bone partially filled the pores after 8 weeks and there was
no inflammatory response. The compressive strength of
the scaffolds that were colonized by bone trebled.

Porous HA substrates produced by the above methods
are available commercially, such as Endobons (Merck,
Darmstadt, Germany), Interpores (Interpore Interna-
tional, Irvine, CA, USA), and Apatech, London, UK.

Naturally occurring porous structures are being con-
sidered to fabricate HA scaffolds. A frequently used struc-
ture is coral. Hydrothermal and solvothermal methods are
used to transform natural coral into HA after removal of
the organic component by, for example, immersion in so-
dium hypochlorite. Pore size in typical coral formations is

in the range 200 to 300mm. The porosity is interconnected
and the structure resembles that of trabecular bone.

An HA scaffold does not satisfy the criteria of an ideal
scaffold because HA resorbs only very slowly, the dissolu-
tion products do not stimulate the genes in the osteogenic
cells, and HA is only osteoconductive, not osteoproductive.
HA is more suitable for a bone replacement material
rather than a regenerative material. It is possible, how-
ever, to modify the HA composition to achieve gene acti-
vation. Genes are activated by small concentrations (less
than 20 parts per million) of hydrated silicon (SiOH4);
therefore, small amounts of silicon can be substituted for
calcium in synthetic hydroxyapatite. In vivo experiments
have shown that bone in growth in silica-substituted HA
granules was significantly greater than that into phase
pure HA granules.

Silicon-substituted HA scaffolds therefore have the po-
tential to fulfill all criteria of an ideal scaffold for bone
tissue engineering apart from controlled resorbability and
a Young’s modulus match with the host bone. Brittle ce-
ramics are, however, generally unsuitable for soft tissue
engineering applications.

6. BIOACTIVE GLASS SCAFFOLDS

Bioactive glasses form a bond to bone much quicker than
bioceramic materials. They bond to bone by forming hyd-
roxycarbonate apatite (HCA) layer, on contact with body
fluid, which bonds to the apatite in bone. HCA is a car-
bonated substituted apatite similar in composition to bone
mineral. It forms on bioactive glasses by a 5-step process
of glass dissolution, the formation of silanol (Si-OH)
groups, which are nucleation points for the layer, which
forms by precipitation from the body fluid (12). They bond
more rapidly than ceramics due to their being amorphous.
Dissolution of a random amorphous network begins much
earlier than that of a crystalline ceramic, therefore, the
HCA layer forms more quickly on the glass than on syn-
thetic HA (12). Bioactive glasses can be made via two
routes, traditional melt-processing and the sol-gel process.
The sol-gel process involves the hydrolysis of alkoxide
precursors, creating a sol, and the condensation of the
products of this reaction to form a silica-based network
(gel). During this condensation process byproducts of wa-
ter and alcohol are produced. These are trapped within the
gel and are removed by controlled drying. The removal of
this liquid leaves a porous texture in the nanometer range
(2–50 nm), giving sol-gel derived glasses a surface area of
150–600 m2 g� 1 (13), which is two orders of magnitude
higher than melt-derived glasses. Dissolution is therefore
more rapid than for melt-derived bioactive glasses of sim-
ilar composition. Along this surface there are many silanol
groups that act as nucleation sites for HCA layer forma-
tion, also making sol-gel derived glasses more bioactive.
Silanol groups are the nucleating points for the HCA
layer. The dissolution of sol-gel derived bioactive glasses
is large enough for bioactive glasses to be considered re-
sorbable and the rate of resorption can be controlled by
altering the textural porosity.
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Some of the techniques used to produce porous ceram-
ics can be applied to bioactive glasses, but the results are
variable. Sacrificial porogens and foaming agents have
also been used to create melt-derived bioactive glass (Bio-
glasss) scaffolds. Large pores with diameters in the region
of 200–300 mm were created, but the total porosity was just
21% and there were large distances between pores, so this
process failed to mimic the interconnectivity of trabecular
bone.

Theoretically, gel-casting could be applied to melt-de-
rived bioactive glass powders. However, bioactive glasses
undergo surface reactions on contact with solutions to
produce an HCA surface layer, and it is desirable to have
control over the reaction before a scaffold is ready for clin-
ical use.

The most successful method for the production of bio-
active glass scaffolds of similar structure to trabecular
bone mineral is the foaming of sol-gel derived bioactive
glasses. The sol-gel process involves polymer reactions of
the glass precursors in a solution (sol). The sol is a solution
of silica species that forms a gel by cross-linking together
into a silica network.

During the foaming process, air is entrapped in the sol
under vigorous agitation as viscosity increases and the
silica (-Si-O-Si-) network forms. A surfactant is added to
stabilize the bubbles at short times. As the porous foam
becomes a gel, the bubbles are permanently stabilized.
The gel is then subjected to controlled thermal processes
of ageing (601C) to strengthen the gel, drying (1301C), and
thermal stabilization/sintering to remove organic species
from the surface of the material (500–8001C). Bioactive
glass foam scaffolds can contain macropores up to 600mm
in diameter, connected by pore windows with modal di-
ameters in excess of 100 mm and compressive strengths up
to 2.5 MPa. Figure 2 shows a scanning electron micro-
graph of a pore network of a typical bioactive glass foam.
In vitro cell studies using primary human osteoblasts have
shown the foams stimulate formation and mineralization

of bone nodules within 2 weeks of culture without addition
of dexamethasone and b-glycerophosphate. The only cri-
terion of an ideal scaffold that is not fulfilled by bioactive
glass foam scaffolds is the toughness in tension, making
them unsuitable for tissue engineering strategy 1, but po-
tentially ideal for strategy 2.

7. COMPOSITES

Bone is a natural composite of collagen (polymer) and bone
mineral (ceramic). Collagen fibers have a high tensile and
flexural strength and provide a framework for the bone.
Bone mineral is an apatite that provides stiffness and the
high compressive strength of the bone. The obvious
method to mimic the structure of bone would be to create
a porous scaffold from a composite material.

Composites are generally a polymer matrix with ce-
ramic or glass fibres or particles reinforcing the matrix.
Attempts to produce an ideal scaffold from composite ma-
terials has led to the use of the resorbable polymers as
described above, both synthetic and natural, as matrices
with bioactive ceramics and glasses as filler materials.
The polymers provide toughness, the ceramics provide
bioactivity and stiffness. The polymer matrices are often
synthesised in the same way as discussed above, with the
bioactive phase either being added to the polymer solution
at the start of the process or added to the polymer scaffold
as a coating. Bioactive glass particles have been incorpo-
rated into PLA foam scaffolds shown in Fig. 1 to provide
not only bioactivity but also delivery of gene activating
ions to the scaffold. However, it is very difficult to match
the dissolution rate of the glass or ceramic to that of the
polymer matrix, and it is still difficult to maintain the me-
chanical properties of the scaffold during resorption, so the
quest for an ideal scaffold continues.

8. INORGANIC/ORGANIC HYBRIDS

In order to match the dissolution rate of the polymer
phase with the bioactive glass or ceramic, inorganic/or-
ganic hybrid scaffolds have been developed. These mate-
rials utilize the sol-gel process to introduce a polymer into
the solution (sol) before the silica network forms. Thus, a
polymer network forms during gelation at the same time
as the glass network forms, creating a hybrid, or a com-
posite at the nano scale (26–28). Organically modified sil-
ica gels are often termed Ormosils. Such materials have
been in existence for some time, but very few have been
developed with organic materials that are resorbable or
suitable for tissue engineering applications. The challenge
is to create bioresorbable polymer/ bioactive glass hybrids
that have controlled resorbability and toughness. Figure 3
shows an SEM micrograph of a polycaprolactone/silica-
calcia bioactive scaffold.

9. CONTROL OF ARCHITECTURE

The above sections have discussed material selection and
techniques to produce an interconnected porous network.

Figure 2. SEM micrograph of a bioactive glass foam scaffold
made by foaming sol-gel derived bioactive glasses.
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The foaming techniques produce suitable pore networks,
but although these techniques allow control of the per-
centage porosity and mean pore diameter, the individual
pore architectures and position cannot be controlled. Some
tissue engineering applications need a graded porosity,
e.g., a multiple tissue interface such as an articular car-
tilage/bone transplant.

Ideally, a scaffold should be designed for a specific de-
fect site in a patient. An x-ray computer tomography (CT)
scan of a damaged tissue can provide the exact architec-
ture and shape of a scaffold required to aid tissue regen-
eration. This data can be fed into computer-aided design
(CAD) files. These files can then be used to dictate the pore
network structure of the scaffold by using solid free-form
fabrication (SFF) and rapid prototyping (RP) techniques.
SFF and RP refer to a variety of technologies capable of
producing 3D physical structures from 3D computer data
sets. The use of SFF for scaffold fabrication, mainly for
polymeric scaffolds, has steadily increased over the past
few years. Among existing systems, stereolithography
[50], extrusion free-forming or fuse deposition modelling
[51], inkjet printing [52], and selective laser sintering
methods [53] are possible choices [54–56]. Figure 4 shows
a polymer scaffold that has been created by fused deposi-
tion modeling. This technique uses a filament of polymer
that is heated and laid on a substrate in a layer-by-layer
process through a nozzle, the movements of which are
dictated by a CAD file.

RP of bioceramics is used in two different ways; the di-
rect route in which the scaffold is directly formed from the
CAD file to the final form, and the indirect route in which
first a negative of the desired structure is made with poly-
mer wax, which acts as a mould. The moulds are filled
with a HA aqueous slurry, prepared conventionally, using
a vacuum infiltration device [52]. Pyrolysis of the mould as
and final sintering of the ceramic scaffolds is then carried
out at 12501C. A typical indirect RP technique involves
three main steps: (1) mould microstructure design; (2) ce-

ramic slurry development; and (3) binder burnout and
sintering.

Although less common, direct RP of HA scaffolds is pos-
sible using inkjet printing systems and by the commer-
cially known TheriFormTM SFF process. In this process a
thin layer of powder is spread onto a build bed, while a
computer controlled print-head assembly deposits liquid
binder droplets onto selected regions of the powder. The
floor of the powder bed drops down, a new layer of powder
is spread, and the process repeats until construction of the
object is complete.

Extrusion free-forming is another promising technique
used to produce hydroxyapatite scaffolds with highly con-
trolled pore structure. Bioactive glasses have not yet been
used in RP or SFF techniques.

10. 3D SCAFFOLD CHARACTERIZATION

When producing macroporous scaffolds, with intercon-
nected pore networks, it is imperative to be able to char-
acterize the scaffolds and to know the size distributions of
not only the macropore diameters but also, and more im-
portantly, of the apertures connecting the pores. It is also
desirable to be able to do this in a nondestructive manner
so that a scaffold can be used in a clinical trial after char-
acterization. Percentage porosity measurements are
meaningless for foamlike scaffolds as a scaffold with 80%
porosity may have many small pores (unsuitable) or few
large but well-connected pores (suitable). Techniques such
as mercury porosimetry and SEM are destructive tech-
niques that do not provide all the information required for
3D scaffolds.

X-ray microtomography (XMT) is a technique that can
be used to obtain 3D images of scaffolds. Figure 5 shows an
XMT image of a bioactive glass foam scaffold. XMT is
based on the same principles as a CAT scan (Computed
Axial Tomography) where series of two-dimensional (2D)
transmission x-ray images are reconstructed to form a

Figure 3. SEM micrograph of a polycaprolactone/silica-calcia
hybrid bioactive scaffold made by foaming.

Figure 4. SEM micrograph of a polymer scaffold that was pro-
duced by solid freeform fabrication.
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three-dimensional (3D) image. It provides quantitative
data on the integrated density and atomic number of the
matter in each voxel (volume pixel). Reconstructed images
can be obtained of samples with resolution up to 1–2 mm in
3D for laboratory-based (depending on sample size) and
higher if a syncotron x-ray source is used. It is relatively
straightforward to obtain images, but the challenge is
quantifying the pore structures obtained. Atwood et al.
[57] have achieved this by applying three algorithms to
thresholded images using 3D image analysis software.
Pore diameter distributions were obtained of both the
macropores and the pore apertures of bioactive glass
foam scaffolds (Fig. 6), nondestructively. This technique
can and should be applied to many other types of scaffold.

The XMT data has also been meshed and input into fi-
nite element analysis models for the prediction of fluid
flow through the scaffolds and their mechanical proper-
ties. These techniques can be applied to many types of
scaffold, whether polymers or ceramics, and should be de-
veloped further so that cell migration and tissue growth
rate into scaffolds can be monitored noninvasively and in
3D.

11. SUMMARY

Numerous materials have been developed as scaffolds for
tissue engineering applications. Scaffolds that most clo-
sely match the criteria for an ideal scaffold and most
closely mimic the structure of trabecular bone are made
by foaming. These include gel-cast HA foams, bioactive
glass foam, and biodegradable polymer foam/bioactive
glass composites. However, not all the criteria of an ideal
scaffold have been achieved by any material or processing

technique. Scaffolds produced by RP and SFF methods ex-
hibit highly ordered microstructures and they can be
readily manufactured to complex shapes dictated by CT
scans direct from the patient. A combination of polymers
and bioceramics with newly generated tissue must be used
to attain the goal of an ideal scaffold.
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1. INTRODUCTION

The word ‘‘implantable’’ in medical lingo commonly refers
to a tissue or device that is inserted or embedded with
surgery, and a ‘‘prosthetic device’’ is an artificial device
used to replace or rectify a part of the body whose physical
existence or functionality has been lost. Not limited to
replacing the functionality, prosthetic devices can also
potentially augment the existing capabilities of the hu-
man body and extend its ability beyond them. Among the
wide variety of implants, a class of implants exists, such as
dental, breast, facial, and hair implants, that replace or
augment a part of the body, but do not support a critical
functionality as such. These devices are termed ‘‘passive’’
as they do not require any electrical power for their
operation. Another class of implants exists that perform
their prosthesis through functioning of electronics. These
devices are termed ‘‘active’’ as they require electrical
power for the operation of the electronics contained in
them. The electronics may be inside or outside the body or
partitioned into internal and external units. We will refer
to these implantable prosthetic devices that employ elec-
tronics as ‘‘semiconductor-based’’ alluding to the fact that,
for decades now, the progress in the field of electronics is
fueled by the rapid advances in semiconductor science and
technology resulting in integrated circuits (IC). This
chapter will begin with an overview of some of the existing
implantable prosthetic devices based on electronics. A
systematic treatment of such a device will be presented
with a block diagram outlining the components and its
functionalities. The subsequent sections describe the ma-
jor electronic components necessary for an implantable
prosthetic device. An example of an implantable retinal
prosthetic device will be used along the way to present the
details of the electronics design and how it achieves the
goal of prosthesis. Finally, the challenges existing in
realizing miniaturized implantable prosthetic devices
and the practical issues to be considered in their future
development and function will be discussed.

One of the earliest electronics-based implants is the
pacemaker, which can replace the function of a defective
natural pacemaker of the heart (1). Nearly 200,000 pace-
makers are implanted in the United States annually. A
pacemaker uses batteries to send electrical impulses to
the heart to help it pump normally. An electrode is placed

next to the heart wall and small electrical charges travel
through the wire to the heart. The leads are threaded into
position through veins leading back to the heart. Most
pacemakers are demand pacemakers that have a sensing
device, which the signal on when the heartbeat is too slow
and turns it off when the heartbeat is above a certain level.
Another widely used implantable device for ensuring
normal heart operation is the ICD (implantable cardio-
verter defibrillator) (2), which monitors heart rhythms
and delivers shocks if dangerous rhythms are detected.
Once implanted, the ICD continuously checks the heart
rate. When it detects a too-rapid or irregular heartbeat, it
delivers a shock that resets the heart to a more normal
rate and pattern. The cochlear implant, a small electronic
device that can help to provide a sense of sound to a person
who is profoundly deaf or severely hard of hearing, is a
proven medical implant that has been successfully im-
planted in more than 70,000 people worldwide. Unlike a
hearing aid, which just amplifies the sounds, cochlear
implants compensate for damaged or nonworking parts
of the inner ear, thus replacing the natural functionality of
the hearing pathway (3). The cochlear implant is surgi-
cally placed under the skin behind the ear. The implant
has four basic parts: a microphone, which picks up the
sound from the environment; a speech processor, which
selects and processes sounds picked up by the microphone;
a transmitter and receiver/stimulator, which receive sig-
nals from the speech processor and convert them into
electrical impulses; and a set of electrodes, which directly
stimulates the auditory nerve that leads to the part of the
brain that interprets sounds. Apart from these fully
commercialized implants, which have been available for
more than a decade, some relatively new implants exists.
In 1997, the United States Food and Drug Administration
approved the first medical device to help reduce seizures
in people with epilepsy who have severe, uncontrolled
seizures. The device, called a vagus nerve stimulator (4),
consists of a stimulus generator that is implanted under
the collar bone like a pacemaker and connected by wire to
the vagus nerve in the neck where it delivers electrical
signals to the brain to control seizures. It includes an
external programming system that is used by the physi-
cian to change stimulation settings. Patients can turn the
stimulator on and off with a handheld magnet by holding
it over the stimulator. Another form of auditory prosthe-
sis, a brainstem implant has been made available for use
in teenagers and adults who have a rare disease called
NF2 (neurofibromatosis type 2) in which tumors growing
on cranial nerves need to be surgically removed. Removal
of tumors on the auditory cranial nerves requires severing
or cutting the nerves, which results in total loss of hear-
ing. These patients cannot be helped by hearing aids or
cochlear implants. Although the implants described above
do not provide an exhaustive list, it is intended to point to
the reader the variety of applications of implantable
prosthetic devices and the different physiological func-
tions they can potentially replace or augment through
electronics.

In addition to the existing implantable devices, some
prosthetic systems are currently under investigation but
not completely commercialized. Neuromotor prostheses
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are promising for paralyzed humans; they record the
neural signals from the brain and use them to control
external devices or the muscles themselves. The proof of
concept for such devices has been obtained in nonhuman
primates (5,6). Retinal prostheses are under development
to restore vision in people who have profound loss of vision
because of degeneration of the photoreceptors in the retina
caused by diseases such as RP (Retinitis Pigmentosa) and
AMD (Age-related Macular Degeneration). In order to
restore vision, the retinal neurons are electrically stimu-
lated, which bypasses the damaged photoreceptors,
thereby creating visual perception. Three permanent im-
plants, each with a first-generation 16-electrode prosthe-
tic device, conducted in 2002–2003, indicate great promise
in achieving useful vision for RP/AMD patients (7). The
patients are able to read a large letter, count objects, and
recognize and differentiate objects such as a cup from a
plate, as reported in Liu and Humayun (8).

A block diagram of a generic implantable prosthetic
device with the implant unit and the external unit is
shown in Fig. 1. An implantable prosthetic device is
usually partitioned to include some implanted compo-
nents and some external components. From the first
look, it seems ideal that prosthesis consisting of electro-
nics would have all components fully implanted such that
communication with any exterior devices is minimized or
even eliminated. Accordingly, for biocompatibility, a more
stringent power dissipation budget would be necessary to
support a fully implantable prosthesis, which might be
difficult to meet while trying to increase the functionality
of the implant electronics. The pacemaker and the ICD are

examples of fully implantable prosthetic devices where the
power consumption of the implant unit is very small. Also,
a number of advantages can be derived from partitioning
the prosthesis into two parts—internal and external to the
body—beyond merely simplifying the entire device into
one completely implantable unit. Cochlear and retinal
prostheses are examples of this type of partitioned pros-
thetic devices. Primary benefits of external electronics
include reduced internal heat dissipation and ease of
refinement and upgrade of functionality in the external
unit (which would otherwise be difficult in a fully im-
planted case).

The external and implant units are connected wire-
lessly across the skin; the benefits of a wireless connection
will be explained in detail in the wireless telemetry section
in this chapter. The wireless links are used to transfer
power and data from the external unit to the implant. Two
forms of data telemetry—forward data telemetry, which
transmits data from the external to the implant unit, and
reverse data telemetry, which transmits data from im-
plant to the external unit—constitute the communication
link between the two units. The external unit consists of
the power transmitter, which transmits the power
(usually through an inductive coil), the power controller
to vary the transmitted power, and the forward data
transmitter. The block ‘‘data acquisition’’ represents the
processing unit that acquires the data from the external
unit, processes and feeds it to the forward data transmit-
ter to be sent to the implant unit. In a cochlear prosthesis,
the microphone that picks up the sound from the environ-
ment is the data acquisition unit. In the case of retinal
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Figure 1. Block diagram of a generic implan-
table prosthetic device.
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prosthesis, it is a video camera that captures the real-time
images and converts them into digital data. The reverse
data telemetry receiver and the sensors inform the ex-
ternal controller (essentially a microcontroller with com-
puting capability and storage memory) the status of the
different variables monitored by the sensors at the im-
plant and external unit, respectively. The implant sensors
measure physiological parameters such as temperature,
pressure, and pH and electrical parameters such as
electrode impedance, nerve responses, received power,
and so on. The external sensors monitor the transmitted
power, power level of the external battery, and other
parameters used to monitor the system performance and
shut it down if necessary. The controller sequences and
synchronizes the operation of the entire external unit. The
primary unit operates from a portable battery that can be
replaced or recharged. The implant unit consists of the
power receiver to recover the transmitted power and
regulates it through the voltage regulators to provide
stable voltages for the operation of implant electronics.
The microstimulator is the functional core of the implant
unit that stimulates the tissue through an array of
electrodes interfacing with the living tissue. The implant
controller manages the implant electronics similar to its
external counterpart by processing information from the
forward data telemetry receiver and the implant sensors.
Normally, the controller at the implant side is designed to
execute lesser operations than the external one to mini-
mize the power dissipation inside the body. The following
sections of the chapter will describe the electronics design
and implementation of some of the key blocks described
above. Different options of implementing the functional-
ities will be discussed with their associated merits and
demerits.

2. MICROSTIMULATOR ELECTRONICS

The stimulator, also referred to as microstimulator be-
cause it is miniaturized to be accommodated in the con-
straints of the available space, is the closest functional
block to the stimulated biological tissue. The electrical
stimuli generated by the microstimulator are delivered to
the tissue through the electrodes. A representative stimu-
lus pattern used for electrical stimulus of living tissue is
shown in Fig. 2.

2.1. Methods of Biphasic Stimulation

The stimulus mode is termed biphasic because each
stimulus pulse is composed of a cathodic phase and an
anodic phase. Generally, it has been observed that bipha-
sic stimulation waveforms yield superior results compared
with uniphasic stimulations (9). The time interval be-
tween the two phases is called the interphase interval.
Usually, the cathodic phase is the leading one that depo-
larizes the cell membrane and elicits a neural response,
which is followed by the anodic phase, which is used for
balancing the first phase so that no net charge accumu-
lates at the electrode site. The interphase interval sepa-
rates the pulses slightly so that the second pulse does not
reverse the physiological effect of the first pulse. The

amount of charge generated at the stimulation site, which
should be above the threshold for creating a response from
the stimulation, is equal to the product of the amplitude of
the current pulse and the pulse width. The rate at which
the stimulation pulses are delivered is called the stimula-
tion rate and is expressed in pps (pulses per second). The
stimulation rate varies depending on the type of prosthetic
application. In some cases, a combination of high-fre-
quency and low-frequency pulses are used with different
rates for different amplitudes (10).

The biphasic pulses can be generated by the microsti-
mulator with a single-voltage or dual-voltage topology.
The former uses one supply voltage, whereas the latter
uses a combination of positive and negative supply vol-
tages. Both topologies have their merits and demerits;
although the single-voltage topology requires only one
voltage to be generated by the power recovery and regula-
tion circuitry, for generating biphasic pulses, it requires
two output leads per stimulation site. The dual-voltage
topology, which requires the power telemetry to generate
two supply voltages, making the design more complicated
than the single-voltage topology, requires only one output
lead per stimulation site for generating biphasic pulses.
So, for N number of stimulation sites, the single-voltage
and dual-voltage topologies require 2N and Nþ 1 inter-
connect leads between the microstimulator and the tissue.
This interconnect lead is an electrode array that routes
the electrical outputs from the microstimulator to the
tissue. The reason for one additional lead in the case of
the dual-voltage topology is for the common ground con-
nection shared by all the N sites. Figure 3 shows the
differences between the single- and dual-voltage topolo-
gies. For high-density microstimulators where a large
number of outputs are required to replace the lost func-
tionality of the biological system, the dual-voltage scheme
is preferred to maximize the number of outputs for a given
number of interconnections between the microstimulator
and the tissue. Often, the number of interconnections is
limited by the available space to accommodate the elec-
trode array and the microstimulator. In retinal prosthesis
application, the microstimulator to stimulate the retinal
layer is placed inside the eye, which has limited space to
accommodate the electronics and the electrode array.

Anodic phase
amplitude

Cathodic phase
amplitude

Interphase
interval

time
current

Stimulation period

Figure 2. Typical stimulation waveform.
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2.2. Biphasic Current Generators

Figure 4 provides a schematic representation of a biphasic
current generator. The anodic and cathodic stimulation
pulses are produced by two current generators that are
switched in a mutually exclusive manner. The amplitude
of the pulse is controlled by varying the magnitude of the
current generated, and the pulse width is controlled by the
time interval for which the corresponding switch (anodic
or cathodic) is ‘‘on.’’ The operating power supply voltages

of the microstimulator are determined by the magnitude
of the maximum voltage occurring at the electrode while
delivering a specified amount of current, which is deter-
mined by the impedance presented by the electrode/tissue
interface. Normally, the supply voltages are 0.5 V to 1 V
(headroom) higher than the maximum occurring voltage
at the electrode. This headroom is necessary for the
current generators to operate accurately. It is needless to
mention that minimizing this headroom is desirable to
reduce the power consumption caused by the overhead in
addition to the power dissipated on the electrode. Mini-
mizing this overhead helps the system in a two-fold
manner: (1) It reduces the power drawn from the battery,
and (2) it reduces the heat dissipated by the operation of
the current generators. Also, if the impedance of the
electrode increases along the way after the implant is
completed, then the operation of the current generator is
affected in terms of accuracy. Thus, a maximum voltage
appears across the electrode for which the current gen-
erator functions as designed. This voltage is referred to as
the compliance voltage. In order to provide some safety
margin to account for any possible increase in the im-
pedance of the electrode/tissue interface, the microstimu-
lator is designed for a compliance voltage more than the
maximum voltage occurring at the electrode, which, as
can be seen, increases the operating voltage of the micro-
stimulator, thereby increasing battery power consumption
and heat dissipation. Increasing the operating voltage also
increases the power dissipation by other blocks of the
microstimulator such as the digital circuitry, which can
operate at a much lower voltage than that required by the
current generators. In some implementations, a lower
voltage is generated by the power regulation circuitry in
addition to the higher voltage (required for stimulation)

Single-voltage
power

regulation
circuitry

Output 1

Output n

Microstimulator
Circuitry

Vdd

gnd
Secondary
Power Coil

Dual-voltage
power

regulation
circuitry

Microstimulator
Circuitry

Vdd

gndSecondary
Power Coil

Vss

Tissue

Common ground
electrode

(a)

(b)

Tissue

Output 1

Output n

Figure 3. (a) Single-voltage topology. (b) Dual-
voltage topology.

Vdd
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Cathodic current
generator

Anodic current
generator

Electrode/tissue

Anodic switch
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Figure 4. Biphasic current generator.
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(11). Achieving low-power consumption, by reducing the
overhead, while maximizing the compliance voltage is one
of the major challenges in the design of microstimulators.

2.3. Components of Microstimulator

Figure 5 shows a generic block-level diagram of the
components of a microstimulator. The serial data, which
is wirelessly received and recovered by the data telemetry
system, is fed to the microstimulator along with a clock,
which is required for time synchronization of the received
data. The outputs of the stimulus generators (anodic and
cathodic current generators) are passed through a demul-
tiplexer, which connects to the electrode array. The de-
multiplexer allows one output of the stimulus generator to
serve more than one electrode by connecting the output to
one of the many electrodes that form a demultiplexed
group (12). The outputs of all the stimulus generators are
thus connected to several such groups. Each output is
switched between different electrodes of the same group
over time. This method allows only one electrode in a
demultiplexed group to stimulate the tissue and thus
reduces the flexibility of any-time-any-electrode stimula-
tion. However, it has the advantage of reducing the
number of current generators for a given number of
electrodes, allowing a reduction in area and power of the
circuitry. The amplitude of the current generators is
controlled by an array of digital-to-analog converters
(DAC), allowing digital control of the amplitude of current
pulses (13). The pulse width of each stimulus is controlled
by the stimulation sequencer according to the data re-
ceived. Other parameters, such as interpulse interval and
stimulation period, are also controlled by this block. Along
with providing stimulation parameters for each stimulus
generator, the stimulation sequencer also controls the
order of stimulation between different electrodes. This

order can be preset when the circuitry is designed or can
be configured during the operation of the stimulator after
the implant. The forward data telemetry will be used for
transmitting this configuration data. The stimulus gain
controller adjusts the gain of the stimulus generator,
thereby adjusting the full-scale (maximum) current gen-
erated for each demultiplexed group. This feature is used
when a certain portion of the tissue needs to be stimulated
with full-scale current different from other areas (14).
After the implant is completed, this gain control can be
configured based on initial test results on the sensitivity of
different regions of the tissue. The advantage of using gain
control is that if the threshold of the tissue is found to be
less than the initial value, the stimulus current can be
reduced and still achieve the required stimulation. Redu-
cing the maximum stimulation current helps to reduce
power drain from the battery and heat dissipation in the
tissue. To ensure that no accumulation of net charge at the
electrode sites occurs, charge-balanced biphasic pulses are
used for stimulation. However, systematic mismatches in
circuit design that cannot be avoided and mismatches
between anodic and cathodic current pulses because man-
ufacturing deviations would most certainly cause a small
but finite charge storage at the stimulation sites. Also,
other unintended sources, such as leakage from an adja-
cent stimulation site over a period of time, may result in a
buildup of electric charge. The chronic effect of the charge
accumulation must be avoided for medical safety, requir-
ing an effective means for charge removal, which is
achieved by connecting the electrodes to the common
ground potential and discharging the charge storage
nodes. The charge cancellation circuitry is activated per-
iodically to perform this discharging process. A supply
voltage independent reference generation circuitry pro-
vides voltage and current references for all the analog

Microstimulator
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Stimulation
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Stimulus
gain

controller
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converter
array
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electrodes 

Positive supply voltage

Negative supply voltage

Serial Data
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Figure 5. Block diagram of a generic micro-
stimulator.
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circuit blocks in the microstimulator. A digital controller
controls the various blocks of the microstimulator to avoid
any conflicts such as discharging while stimulating. The
controller also consists of embedded memory to store
configuration data on various parameters discussed above
to operate in a free-running mode without the real-time
data, which is used to run default tests both in vivo and in
vitro without the forward telemetry in operation to detect
any operational faults. Apart from processing control
signals, the controller usually consists of a watchdog
unit that runs routine checks on the status of different
parameters to ensure error-free, smooth functioning of the
microstimulator unit.

2.4. Microstimulator Design

To provide a design example of the generic microstimula-
tor described above, this section will present two micro-
stimulator chips designed for retinal prosthesis. Here, the
biological tissue is the retinal layer, which is stimulated
with biphasic pulses. In retinal prosthesis application, the
quality of the prosthesis is directly related to the number
of stimulation outputs. Thus a dual-voltage topology is a
natural choice. Figure 6 shows the die microphotograph of
a microstimulator IC designed for retinal prosthesis (15).
The chip was fabricated in AMI 1.2-mm complementary
metal oxide semiconductor (CMOS) technology. It has 60
outputs that can stimulate an equal number of electrodes
interfaced with the tissue. No demultiplexing is used, thus
allowing complete flexibility to stimulate all electrodes at
any given time instant. The circuit can deliver a maximum
current of 200 mA, 400mA, or 600 mA, which is program-
mable by configuration through the forward telemetry. For
each maximum current, 16-level resolution is provided by
the anodic and cathodic DAC. Eight stimulation profiles,
specifying the anodic and cathodic pulse widths and the
interpulse interval, are available, each of which can be
programmed individually. The chip occupies an area of
5.5 mm � 5.25 mm. The chip operates at þ 7 V and � 7 V
with a compliance voltage of around 76 V (1 V headroom)

and consumes 50 mW while delivering 600mA into elec-
trode impedances of 10 kO at a stimulation rate of 60 Hz.
The anodic pulse width, cathodic pulse width, and the
interpulse interval were all 3 ms. Some sample stimulus
waveforms generated by the chip are shown in Fig. 7. The
waveforms demonstrate the flexibility of the chip to gen-
erate a wide variety of stimulation patterns. The different
stimulation parameters resulting in the waveforms shown
were configured by the digital controller to the stimulus
generators.

Another retinal prosthetic IC that uses the demulti-
plexing concept has been developed in AMI 1.6-mm CMOS
technology (16). As in retinal prosthesis each stimulation
pulse is around 2 ms and needs to be repeated at the
stimulation rate of around 60 Hz (stimulation period—
16.67 ms), it presents the option of using a single current
generator to cater to eight stimulus sites by demultiplex-
ing the output of the current generator. To minimize the
voltage headroom requirement for the current generator,
an active feedback current mirror is used, which allows
the stimulator to generate with headroom of 0.5 V. The
supply voltages of the chip are þ 6.5 V and � 6.5 V. The
driver circuitry consumes 500 mW while delivering 600mA
biphasic pulses (1 ms cathodic, 1 ms anodic pulse widths
with no interpulse interval) at 50 Hz stimulation rate into
to 8 loads (10 kO resistance). Also included in the chip is
the feature of variable gain amplification, which allows
the reduction of the stimulus current without compromis-
ing the resolution. This feature has the advantage of
maintaining the same resolution at a lower power, thus
reducing the heat dissipation and prolonging the battery
life. A novel charge cancellation circuitry with current
limiting capability is implemented to discharge the elec-
trodes for medical safety, which not only allows periodical
discharge of the electrodes but also limits the discharge
current to avoid large currents at higher discharge vol-
tages. Figure 8 shows the microphotograph of the chip.
This chip is a prototype design for a future 1024-output

Figure 7. Biphasic stimulus waveforms generated by the micro-
stimulator.Figure 6. Die microphotograph of 60-output microstimulator IC.
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microstimulator for an implantable retinal prosthetic
device.

3. POWER TELEMETRY ELECTRONICS

The implantable device needs power for the microstimu-
lator to stimulate the tissue. In addition, the other elec-
tronic circuits, such as the data telemetry, power
regulation, and implant controller, also need power for
operation. Determined by the application, different types
of implantable devices have radically different power
requirements. For example, a cardiac pacemaker needs
power in the order of hundreds of microwatts for stimula-
tion (which is not continuous but only when the natural
stimulation of the heart drops below the acceptable level)
and its house-keeping tasks such as monitoring and data
logging. Other implants, such as retinal and cochlear
implants, may require power ranging from tens to hun-
dreds of milliwatts depending on the number of electrodes
and the electrode impedance. In applications such as
retinal prosthesis where a continuous operation is re-
quired (real-time vision) as opposed to demand-mode
operation in pacemakers, continuous power supply is
necessary.

3.1. Methods of Power Delivery

A conductive tethering wire connecting a battery in the
external unit to the implant unit is the most straightfor-
ward way to provide power (17). However, wire penetrat-
ing through the skin, termed ‘‘percutaneous’’ may require
continued medical supervision to guard against any infec-
tion. Depending on mechanical anchoring, such as to bone,
percutaneous connectors may restrict movement of the
tissue surrounding the wire causing friction between
them, which may result in damage of the tissue or break-
ing of the wire. For example, in the case of retinal
prosthesis, rapid eye movement can break any penetrat-
ing wires passing through the sclera (tissue envelope
covering the eyeball except the cornea). In addition to
the technical difficulties, it also poses considerable incon-
venience to the patients. Considering the difficulties of
dealing with a percutaneous wire in an implantable
device, especially for long-term implant, wireless methods
of power delivery are preferred. Inductively coupled coil
pair, infrared power link, and thermal-to-electric conver-
sion are some of the methods for obtaining power wire-
lessly. Another option of delivering power is an implanted
battery instead of an external one. Although this method
achieves the highest efficiency, it can only provide a small
amount of power with a reasonable battery size and
weight over the entire lifetime of the implanted device.
For this reason, only implantable devices with low-power
consumption with occasional drain on battery power can
operate on implanted batteries. The two major prosthetic
applications in which an implant battery has been suc-
cessfully used are the pacemaker and the ICD (18). Over
the developmental history of pacemakers, batteries have
improved significantly, resulting in Mercury-zinc, piezo-
electric, biogalvanic, and nickel-cadmium rechargeable
being considered as candidates for a power source. Today,
lithium-iodine power cells are widely used because of their
high-energy density and long shelf life (up to 10 years).
Scientists and engineers are still actively pursuing bat-
teries with higher energy densities to accommodate the
increasing demand for more functions by the implant
electronics in current and emerging future applications.
A comparison of these methods is shown in Table 1.

Of the wireless methods of power transfer, inductive
link is the common one. It can continuously provide a
relatively large amount of power (up to several Watts)
with acceptable efficiency. It has been employed in co-
chlear implants, where tens of milliwatts are needed (19),
and it is being used in the research phase for applications
like retinal prosthetic device with even larger power
requirements. Other alternatives as power sources are

Figure 8. Die microphotograph of variable gain 8-output micro-
stimulator IC.

Table 1. Comparison of Different Power Sources (no tethering wire)

Battery Inductive Infrared Thermal

Transmitter/energy source — Coil LED, laser Body heat
Receiver — Coil Photodiode, phototransistor Thermoelectric material
Available energy Low Large Moderate Low
Efficiency High Moderate Low Low
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infrared power link, biothermal cells, and biofuel cells.
Infrared link, which transmits infrared rays through the
skin that is recovered in the implant using an optoelec-
tronic receiver, can transmit moderate power through the
skin but the electrical-optical-electrical energy conversion
efficiency is low compared with inductive link. The
amount of power that can be transmitted is also small
(20). Biothermal cells convert the heat inside the body to
electricity. A newly commercialized biothermal power cell
can output 100mW to implantable devices and can act as
an additional energy source for low-power implants such
as a pacemaker (21). A new type of power source called
biofuel cells (22), which harness the energy from chemi-
cals in the body such as glucose to generate electricity for
implant devices, is also under research.

3.2. Inductive Power Link

An inductive link consists of a power transmitter, an
inductively coupled coil pair, and a power receiver, as
shown in Fig. 9. The whole system operates under a
portable battery outside the body with power transmitted
to the implant through the coupled coil pair L1�L2. The
power amplifier at the primary side converts the battery
DC power into radio frequency (RF) power. The frequency
that transmits the power across the coil pair is referred to
as the ‘‘power carrier’’. The power radiated by the primary
coil (L1) is received by the secondary coil (L2). This power
is then converted back to DC by the power recovery
circuits to operate the implant electronics. The major
components of the inductive power link are described
below.

When an electrical current flows through a wire, a
magnetic field is generated. A coil is formed when this
conducting wire is wound into one or several loops, where
a magnetic field develops that originates from the center
of the loop along the longitudinal axis and circles back to
the origin around the loop. The magnetic field lines
generated by each loop of coil combine with the lines
generated by other loops to produce a concentrated field
in the center of the coil. When another (receiving) coil is
placed close to the transmitting coil, the magnetic field
generated by the transmitting coil passes through the
windings of the second coil and these two coils are
magnetically (inductively) coupled. Further, if the current
of the transmitting coil is alternating, by Faraday’s law,
the time-varying magnetic field generated by the alter-
nating current induces an alternating voltage in the
receiving coil, thus enabling energy transfer from the
transmitting coil to the receiving coil.

The size and shape of the coils are highly critical for an
efficient power transfer and deserve special attention.

First, to facilitate the energy transfer, the two coils should
be constructed with a shape that can maximize the
coupling and be placed as close as possible. In cases where
the application permits, a ferromagnetic core may be
inserted through the axes of the coils to improve the
coupling. Second, the wire diameter of the coil should be
chosen according to the frequency of the electrical current
to minimize the skin effect. Skin effect refers to phenom-
enon of increase in resistance of a conductor when AC
current passes through it. The current tends to concen-
trate in the surface of the cross section of the conductor,
thus increasing the equivalent resistance. The higher the
frequency, the more severe is the skin effect. One way to
reduce the resistance is construct the coil with several
wires (strands) twisted together (for example, Litz wire) to
increase the equivalent cross section conducting area and
reduce the resistance. However, the number of strands is
normally limited by the maximum allowable size of the
coils. Another important parameter of the coil is the
number of the loops of the conductor (called number of
turns). With the same current in the transmitting coil,
more turns can generate a higher magnetic field, thus
inducing a higher voltage across the implanted receiving
coil. However, as the number of turns increases, the
equivalent resistance of the coil increases too, which
causes higher power dissipation on the coil. For a given
size of coil, the number of strands trades off with the
number of turns, and both should be optimized for a given
application to achieve high-power efficiency. Generally, in
implantable prosthetic devices, one coil is implanted (by
surgery) or injected (by hypodermic needle) into the body
and thus should be constructed as small as possible to
minimize the patient discomfort and to ease surgery/
injection procedure. The external coil, however, is usually
much larger for better coupling and constructed in a
pancake shape for the ease of placement and aesthetic
reasons. Shown in Fig. 10 is a diagram of a coil pair with
dimensions constructed for power transfer in retinal im-
plant. The bigger coil is to be placed outside the eye and
the smaller one is to be implanted.

3.3. Power Transmitter

The transmitting coil needs alternating current to gener-
ate an alternating magnetic field so that the required
voltage is induced across the receiving coil. The power
amplifier converts the DC energy from the battery to AC
energy. The most common power amplifiers are classified
as Class A, B, AB, C, D, E, and F (23). Of all these
amplifiers, Class-E power amplifier is widely used in
implant applications because of its high power conversion
efficiency (90–97%) and ability to generate high-amplitude

M

L2Power
amplifier

Power
recovery LoadL1

Primary side Secondary sidePower

Battery

Skin
Figure 9. System diagram of an inductive power
link.
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output signals across the inductor while operating at a
small supply voltage. Shown in Fig. 11 is a simplified
schematic of a Class-E power amplifier. L1 is the primary
coil coupled to the implantable coil L2; LRFC is a choke
inductor, which supplies DC current; M1 is a high-speed
power MOSFET turned on and off at the frequency f to
drive the current with the same frequency flowing
through the coil L1, thus generating an alternating mag-
netic field. The capacitors C1B and C1A, together with the
inductor L1, form a resonant tank that resonates close to
the switching frequency f of the MOSFET to suppress
high-order harmonics. The high efficiency of Class-E
power amplifier is a result of its power efficient switching
conditions. As illustrated in Fig. 12, the switch is turned
on when the drain voltage of the MOSFET is zero, thus,
ideally, no power loss occurs. By properly choosing the
value of the capacitors and inductors according to the
switching frequency of the Class E (24), the power efficient
switching conditions can be achieved.

3.4. Power Recovery

The power coupled to the receiving coil is in AC form and
needs to be converted to DC form for the operation of
implant electronics. As shown in Fig. 13, the diode D1 and

capacitor Cs rectifies the AC voltage V2 to DC voltage Vs.
Often, a resonating capacitance Cres is used to amplify the
induced voltage on the secondary coil L2 to provide enough
voltage to the series regulator. As described in the micro-
stimulator section, a dual-voltage supply is preferred for
generating biphasic stimulation waveforms. Shown in Fig.
13 is a simple topology used for dual-supply voltage
generation. The series regulator provides the initial phase
of voltage regulation, which is followed by a shunt reg-
ulator. The shunt regulator provides the required dual-
supply voltage of Vdd (positive voltage) and Vss (negative
voltage) with a common ground (zero potential). However,
for a biphasic stimulation, the anodic stimulation current
does not happen at the same time as the cathodic current,
as shown in Fig. 2, which results in additional power loss
in the shunt regulator with the topology in Fig. 13 because
of the current flowing path when only anodic stimulation
is activated. In this case, the stimulation current ia flows
through the electrode and the shunt regulator, as shown
in Fig. 13. The power dissipated on the shunt regulator
(Vss � ia) is wasted, which is about half the total power
delivered by the series regulator ((VddþVss) � ia). In other
words, if the required stimulation power is Pload, the series
regulator needs to supply twice the power of that (2Pload).
Nevertheless, the rectification topology shown in Fig. 14
can be used for improving the power efficiency. The two
voltages are generated through a dual-diode rectification
with the series regulators. This topology provides a low-
impedance return path for the current to the storage
capacitors. Thus, even when only anodic/cathodic stimula-
tion is activated, the current will not flow through the
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Figure 12. Typical Class-E waveform.
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cathodic/anodic regulator, as in the case of Fig. 13, which
allows the regulated power to stimulate the tissue without
any additional loss. It should be noted that this topology
requires an additional diode and a capacitor compared
with the topology in Fig. 13.

3.5. Closed-loop Power Control

As mentioned earlier, the coils should be placed as close as
possible to maximize the coupling, thus necessitating
accurate positioning of external device (coil). However,
because of the body movement, the external coil might be
displaced with respect to the implant coil. For example, in
retinal prosthesis, the external coil placed on the wearable
glasses could move because of the body movement. The
displacement of the coil may cause fluctuation in the
power received by the implant, which may result in one
of the following: (1) excessive transmitted power that is
dissipated as heat in the implanted device, causing a
detrimental effect on the tissue because of a long-term
increase of temperature; (2) a decrease in transmitted
power that results in a decrease in supply voltage below
the minimum required for proper device operation. In this
case, to design the system for the worst case, maximum
power must be transferred at all times to accommodate for
coupling or loading variations, causing excessive power
loss, unnecessary exposure of tissue to strong electrical
magnetic fields, and battery drain. Furthermore, in some
applications, the loading power within the implanted unit
may change significantly with stimulation data pattern
and, correspondingly, the required current amplitudes,
imposing further constraints on the power delivery sys-
tem. To compensate the coupling/load variation, the trans-
mitted power can be adaptively controlled to transmit the

exact amount of power necessary for device functioning
according to the coupling and load. One method in Tang
(25) estimates the coupling coefficient by detecting the
external coil voltage and current. This method somewhat
reduces the impact of coupling change, although it is only
applicable to systems with constant loading. Another
method that directly measures the power at the implant
side transmits this information back to the external
control unit and automatically adjusts the transmitted
power is described in Wang et al. (26).

3.6. Power Telemetry Design

Figure 15 shows die microphotograph of an implantable
power telemetry IC designed for retinal prosthesis. The
chip consists of series and shunt regulators for power
regulation and power detection circuitry. The power de-
tection circuitry measures the amount of power received
by the telemetry. It also detects whether the power is
increasing or decreasing. The diode D1 and capacitors Cres

and Cs are not integrated into the chip because of their
large size. The series and shunt regulator provide the
necessary dual voltages, þ 7 V and � 7 V for the micro-
stimulator, voltage regulators, and power detection cir-
cuits. The series regulator provides 3 mV/V of line
regulation (measure of sensitivity of the output voltage
to any change in input voltage) and 1 mV/mA load regula-
tion (measure of sensitivity of output voltage to any
change in the output current). The series regulator con-
sumes 6 mW of power and consumes about 6 mW when
input is 15 V. The power detection circuits consume about
5 mW.
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Figure 13. Single-diode rectification topology
for dual-supply voltage generation.
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4. DATA TELEMETRY ELECTRONICS

Data communication between the external and the im-
plant unit is essential for two distinct purposes:

1. To transfer information to the implant about the
parameters of the stimulation

2. To transfer information to the external unit from the
implant, which includes neural recording and status
information such as temperature and pH.

The first communication link (forward telemetry)
serves the purpose of the prosthetic device by providing
information to the microstimulator relating to the para-
meters of stimulation (amplitude, pulse width, stimula-
tion rate, etc.), which enables the lost biological function to
be replaced. So the data transmitted by this link essen-
tially carries the information that the patient cannot
perceive and interpret in the absence of the implantable
device. For example, in cochlear prosthesis, this informa-
tion corresponds to the sound that has been encoded into
stimulus parameters for the stimulation of the implant
electrodes in the cochlea. In retinal prosthesis, the image
information captured by the camera, encoded into stimu-
lus parameters, constitutes the forward telemetry data
link. Although the forward telemetry serves a functional
purpose, the second communication link (reverse teleme-
try) serves the purpose of monitoring the implant unit for
functional and safety purposes. One example in which the
reverse telemetry is used for implementing the function
directly related to the prosthesis is modifying the stimulus
parameters in response to any change in electrode proper-
ties such as impedance (27). The impedance sensor in the

implant unit detects the change and transmits it back to
the external controller, which suitably alters the stimula-
tion parameters to provide an effective stimulation at the
new impedance level. Other parameters of interest are
temperature change (caused by the heat dissipation be-
cause of functioning of the implant electronics), pH level of
the electrode-tissue interface for monitoring any tissue
damage resulting from dissolution of electrode, and tissue
response elicited by electrical stimulation through cellular
recordings. For safety purposes, although many physiolo-
gical parameters exists that can be monitored to reflect
the status of the implant, temperature monitoring is a
major form of physiological status check. In the advent of
any abnormal change in the temperature of the tissue
surrounding the implant, the external controller will
initiate a safety alarm to alert the patient, along with
shutting down the implant operation to prevent any
further damage. This communication will also be useful
in error checking of the forward telemetry communication
caused by random errors in the wireless communication
channel or malfunctioning of the decoding electronic
circuitry. The reverse telemetry is also used for synchro-
nization between the implant and external unit. The
reverse telemetry can also be used to optimize the perfor-
mance of the implantable device as a system. One such
example is transmitting the implant power level informa-
tion to the external unit through reverse telemetry and
employing a closed-loop power control to minimize power
losses and improve safety as explained in the power
telemetry section earlier. The data rates of the commu-
nication links depend heavily on the type of prosthetic
application and the functionality implemented in the
external and implant units. The reverse telemetry usually
has low data rates of 10 to 100 kbps (kilobits per second)
because the physiological signals generally have a low
bandwidth and do not require large sampling rates.
Typical forward data rates of neuromuscular stimulation
(28), cochlear prosthesis (29), and retinal prosthesis (8)
are 200, 400, and 2000 kbps, respectively.

4.1. Methods of Data Telemetry

The simplest method of data transmission to and from the
implant is a percutaneous wire connecting the two units.
The disadvantages of using a tethering wire, as discussed
in the power telemetry section, apply here as well. In-
ductive coupling can be used to transmit data using a pair
of coils. The difference between power telemetry and data
telemetry, in that case, is that in the data transmission,
the amount of signal power required to be transmitted
(and received) by the coupled coil pair is usually small.
Optical telemetry is another option for transmitting data
where a modulated beam of infrared light is used to
encode information. This information would then be de-
coded at the receiving end with optoelectronic detectors
and further processed with electronics. However, optical
transmission efficiency decreases rapidly with skin thick-
ness, and it is more sensitive to relative dislocation
between the transmission element and the receiving ele-
ment compared with magnetic coupling with coils (30) as
well as the ambient light sources. The forthcoming sec-

Figure 15. Die microphotograph of implantable power telemetry
IC.
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tions will discuss the widely used inductive method of data
telemetry.

4.2. Inductive Data Telemetry

A block-level diagram of a generic wireless telemetry
system with inductively coupled coils is shown in Fig.
16. The digital data at the transmitter side is encoded,
which then modulates the frequency carrier (data carrier)
according to the type of modulation scheme used. Several
modulation schemes are available, such as ASK (ampli-
tude shift keying), FSK (frequency shift keying), PSK
(phase shift keying), OOK (ON–OFF keying), and so on.
The choice of the modulation scheme is based on many
system parameters, such as data rate, distance between
the transmitter and receiver, and noise in the communica-
tion medium. Finally, a driver that is essentially an
amplifier drives the transmitting element coil. At the
receiver end, the weak signal received by the receiving
coil is amplified; usually, a filter implemented in digital or
analog form is used along with the amplifier to filter out
the noise accompanying the signal. The data carrier is
demodulated and the data stream is digitally decoded to
recover the transmitted data. The clock used for synchro-
nization of data transmission is also recovered to synchro-
nize the data detection and further processing. Depending
on the coil driver, wireless telemetry can be categorized
into active and passive telemetry. In active telemetry, the
coil is driven by an amplifier by injecting a finite amount
of energy into the coil (usually by passing an alternating
current through the coil). In passive telemetry, the coil is
not energized as such but a change is induced in the
impedance of the circuit connected to the coil; the informa-
tion to be transmitted is encoded in the magnitude of
change of the impedance (31). The performance of a
wireless data link can be measured by several parameters.
One of the key parameters is BER (bit-error-rate), which
specifies the number of bits that can be been received
incorrectly for a given number of transmitted bits. An
error is referred to as a ‘‘1’’ transmitted being received as a
‘‘0’’ and vice versa. Typically, the BER of telemetry for

implantable devices is around 10�6, which amounts to one
incorrectly received bit for one million transmitted bits.

4.3. Forward Data Telemetry Design

The forward telemetry needs a coil pair to transmit and
receive data. A careful study of the power and data
telemetry system described so far might suggest that the
coil pair used for power transmission could be used for
forward data telemetry too. The method is indeed feasible
for establishing wireless communication between the two
units of the implantable device. In this case, the signal
used to transmit power is modulated with the encoded
data to be transmitted, thus employing the power carrier
as the data carrier. The method has the obvious advantage
of not needing a dedicated coil pair for data telemetry. This
type of telemetry system is often termed ‘‘single-band
telemetry’’ referring to the fact that the same carrier
frequency is used for transmitting both power and data
through the same physical means. Normally, a low-fre-
quency carrier (less than 10 MHz) is used to transmit
power from the primary coil to the secondary coil because
at low frequencies the human body is easily penetrated by
the magnetic field leading to higher efficiency of wireless
power transfer. However, because the power carrier is
chosen to be a low-frequency carrier, high data rates
cannot be supported by modulating the power carrier
frequency. Also, the optimal design for power transmission
makes the system nonoptimal for data transmission by
requiring several cycles of the carrier to transmit one bit
of data. In applications such as retinal prosthesis, where
the quality of the prosthesis increases with number of
stimulus sites, requiring a large amount of information to
be transmitted continuously, achieving large data rates is
not possible with a conventional approach of a low-fre-
quency power carrier and modulating it to transmit data.
A novel approach, as shown in Fig. 1, where the power and
data are transmitted through a separate pair of coils,
using two different carrier frequencies forms a hybrid
dual-frequency link, which allows optimization of effi-
ciency power telemetry and data rate of the forward

Coil DriverData Encoder Modulator

Data DecoderFilter and
Amplifier Demodulator

Data

Clock

Trasnsmitter
coil

Data

Clock

(a)

(b)

Receiver
coil

Figure 16. Block diagram of wireless teleme-
try (a) data transmitter (b) data receiver.
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telemetry through allocation of different frequencies (32),
which is also referred to as ‘‘dual-band telemetry’’ refer-
ring to the use of two carrier frequencies.

4.4. Single-Band Forward Telemetry

Figure 17 shows the die microphotograph of an IC that
consists of the components of an implantable ASK receiver
used for forward telemetry (33). This forward data is used
to transmit stimulus and configuration information for a
100-electrode array for stimulating the electrodes inter-
faced with retina. The data rates that can be achieved
range from 25 to 250 kbps depending on the power (and
data) carrier frequency with corresponding values of 1 to
10 MHz. The encoding scheme used is PWM (pulse width
modulation). The receiver chip consists of an ASK demo-
dulator, filter, decoder for clock, and data recovery. The
test results of the chip are shown in Fig. 18. The top
waveform is the carrier envelope. The middle waveform is

the waveform measured at the output of the demodulator.
The bottom waveform is the recovered data at the output
of decoder.

4.5. Dual-Band Forward Telemetry

As the required data rates increase, owing to a higher
number of electrodes, stimulation parameters, and stimu-
lation rate, the simple ASK approach of modulating the
power carrier cannot support high data rates. In case of
neural recording, a large number of electrodes are needed
to extract information about brain activity, which also
requires a high data rate. A dual-band telemetry has been
designed for retinal prosthesis in which the power and
data carrier frequencies are 1 MHz and 16 MHz. The
interference from the power to the data link is minimized
by relative positioning of the power and data coils. Filter-
ing is used in the receiver to further minimize the inter-
ference. A low BER is desirable in applications such as
retinal prosthesis where the real-time image information
is sent from the external unit to the implant and the image
information cannot be repeated if the image in the field of
vision has changed. PSK is chosen as the modulation
scheme owing to its better BER performance for a given
SNR (signal-to-noise ratio) value compared with ASK,
OOK, or FSK. A modified PSK, differential PSK (DPSK)
is used to make the receiver robust to frequency offset. It
also allows a predominantly digital implementation re-
sulting in low-power consumption. Figure 19 shows the
simulation results of the wireless communication system.
The bottom waveform is the recovered data at the output
of the decoder in the receiver. The delay of this data
stream with respect to the transmitted data (top wave-
form) is caused by the circuit blocks of the receiver, which
is usually a few clock cycles resulting in a delay of
microseconds and usually insignificant in implantable
devices communication.

4.6. Reverse Data Telemetry Design

Figure 20 shows the circuit implementation used to
transmit data from the implant to the external unit in
passive telemetry mode using LSK (load shift keying). It
should be noted that the reverse telemetry uses the power

Figure 17. Die microphotograph of ASK data telemetry IC.
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Figure 18. Test results of ASK data telemetry.
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telemetry link for data transmission but in the reverse
way. The circuit shown is similar to Fig. 13 used for power
telemetry, in which the components to the right of Cs are
represented in the form of Rload, in Fig. 20 for simplifica-
tion. As this is not an active telemetry, the coil is not
driven by any power amplifier. Instead, a change in the
loading of the coil is modulated by using the switch P1,
which is turned on/off using the control signal PWM
connected to another switch N1. A receiver in the external
unit connected to the primary coil detects this change in
the loading (hence called load shift keying) and recovers
the data. The data rate is around 3 kbps. Figure 21 shows
the measured waveforms for passive reverse data teleme-
try with the transmitted data (top waveform) at the
implant unit and the demodulated signal (bottom wave-
form). This demodulated signal is further processed digi-
tally to recover the transmitted data.

5. PACKAGING OF THE IMPLANT DEVICE

The entire implantable device has to be hermetically
sealed and packaged in a biocompatible package for
long-term implants. The package should also provide
hermetically sealed feed-throughs for the required leads.
Special attention should be paid to the feed-throughs to
prevent any electrochemical reaction occurring while pas-
sing DC voltage/current, which also affects the power link
design to deliver DC supply voltages from the power
regulation circuitry. Biological fluid is very corrosive,
composed of organic and inorganic materials and salts
such as chlorides of sodium and potassium. The hermetic
biocompatible package serves two purposes: (1) bioresis-
tance—to shield the implantable device from the body
fluids—(2) biocompatibility—to protect the tissue from
any infection caused by the package material. Biocompat-
ibility is also essential to minimize formation of any
connective layer between tissue and device over the course
of long-term implantation. A variety of biocompatible
materials are available that are discussed in Park and
Lakes (34), some of which are mentioned below. The ICs
inside the implantable device need to be protected from
moisture for reliable operation. Silicon nitride has long
been used for protection of ICs against moisture. The
packaged device should have a small size for an accurate
placement of the device in the tissue and to allow the
device to fit into small spaces without damaging adjacent
tissue. Packaging of the implantable devices is important
because not only is the tissue tightly packed with func-
tional elements, but it experiences dynamic movements.
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In neuromuscular applications, peripheral nerves stretch
and relax with every motion of a limb. In cortical and
visual prosthesis applications, the brain and the eye move
relative to the skull for many activities of the body, some of
them involuntary such as breath and heartbeat. These
applications need a protective shell for a hermetic seal
that is mechanically strong. Protective shells sometimes
make it difficult to transfer signals in and out of the
package. Hard shell titanium packages have provided
several decades of lifetime for cardiac pacemakers. How-
ever, protective shells make it difficult for creating feed-
throughs. Although rigid materials such as titanium and
ceramics provide hermetic biocompatibility, they tend to
be bulky and must be machined and individually sealed.
Polymers offer a near-hermetic seal with the advantage of
being flexible and more conformal to the package outline.
Two polymers in particular have been demonstrated to be
biocompatible in a number of applications. PDMS (poly-
dimethylsiloxane), which has been used in IC packaging
for a number of years as a protective encapsulant, can be
applied by forming the polymer around the device in a
mold or in a simple glob-top application. Parylene C has
also found applications as a biocompatible coating. Par-
ylene C is more conformal than silicone, and can be
applied in much thinner layers leading to even greater
flexibility and volume savings. Parylene C is deposited in
an evaporative process that provides uniform coverage.
For both systems, cleanliness of the device prior to en-
capsulation is critical, so that adhesion problems do not
lead to premature failure of the polymer and thereby
compromise the biocompatibility of the system. Recently,
wafer bonding and micromachining techniques have made
it possible to realize miniature hermetic packages with the
required feed-throughs. As the packages discussed above
should operate inside the body for tens of years, acceler-
ated testing schemes are used to predict the life expec-
tancy and reliability of package during this period.
Moisture is a major cause of failure in hermetic packages
and, together with temperature, is responsible for over

50% of microelectronics device failures (35). Moisture
penetrates the package through permeation and diffusion.
Temperature and humidity are used as control variables
to accelerate moisture penetration in testing procedures.
Statistical analyses of the test results are used to estimate
the life expectancy of the implantable device inside the
body.

Without telemetry, a cable is necessary to connect the
implant to the external world. Even with telemetry, a
cable may be necessary to connect the electrodes to the
electronics that contains the telemetry, stimulation, and
recording units. The cable has to be mechanically, elec-
trically, and chemically stable. Mechanical stability is of
particular importance in applications such as retinal
prostheses where the organ is in constant motion, thus
increasing the risk of cable breakage because of mechan-
ical stress. Candidate materials for cables include silicon,
polyimide, parlyene, and PDMS (poly dimethylsiloxane)
(36).

6. CHALLENGES AND FUTURE DIRECTIONS

One of the issues that implantable devices have to deal
with is its need and ability to coexist with other medical
devices and procedures. Magnetic resonance imaging
(MRI) is a common medical diagnostic technique, espe-
cially in the imaging of the brain and the spinal cord with
its key advantage of displaying soft tissue contrast. The
technique uses a powerful magnet along with pulsed radio
frequency (RF) energy to produce images of internal
organs and functions. Several documented cases exist of
mishaps related to medical devices implanted in the
patients when they were exposed in the MRI environment
(37). Some of the effects of MRI on implanted devices are
device malfunctioning or failure caused by induced cur-
rents (produced by rate of change of magnetic flux density
with time), RF-induced currents resulting in heating
causing thermal or electrical burns. As the likelihood of
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being recommended for an MRI procedure in one’s lifetime
is increasing, so are the concerns of potentially adverse
interactions with implanted devices. Another aspect of
introducing a medical device into the MRI environment is
the effect its presence and operation may have on proper
functioning of the MRI scanner, degrading the quality of
the image obtained through the diagnosis. Therefore, it is
important that manufacturers of implanted devices iden-
tify and address any potential adverse effects the implant
patient may experience as a result of entering high
magnetic field strength areas or undergoing an MRI
scan. Another coexistence problem has been identified in
situations when diathermy (treatments that deliver en-
ergy to treat specific areas of the body) is used for patients
with implanted devices. Based on reports received from
patient-related incidents and laboratory tests that the
heating and nonheating modes of diathermy operation
pose a risk of tissue destruction, FDA issued a Public
Health Notification in 2002 (38) that shortwave or micro-
wave diathermy should not be used on patients who have
any implanted metallic leads or any implanted system
that may contain a lead. Both patients carrying implanted
devices in them and their consulting physicians must
exercise care and caution when treatments like this are
prescribed for the patient.

Owing to the advantages of eliminating the wire as a
means of power and data transfer, implantable devices are
widely using wireless telemetry for its operation.
Although an inductive link is the highly sought method
for wireless power transfer, challenges exist to ensure safe
operation of the inductive link. Electromagnetic field
generated by the power transfer coils can possibly heat
up the tissue to a level that is uncomfortable or even
dangerous to the patients. The design of an inductive link
should address these issues to stay within the specified
limits at all times. The field strength should be as small as
possible and its effect on the human tissue should be
investigated thoroughly before being applied. ANSI/
IEEE C95.1 (39) and ICNIRP (40) are two common
electromagnetic fields safety standards (41).

One problem that develops as more and more radio
frequency (RF) electronic devices such as cordless phone
(42) and toy controllers are used in daily life is the
magnetic interference between these devices and the
inductive link of the implant may cause implant malfunc-
tioning. On one hand, shielding of the implant from other
RF power sources should be designed using radiation
shielding materials like lead; on the other hand, patients
should also be cautioned against being in close proximity
with a strong RF source such as radio tower. Guidelines
issued by regulatory agencies such as the FDA and FCC
(Federal Communications Commission) have to be fol-
lowed both by the manufacturers and by the users of
such implantable devices. Care should be taken to avoid
any interference to the similar implantable devices, other
medical monitoring equipment, and communication appli-
ances in day-to-day use. Backup solutions should be
embedded within the implantable device and an external
controller to monitor any harmful accidents and prevent
or minimize any serious damage. As new generations of
implantable devices with more functionality continue to

develop, the pursuit of these new devices should also be
accompanied with the process of periodically revisiting
and evaluating the existing standards and regulations to
ensure safe and reliable operation of these devices, espe-
cially when they interact with each other. It would per-
haps be better if this potential interaction is taken into
consideration even during the design phase of the indivi-
dual device.

Although wireless power and data telemetry, microsti-
mulator, and DSP controller have been implemented
successfully as separate modules and, in some cases where
these modules have been integrated together on a single
substrate, a truly monolithic and fully integrated system
comprising of all these modules still remains a significant
challenge. One of the obstacles on the way of realizing
such a system is integration of the passive components
such as the inductor coil(s) power storage capacitors with
ICs. Although efforts in the circuit and system design
fronts aim at reducing the component sizes so that they
can be fabricated on the same substrate as the active
devices (transistors), resulting in an fully integrated chip,
packaging techniques employing post processing of the
chips to integrate the bulky passive devices in the vertical
dimension (which increases the area in a smaller scale
than horizontal dimension) over the chip with the elec-
trical connections made through the contact junctions in
the surface. Special passive components, namely SMD
(surface mount devices), lend themselves to these types
of post processing techniques. Another key challenge is
the integration of low-voltage and high-voltage circuits on
the same substrate. Often, the implantable devices are
required to operate on a few volts in order to minimize the
battery size and support extended battery life, yet still be
capable of delivering high-voltage signals for energizing
coils for wireless power telemetry or provide stimulation
voltages larger than the battery voltage, such as those
necessary for defibrillator output drivers and, at the same
time, run low-voltage electronics such as signals proces-
sors. Commercial CMOS processes that feature deep
trench isolation that physically separate low- and high-
voltage circuits on the same substrate are available that
can address this integration challenge. Low-power tech-
niques for the design of CMOS circuits can be profitably
exploited in order to reduce the system power consump-
tion, which is one of the main goals for implantable
devices. It is also worthwhile to consider that, often, these
systems lie in the category of low-voltage applications,
because most of them are battery operated and expected to
work close to the best performance even when the battery
discharges from its initial value to the EOL (end-of-life)
voltage. As electronics form the functional core of semi-
conductor-based implantable prosthetic devices, they can
greatly benefit from the emerging design solutions in
sophisticated CMOS technologies, because the high level
of integration can significantly help in reducing the size of
the implanted device, especially if design techniques that
avoid off-chip components are used. Today, advanced
semiconductor technologies offer devices with feature
size in the order of hundreds of nanometers and are
moving aggressively toward tens of nanometers. More-
over, further reduction in device size and advances in the
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field of MEMS (micro-electromechanical systems) (37) will
help to further miniaturize the implants reducing the area
and volume inside the living tissue.

The field of implantable prosthetic devices has grown
from simple scientific experiments to research projects in
academia and industry and has finally led to commercially
available products in the consumer market. It should also
be noted that advances in this area require expertise in
many fields like chemistry, electronics, and materials, and
medical sciences. The availability of sophisticated, low-
risk medical procedure for implants, and people’s will-
ingness to adopt these implants serve as a driving force for
the sustained development of such devices. In an era in
which the importance of health care and improved quality
of life have received a significant boost, semiconductor-
based implantable devices have truly developed a long
way in transforming science fiction to reality, and the
future of these devices appears very promising.
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1. INTRODUCTION

The twenty-first century approach to patient treatment is
a projection of our consumer-oriented society. The patient
population demands more efficient and effective therapies,
with less hospitalization time and fewer physician visits,
and the opportunity to lead a normal life, reflected by
limited therapy-related constraints. Achieving such goals
significantly surpasses the ex vivo analyses of collected
samples and opens the avenue to in vivo continuous
monitoring. A large number of therapies rely on analyte
information provided by the biological environment of the
patients, from blood gases and electrolytes to insulin
measurements and tissue absorption of drugs.

Although discrete collection of such information has
proven itself indispensable in critical care and therapeutic
regulation, such direction lacks the completeness of a
continuous stream of information that could be used to
adjust therapies, predict short-lived life-threatening ex-
tremes in the amount or concentration of an analyte, and
limit emergency room admissions, thus, leading to exten-
sive control of a specific illness.

Based on their anatomical location in a certain body
compartment or tissue, several categories of analytes can
be distinguished: blood-borne, such as glucose, hydrogen,
oxygen, carbon dioxide, and ionic species such as calcium,
sodium, potassium, etc.; compounds in the extracellular
fluid of the subcutaneous tissue; compounds common to
the neural tissue, such as glucose, glutamate, dopamine,
etc.; and excreted body fluids such as urine and sweat (1).

In the past two decades, in vivo continuous monitoring
has been used in research and clinical settings. Here,
several examples are mentioned: quantification of key
neurotransmitters and neural analytes; metabolic mea-
surements of biological analytes, such as glucose and
lactate; the analyses of metabolites and blood gases as
they relate to assessing physical performance; and critical
care monitoring of blood gases and metabolites during
open heart surgery, trauma, and problematic childbirth
(1).

The biosensor resides at the center of the monitoring
process. As defined by Chaubey and Malhotra, biosensors
are functional analogs based on the direct coupling of an
immobilized biologically active compound with a signal
transducer and an electronic amplifier (2). The underlying
mechanism of the dynamic between the biologically active
compound and the transducer pair relies on their coordi-
nated effects. Specifically, as outlined by Fraser, the active
compound either binds the analyte or causes the analyte
to react, while the transducer detects the change based on
predetermined chemical or physical calibration para-

meters, causing an electrical signal to be generated or
modified (1). In addition, for biosensors designated for in
vivo continuous monitoring, the definition should also
include the physical presence of the biosensor within the
biological environment for various periods of time. Bio-
sensors can be classified based on the type of transducer;
(e.g., optical, calorimetric, piezoelectric, or electrochemi-
cal) (2).

2. ELECTROCHEMICAL SENSORS

Among the various types of biosensors, the electrochemi-
cal biosensors are the most common as a result of numer-
ous advances leading to their well understood
biointeraction and detection process. Variation on electron
fluxes leads to the generation of an electrochemical signal,
which is measured by the electrochemical detector. The
versatility of electrochemical biosensors is illustrated in
the numerous applications of these sensors, from monitor-
ing micro-organism levels in polluted environments to
detecting glucose levels in the blood. As outlined by
Chaubey and Malhotra, several key characteristics that
make the electrochemical biosensors useful include their
successful operation in turbid environments, satisfactory
and consistent instrumental sensitivity, and the potential
for miniaturization (2). The two most important sub-
classes of electrochemical sensors include the voltam-
metric and potentiometric biosensors.

Voltammetric sensors investigate the concentration
effect of the detecting species on the current potential
characteristics of the reduction or oxidation of a specific
reaction (3). Amperometric sensors are a subclass of the
voltammetric sensors. The principle of functioning for the
amperometric sensors is based on the application of a fixed
potential to the electrochemical cell, resulting in a current
because of an oxidation or reduction reaction. The current
is, then, used to quantify the species involved in the
reaction (2,3). The versatility of amperometric biosensors
is also apparent from their direct or indirect measurement
capability. As Chaubey and Malhotra describes, direct
amperometry makes use of the intimate relationship
between the products of the redox reaction and the
measured current, whereas indirect amperometry uses
conventional detectors to measure the metabolic substrate
or product of the analyte of interest (2).

Potentiometric biosensors examine the potential differ-
ence measurement between the working electrode and the
reference electrode as it relates to the redox reaction of the
species of interest. The potentiometric biosensors monitor
the accumulation of charge at zero current created by
selective binding at the electrode surface (2). A disadvan-
tage of these sensors compared with the amperometric
counterparts is the extended time period required for the
potentiometric sensor to reach equilibrium required for
data collection (3).

1
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3. THE INFLAMMATORY AND WOUND HEALING
RESPONSE TO IMPLANTED BIOSENSORS

A fundamental requirement for any in vivo continuous
monitoring biosensor is its reliable performance over time.
A plethora of biomaterials and mechanical devices have
been successfully implanted in the body for decades (4–6).
The development of biomaterials for in vivo use is proof of
the ability of the body to tolerate long-term implants of
nonliving materials under certain circumstances. How-
ever, for implantable biosensors, mere toleration is not
sufficient. Normal biological reactions, such as protein
adsorption, cellular adhesion, and fibrous encapsulation,
which are a welcome event in the case of artificial tissue
replacements, must be minimized or eliminated in the
case of implanted biosensors, because their functional
characteristics may be changed in a nonpredictable man-
ner (7–9). Hence, the successful development of implan-
table biosensors for in vivo continuous monitoring must
address two fundamental aspects of the host-device con-
tinuum, the effect of the biosensor on the body (biocompat-
ibility) and the impact of the body on the function of the
biosensor (biofouling) (10).

The potential/current drift phenomenon resulting from
in vivo implantation significantly impairs the extended
use of biosensors, and, if not clearly distinguished from the
monitored biological change, poses a threat to the acquisi-
tion and interpretation of analyte(s) data (Fig. 1). In the in
vivo environment, the drift phenomenon is the result of
surface deposition of proteins and cells, and, in tissues, is
followed by connective tissue encapsulation (biofouling)
(11). Kyrolainen et al. reported that compared to physico-
chemical changes, biological drift is difficult to predict and
mathematically model. Consequently, frequent in vivo
calibration of these devices is a necessity for accurate
continuous monitoring of analytes (11).

3.1. Tissue Compatibility and Biofouling

Inflammation, wound healing, foreign body response, and
fibrosis are recognized as principal phases of the tissue or
cellular host response to injury, here, as a result of
biosensor implantation (Fig. 2) (12–14). Inflammation
represents the reaction of the vascularized living tissue
to the local injury created at implantation. In the next
stage, the wound healing process allows the formation of
the granulation tissue, characterized by angiogenesis and
presence of fibroblasts (Fig. 3) (15). Finally, the foreign
body reaction follows, represented by macrophages and
foreign body giant cells (FBGC), leading to fibrosis and
fibrous encapsulation. The fibrous capsule surrounds the
biosensor, isolating the implant and the biosensor/tissue
interface foreign body reaction from the local tissue en-
vironment (9,10). The size, shape, and chemical and
physical properties of the biosensor may be responsible
for variations in the intensity and duration of the inflam-
matory or wound healing process (16–21).

The inflammation, wound healing, foreign body re-
sponse, and fibrosis processes can be divided into several
fundamental stages: acute inflammation, chronic inflam-

mation, formation of granulation tissue, foreign body
reaction, and fibrous capsule development (Fig. 2) (22).

The acute phase of the inflammatory response occurs
immediately after tissue injury, and is of relatively short
duration, lasting from minutes to days, depending on the
extent of the injury. It is characterized by plasma protein
adsorption and the migration of leukocytes from the
microcirculation, including poly-morphonuclear leuko-
cytes (PMN), monocytes, and lymphocytes. These inflam-
matory cells actively migrate from the vasculature in
response to chemotactic factors present at the implant
site. Protein-rich fluid (exudate) accompanies this cellular
movement. Further, increased vascular permeability fa-
cilitates this movement resulting in accumulation of cells
and exudate, and it is the result of several mechanisms
including endothelial contraction, cytoskeletal reorganiza-
tion, leukocyte-mediated endothelial cell injury, and leak-
age from regenerated capillaries (22).

The predominant cell type within the exudate during
the acute phase is the poly-morphonuclear leukocyte
(PMN), also called neutrophil. Its major role is to attack
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Figure 1. Cyclic voltammetry testing (ferrous-ferric redox reac-
tion) of thick film printed electrochemical sensor. (a) Cyclic
voltammogram of a device tested prior to implantation, and (b)
cyclic voltammogram of the same device tested 42 days postim-
plantation. The performance of the device in (b) is significantly
affected by the presence of the fibrous capsule (10).

2 SENSOR BIOCOMPATIBILITY AND BIOFOULING IN REAL-TIME MONITORING



and digest (phagocytose) bacteria, tissue debris, and the
foreign material, so that wound healing can proceed (23–
25). Although implanted biosensors are not generally
phagocytosed by PMNs or macrophages because of the
disparity in size, certain events in phagocytosis are known
to occur. Although the implant size may prevent its total
ingestion by the PMN or macrophages, they will attach to
the device and undergo what is termed ‘‘frustrated pha-
gocytosis’’ (22). This process does not involve engulfment
of the biosensor, but does cause the extracellular release of

leukocyte products (lysosomal enzymes, proteases, and
free radicals) in an attempt to degrade the biomaterial
(Fig. 4) (15). In general, the number of PMNs throughout
the implantation time is indicative of negative compat-
ibility or even toxic effect induced by the device leading to
unsatisfactory overall biocompatibility (22,25), which also
suggests a continued cellular migration from the vascular
system because the lifetime of the PMN is relatively short
(48 hours).

Adsorption of plasma proteins onto the implant surface
is considered to be the initial event in tissue-material
interactions (22,26–31). In the context of a device, the
adsorption of plasma proteins from the biological fluid
onto the surface of active biomedical devices has been
recognized as the first stage of device biofouling (7). The
initial contact between a device surface and blood proteins
results in the coating of the surface within seconds to
minutes followed by competitive exchange between differ-
ent proteins, such as albumin, immunoglobulins (IgG),
and fibrinogen, which are reported to adsorb at high
concentrations on the surface of biomaterials/devices, in
general (26,27). It has been suggested that spontaneous
adsorption offibrinogen is instrumental in the initiation of
the acute inflammatory response (32). Specifically, fibrino-
gen adsorbtion onto biomaterials is followed by a change
in the protein conformation with the exposure of epitopes
P1 and P2, responsible for interacting with phagocyte
integrin Mac-1 (33). Such a process could support the
accepted cause-effect relationship between protein adsorb-
tion and aggressive cellular adhesion, leading to enhanced
biofouling (7).

The process of protein adsorption is controlled by the
characteristics of the material in contact with the biologi-
cal environment. Such determining features include topo-
graphy, charge density, distribution and mobility, surface
groups (chain length, hydrophobicity, and hydrophilicity),
structural ordering (soft to hard segment ratio and dis-
tribution, amorphous domains, and polymer chain mobi-
lity), and the extent of hydration (34). Therefore, it is
believed that the adsorption of a single protein molecule
involves several types of binding sites resulting in various
strengths of binding for different proteins. Consequently,
early adsorbed proteins could be desorbed and exchanged

Figure 2. Tissue or cellular host response to injury. The presence
of the injury and the device induce an inflammatory and wound
healing response that successively proceeds through the following
phases: acute inflammation, chronic inflammation, granulation
tissue, and fibrous capsule formation. During this process, macro-
phages and foreign body giant cells undergo ‘‘frustrated phago-
cytosis’’ in an attempt to breakdown the device (14).

Acute
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Figure 3. The temporal modulation of the
cellularity present in the various stages of the
inflammatory and wound healing response.
The intensity and time variables are depen-
dent on the extent of the injury created by
implantation and the size, shape, topography,
and chemical/physical properties of the bioma-
terial (15).
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with other proteins on the surface of the device, never
truly reaching a steady state in protein adsorption (34).

The protein deposition is a dynamic process during
which proteins undergo a continuous process of adsorption
and desorption, multilayer formation, and denaturation.
This process is controlled by the implant environment that
is responding to the surface chemistry of the biosensor and
to its geometry (shape, size). The early phase of protein
desorption effectively alters the biosensor surface, and it is
this modified surface that is seen by the cellular elements
(11).

By changing their conformation as a result of material
surface adsorption, native proteins may be recognized by
the host immune system as non-self, therefore elevating
the inflammatory response. Further, the presence of a
protein layer on the surface of active devices has been
recognized as playing a significant role in adhesion and
activation of inflammatory cells (PMN, monocytes/macro-
phages, and lymphocytes) (34,35). Aside from possibly
elevating the inflammatory response, the protein layer
generates a physical and chemical barrier between the
active device and the local environment. Such a barrier is
one of the factors responsible for the loss of sensitivity or
unpredictable performance (alters the chemistry of the
biosensor surface, thus inducing erroneous readings) in
vivo. For biosensors that operate based on an in vitro
calibration, the initial step of protein adsorption could
result in an unstable, ill-defined protein layer, which may
alter or block the mass transfer of the molecule to be
measured, therefore diminishing the sensor’s in vivo
performance (36). In addition, the protein adsorption
could lead to aggressive cellular adhesion.

Persistent inflammatory stimuli lead to chronic inflam-
mation. The chronic inflammatory response to biomater-
ials is usually of short duration and is confined to the
implant site. Mononuclear cells, primarily macrophages,
monocytes, and lymphocytes are all involved in this
response, as well as the proliferation of blood vessels,
fibroblasts, and connective tissue (Fig. 3) (22). Macro-
phages are by far the most significant cells in determining
the biocompatibility of implanted materials (22,37).

Blood monocytes migrate to the implant site, differenti-
ate into macrophages, which can adhere to the biomaterial
coating/sealing the biosensor, and become activated (Fig.
5) (22,38–40). It has been shown that an activated macro-
phage is capable of producing and secreting important
bioactive agents, such as chemotactic factors, reactive
oxygen metabolites, complement components and cyto-
kines, and coagulation factors, among others (22,40).
These agents have the potential to degrade or compromise
the material integrity, as well as to regulate the wound
healing response (22). Adherent macrophages have also
been shown to fuse and form foreign body giant cells
(FBGC) in vivo in response to a large, nonphagocytosable
surface of a biomaterial or devices, such as biosensors (Fig.
5) (41). It is believed that FBGCs retain many of the
biochemical properties of macrophages (22).

It has been reported that the microenvironment at the
macrophage or FBGC/material surface interface is char-
acterized by a decline in the pH compared with that of the
surrounding environment (42). A significantly acidic mi-
croenvironment could be responsible for degradation of
biosensor sealing membranes, leading to failure of the
device. Further, aggressive cellular adhesion and large
variations in the pH could significantly impair the perfor-

Figure 4. The initial protein adsorption is followed by cellular adhesion onto the protein-coated
surface of the device. Adherent macrophages are responsible for the release of a host of factors
involved in the early and late stages of the inflammatory and wound healing response. In addition,
they play a significant role in the process of ‘‘frustrated phagocytosis’’ (15).
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mance of electrochemical sensors in effectively identifying
rapid analyte fluctuations.

Regardless of the implantation site, intravascular or
subcutaneous, the blood-device interaction is responsible
for the formation of microthrombi and activation of com-
plement factors as well as phagocytic cells (38,39). The
presence of the microthrombi, along with that of the
phagocytic cells, is responsible for the generation of a local
environment that distorts the normal (uninjured) bio-
chemistry (34). Consequently, it is difficult to distinguish
between the targeted changes in the circulating analytes
to be measured by biosensors and possible artifacts.

Granulation tissue is the hallmark of healing inflam-
mation, and actually begins within 24 hours of the im-
plantation injury (22). At this point, fibroblasts and
vascular endothelial cells proliferate at the implant site
and begin to form a histologically pink granular tissue
called granulation tissue (22). The granulation tissue
displays neovascularization and a large number of prolif-
erating fibroblasts. Macrophages are also present within
granulation tissue and are considered to be central to the
coordination of reorganization and reparative events be-
cause of their release of additional bioactive agents such
as growth factors and cytokines (22,40). Angiogenesis
occurs by budding of preexisting vessels, where new
endothelial cells organize themselves into capillary tubes.
The fibroblasts are active in synthesizing proteoglycans
and collagen (40).

Granulation tissue and the formation of the FBGCs
characterize the next stage, which is known as the foreign
body reaction, which is considered a normal wound heal-
ing response to ‘‘inert’’ biocompatible devices, and the
absence of mononuclear cells, including lymphocytes and
plasma cells, indicates the resolution of the chronic phase
(12,22,43). The observed foreign body reaction can be
altered by the implant geometry and surface topography.
The number of macrophages, FBGCs, fibroblasts, and new
capillaries will vary depending on surface characteristics
such as smoothness, or conversely, roughness (22). It is
probable that this reaction consisting of macrophages and
FBGCs will persist at the tissue-material interface for
extended periods of time (months to years) (22).

The long-term presence of phagocytic cells in the local
environment of active devices is another factor that may
be responsible for the diminished or absent long-term in
vivo performance of the sensing devices.

Once the local tissue inflammation response has deter-
mined that the device cannot be ingested or expelled, it is
effectively walled off from the local tissue environment by
complete fibrous encapsulation (Fig. 6) (10,22,44,45). The
thickness of the fibrous capsule around the material has
been used as a measure of the biocompatibility (22,43–45).
The nature of this capsule is determined mainly by
macrophage mediation in response to particulates or other
agents originating from the material. Relative motion at
the implant site is another aspect influencing the macro-
phages to produce fibrogenic agents that result in thicker
capsules (12,46). Type III collagen is predominant, espe-
cially in early stages of wound healing, and its synthesis
by fibroblasts is increased as the network of collagen fibers
are oriented parallel to the implant surface, forming a
capsule of concentric layers around the implant (22,47).
However, with time, the amount of type III collagen
decreases as it is replaced by type I collagen, which is
the primary collagen composition surrounding the im-
planted devices, as well as its thickness, can then be
used as an indicator of biocompatibility (22,44,47).

The nature of the tissue environment is incompletely
understood, and when distorted through local exudation of
fluid and addition of highly metabolizing leukocytes,
tissue correlation to blood chemistry changes may be
difficult to separate. Over extended periods of implanta-
tion, local hypoxia and decreased pH may adversely affect
the transduction mechanism itself, particularly if this is
based on an enzyme (11). Granulation tissue and neovas-

Figure 5. The inflammatory and wound
healing response induced because of the pre-
sence of an injury as a result of device im-
plantation is characterized by the migration
of blood monocytes from the ruptured vessels
to the site of implantation where they become
tissue macrophages. Through cellular fusion,
tissue macrophages that had adhered onto
the surface of the device migrate toward each
other forming foreign body giant cells. These
cells have been known to have similar tissue
characteristics as the individual adherent
macrophages (39).

Figure 6. Electrochemical sensor inplanted subcutaneously, in
rat, for 42 days. The device is encapsulated by a fibrous capsule,
which shows some surface vascularization (10).
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cularization may mitigate against such effects in max-
imizing solute/analyte supply, alternatively, fibrous cap-
sule formation around the device may in fact partition the
sensor from the surrounding biological environment and
eventually provide data of little or no physiological value
(11,48).

It has been recognized that the mature fibrous capsule
developed around any in vivo implanted biosensor retards
the transport of even low-molecular-weight analytes, such
as glucose, to the sensor surface. Sharkawy et al. pointed
out that if the fibrous capsule represents a transport
barrier, it could be the result of two sources: the diffusion
barrier imposed of the densely packed collagen fibers of
the capsular tissue or the perfusion barrier imposed by
capsule tissue avascularity (49). Examining the two
sources of retarded transports, first, the dense capsular
tissue is responsible for significantly reducing the fluid
volume available for transport and increasing the tortu-
osity and steric hindrance, leading to lower effective
diffusion through the capsular tissue. For biosensing
devices, the fibrous capsule induces a significant delay,
at best, of the analyte to be measured, as the diffusion
through the fibrous capsule toward the active sensing
surface is either reduced or absent (7,49–51). Second,
limited capsular vascularity results in poor analyte perfu-
sion, leading to significant increases in the response time
(51).

It is believed that, even in the presence of a dense
fibrous capsule, analyte levels could achieve steady state if
the plasma levels remained unchanged over time. In such
an instance, the fibrous capsule transport barrier would
affect the time it takes to reach a steady state (51).
However, the motivation behind developing implantable
biosensors is to detect rapid, life-threatening fluctuations
in the plasma levels of an analyte. As a result of the
diffusion limitations imposed by the presence of a fibrous
capsule, the biosensor response could be significantly
retarded. In some circumstances, the delay could be large
enough to eliminate critical correlations between the
plasma levels and the collected data (8,50).

3.2. Hemocompatibility and Biofouling

Placement of biosensors in the blood stream leads to
adsorption of proteins on the sensor surface, particularly
fibrinogen and von Willebrand’s factor, which can lead to
adhesion and activation of platelets, the first step in the
initiation of thrombus on the surface of any implanted
material/device (52).

The coagulation cascade is initiated by platelets deposi-
tion, recruitment, and degranulation at the surface of the
biosensor, which is, then, amplified by leukocyte and
erythrocyte deposition. In combination with Factor XII,
the initiated coagulation creates a dense biofouling layer
that significantly diminishes the steady-state response
(11). Further, surface coagulation occurs regardless of
the presence of anticoagulant. In addition, intravascular
placement of devices leads to distorted hemodynamic flow,
with local vortex formation. Similar to the intravascular
effect of an anchored thrombus, the intravascular pre-
sence of a biosensor results in elevated shear forces and

collisions by platelets that aggregate onto the surface (11).
Over time, platelet aggregation leads to thrombus forma-
tion and possible thromboembolism if the biosensor is
maintained in the intravascular environment for ex-
tended periods of time.

Tissue appears to be a more optimum implantation site
than the vascular compartment, and implants are more
likely to be left in situ than intravascular implants. As a
result, the biosensor material directly interacting with the
local biological environment is subject to sustained attack
and degradation by tissue, such as hydrolytic enzymes
and monocyte-induced free radical damage (11,48,50).
Aside from affecting sensor calibration, there may be local
toxicity effects of polymer products that must be taken into
account (48).

4. COMMERCIAL AND NONCOMMERCIAL SENSORS

The biosensor applications for in vivo continuous monitor-
ing have focused on two directions, evaluation of blood
glucose in diabetic patients and blood gas analysis during
critical care. Whereas the scientific community diligently
works on developing biosensors for a variety of other
medical applications, this review focuses on the two afore-
mentioned leading directions, which are presently repre-
sented by several commercially available devices.

4.1. Glucose Sensors for Continuous in vivo Monitoring

In his February 2000 editorial on Problems Associated
with Subcutaneous Implanted Glucose Sensors, Gerritsen
bluntly stated that ‘‘although the occasional sensor con-
tinues to function in vivo for weeks or months, most
subcutaneously implanted sensors are not capable of
reliably monitoring glucose for longer than several hours
because of a considerable drift in sensor current’’ (53).

Commercial and noncommercial glucose sensors oper-
ate by indirect measurement of blood glucose (Tables 1
and 2). The two commercially available implantable con-
tinuous monitoring glucose sensors measure glucose le-
vels in the interstitial fluid (subcutaneous) (Table 1) (54–
65,89). The subcutaneous tissue has been regarded as a
site of choice for glucose sensor implantation because of its
accessibility to implant/explant procedures. It is widely
accepted that under physiological conditions a free and
rapid exchange of glucose exists between plasma and the
interstitial fluid, leading to direct correlations between
the blood glucose levels and glucose in the interstitial fluid
(90,91). One significant drawback of this direct correlation
is the inherent time delay between variations in the
glucose levels between these two compartments (blood
and interstitium). This time lag has been reported varying
from seconds to minutes (67–70). As pointed out by
Heinemann and Koschinsky, the physiological delay com-
plicates the interpretation of collected data and could
result in life-threatening situations where blood glucose
levels decline to hypoglycemic levels more rapidly than
interstitial glucose levels (92).

The ideal glucose sensor should be able to effectively
replace the function of the impaired pancreas in main-
taining normoglycemia during any glycemic event. Hei-
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nemann and Koschinsky propose four necessary charac-
teristics of a successful implanted glucose sensor: (1)
immediate availability of the measured result, (2) high
frequency of measurements, (3) quick sensor signal stabi-
lity after application, and (4) sensor signal stability over
time (92). Based on the published body of work addressing
the development of commercial and noncommercial glu-
cose sensors, it must be concluded that a major component
causing the current drift (sensor instability) in vivo, over
time, is the local biological environment (48,55–82,87,89).

Early glucose sensor applications focused on subcuta-
neous as well as blood glucose monitoring (83–86,88).
Armour et al. reported on the 1–15 weeks intravenous
implantation of a glucose sensor that showed close agree-
ment to the conventionally assayed blood samples, except
for a short lag time that developed over time (86). The
authors also commented on the fact that bio/hemocompat-
ibility appeared not to be a factor in this setting, although
no systemic anticoagulation therapy was used (86). How-
ever, reports on subcutaneously implanted glucose sensors
appear to be more preponderant. Most research groups
concluded that in vivo calibration represented a require-
ment for real-time glucose monitoring, and the biosensor-
tissue interaction should be further investigated in an
attempt to maintain consistent performance of these
devices in vivo (83–85,88).

The next wave of implantable glucose sensors was
characterized by the proposed use of various surface-
bound biocompatible materials (polyurethane, Teflons,
Dacrons, cellulose acetate, etc.), in an attempt to improve
in vivo biocompatibility (75–82,87). Aside from the numer-
ous animal model studies, several reports used human
volunteers. However, the extent of in vivo continuous
monitoring did not exceed 15 hours, with one exception
(78–80). Choleau et al. reported on the implantation of a
glucose sensor in human volunteers for 7 days and eval-
uated the importance of a two-point in vivo calibration
(73). The authors highlighted the significant importance
of performing an in vivo two-point calibration to maintain
good correlation with conventional blood glucose analysis
measurements (73). The use of biocompatible materials
such as Teflons appeared to significantly increase the
glucose monitoring time in dogs (81). Follow-up studies by
the same group replaced Teflons with polyurethane and
expanded poly(tetrafluoro-ethylene), in a similar dog
model, showing improved biocompatibility and perfor-
mance (68).

Table 1. Selected Publications of Commercial Glucose Biosensors for in vivo Continuous Monitoring

Group Year
(Ref#) Sensor Sterilization Species

Implant
Duration Calibration

Difference
(finger stick vs.

sensor)

Conrad 04 (54) MiniMed CGMS Not specified Pediatric,
subcutaneous

3 days in vivo 12%

Steil 03 (55) MiniMed CGMS Not specified Human, abdominal
subcutaneous

4.5 hours in vivo, two
point

8%

Metzger 02 (56) MiniMed CGMS Not specified Human, abdominal
subcutaneous

3 days in vivo, two
point

0%

Cheyne 02 (57) MiniMed CGMS Not specified Human, abdominal
subcutaneous

3 days in vivo, two
point

19%

Selam 01 (64) Disetronic H-
Tron

Not specified Human, forearm
subcutaneous

17–46 hours in vitro/in vivo Not statistically
significant

Renard 01 (58) MiniMed Pump Not specified Human, abdominal
subcutaneous

3 years; but
early
explants at 1,
8, 15, and 19
months

in vivo, two
point

Not specified

Gross 00 (59) MiniMed CGMS Not specified Human, abdominal
subcutaneous

3 days in vivo, two
point

18% 7 19.8%

Gross 00 (60) MiniMed CGMS Not specified Human, abdominal
subcutaneous

3 weeks in vivo, two
points

�0.3%732.4%

Mastrototaro 00
(61)

MiniMed CGMS Not specified Human, abdominal
subcutaneous

4 days in vivo, two
point

4 28.0%

Rebrin 99 (62) MiniMed CGMS Electron Beam
Radiation
Sterilization

Mongrel dogs, neck
subcutaneous

3 days in vitro/in vivo Not specified

Bode 99 (63) MiniMed CGMS Not specified Human, abdominal
subcutaneous

6 days in vivo, two
point

19.1% 7 9.0%

Renard 96 (64) MiniMed
MIP2001

Not specified Human, abdominal
subcutaneous

26.379.2
months

Not specified Not specified

Renard 95 (65) MiniMed Model
1000

Not specified Human, abdominal
subcutaneous

25.8714.0
months

Not specified Not specified
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Table 2. Selected Publications Noncommercial Glucose for Continuous in vivo Monitoring

Group Year (Ref#) Sensor Sterilization Species Implant Duration Calibration

Correlation (direct
blood analysis vs.

sensor)

Ward 03 (66) Array of 4 *GOX based
sensors with
protective *PTFE

Ethylene oxide Sprague–Dawley rats,
dorsal area
subcutaneous

37 7 13.6 days in vivo, two point 0.71 o r o 0.95 for
most devices, at
most time points

Choleau 02 (73,74) GOX Not specified Humans, abdominal
subcutaneous

7 days in vivo one point and
two point

Not specified

Chen 00 (67) GOX, transduction
membrane and
biocompatible layer

Not specified Sprague–Dawley rats,
intrascapular
subcutaneous

1–2 hours in vivo, one point 9min. lag time to
jugular vein
measurements

Ward 00 (72) GOX with protective
PTFE

Rinsed in deionized
water and dried
inN2

Rabbits, dorsal area
subcutaneous

1–5 weeks in vitro/in vivo, two
point

Not specified

Updike 00 (68) GOX, *PU and
expanded PTFE
angiogenic layer

Wet sterilization,
0.05% thimerosal or
2.4% gluteraldehyde
for 16 hours at 241C

Mongrel dogs,
subcutaneous

3–5 months in vitro/in vivo Average error 12.9%,
with a 5minutes lag
time to reference
measurements

Ward 99 (69) GOX with *DEX
release

Immersion in *CIDEX
followed by rinsing
in sterile saline

Mongrel dogs,
interscapular
subcutaneous

o 135 days in vitro/in vivo, two
point

5.8 7 1.0min. o lag
time o 16.7 7
2.1min., correlation
level not specified

Thome-Duret 96 (71) GOX, TeflonTM coating Not specified Wistar rats,
interscapular
subcutaneous

12–24 hours in vitro/in vivo Not specified

Gilligan 94 (70) GOX, PE/PTFE jackets
and *Biostable
MembraneTM

Wet sterilization,
0.05% thimerosal
for 24 hours

Mongrel dogs,
paravertebral
thoracic
subcutaneous

20–114 days in vitro/in vivo 2–7min. lag time, with
unacceptable
correlation beyond
25 days
implantation

Poitout 94 (82) GOX, TeflonTM coating Not specified Rats, dogs, humans,
subcutaneous

10 days in rats and
dogs, 4–5 days in
humans

in vitro/in vivo Accurate estimations

Updike 94 (81) GOX, DacronTM Wet sterilization, 0.1%
thimerosal

Dogs, subcutaneous 12 weeks in vitro/in vivo Accurate estimations
for the first 4 weeks

Kerner 93 (80) GOX, TeflonTM coating 2.5% glutaraldehyde
for 5 hours

Humans,
subcutaneous

15 hours in vitro/in vivo 39% during the last
30min. of baseline
period

Pickup 93 (79) GOX, PU coating 2% glutaraldehyde in
PBS for 1 hour,
washed in distilled
water

Humans,
subcutaneous

2–3 hours in vitro/in vivo Accurate estimations
with in vivo
recalibration

Poitout 93 (78) GOX, TeflonTM coating Ethylene Oxide Humans,
subcutaneous

12–14 hours in vivo, two point 95%

Rebrin 92 (77) GOX, cellulose acetate
or PU

Clean-room conditions Dogs, Subcutaneous
middle of the dorsal
neck (UV light)

14–96 hours in vitro/in vivo Significantly different

Koudelka 91 (76) GOX, PU coating Not specified � 3 hours in vitro/in vivo
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Table 2 Continued

Group Year (Ref#) Sensor Sterilization Species Implant Duration Calibration Correlation (direct
blood analysis vs. sen-

sor)

Sprague–Dawley rats,
interscapular
subcutaneous

High correlation, r ¼
0.9782

Von Woedke 91 (75) GOX, PE and PT150
*CuprophaneTM

Clean-room conditions Asdi dogs,
subcutaneous

11 7 0.5 hours in vitro/in vivo Not specified

Aalders 91 (87) GOX Chlorine hexidine
solution

Humans,
Subcutaneous
abdominal fat

� 9 days in vivo r ¼ 0.88–0.95, 22min.
lag time in diabetic
patients

Poitout 91 (88) GOX, PU coating Not specified Beagle dogs,
subcutaneous dorsal

o 5 hours in vivo Not specified

Armour 90 (86) GOX/O2, cross-linked
albumin

6% glutaraldehyde in
PBS for 6 hours

Dogs, Intravenously
superior vena cava

� 108 days in vitro/in vivo Some lag time,
accurate estimation

Von Woedke 89 (85) GOX, PE and PT150
CuprophaneTM

Clean-room conditions Alsation dogs,
subcutaneous neck

1 day in vitro/in vivo Accurate estimations
with in vivo
recalibration

Ertefai 89 (84) GOX, serum albumin
with glutaraldehyde

2.5% glutaraldehyde
for 5 hours

Sprague–Dawley rats,
subcutaneous dorsal

10 days in vitro/in vivo 10–15min. lag time,
accurate
estimations

Shichiri 86 (83) GOX Not specified Humans,
subcutaneous

77 7 22 hours in vitro/in vivo 5min. lag time,
significant
correlation

Note: GOX—glucose oxidase, PTFE—polutetrafluoroethylene, PU—polyurethane, DEX—Dexamethasone, CIDEX—activated glutaric dialdehyde solution (Johnson & Johnson Co.), Biostable Membrane—

Bioprotective Membrane Series, Markwell Medical, PT150 Coprophane—VEB GeratewerkMedingen Germany.
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5. CONTINUOUS IN VIVO BLOOD GAS ANALYSIS
MONITORING

Monitoring of arterial blood gases and pH is a common
protocol implemented with critically ill patients. It pro-
vides the physician with vital information on patient’s
oxygenation, ventilation, and acid–base homeostasis (93).
Mahutte explains that in vitro laboratory analysis of blood
gases has been associated with several limitations: (1)
sampling is usually performed following a deleterious
event; (2) the discrete information collected does not lead
to an accurate blood gas biography; (3) the therapeutic
decision time is significant, which could lead to delaying
patient treatment; and (4) reduced patient compliance
caused by discomfort and blood loss (93). Development of
in vivo continuous blood gas monitoring technologies could
alleviate the aforementioned in vitro drawbacks.

Paratrend7s is a commercially available multipara-
meter intravascular sensor for online continuous mea-
surements of blood gases, pH, and temperature. The
parameters measurement is achieved by several discrete
entities present within the device—an electrochemical
oxygen sensor, a photochemical sensor for the measure-
ment of carbon dioxide, a pH sensor, and a thermocouple
for the determination of temperature (Table 3) (94).

Coule et al. concluded that, in its pediatric clinical
testing, Paratrend7s was accurate within the extremes
of physiologic gas exchange typically encountered in the
pediatric intensive care settings. The device was capable
of tracking extreme fluctuations of gas exchange in real-
time, thus allowing for prompt therapeutic decisions.
However, it was reported that some of the sensors had to
be removed from the radial artery because of loss of blood
pressure monitoring waveform in the presence of the
sensor (Table 3) (95). Further, the use of this biosensor is
confined to the critical care units, where a catheter bear-
ing the device is placed within the arterial blood and
linked to a desktop analyzer.

Although not commercially available, several other
nonglucose sensors are being developed in applications
such as measuring blood gases and pH and blood pressure
and heart rate monitoring (Table 4) (96–102). The majority
of the proposed designs addressed the requirement of
extended in vivo use of blood gas sensors through various

surface modifications to improve biocompatibility and
biofouling.

Telting-Diaz et al. proposed the design of a blood gas
monitoring system where the probe was impregnated with
proton ionophore tridodecylamine, allowing simultaneous
detection of pCO2 and pH. Short-term in vivo evaluation
reported good correspondence between the data collected
by the sensor and blood sample analysis (96). It was found
that, by treating the surface of the device with heparin to
limit surface coagulation, the pH-sensing capabilities
were lost. However, impaired pH sensing was not observed
when systemic anticoagulation therapy (heparin) was
induced (96). Another report published by Meruva and
Meyerhoff extends the previous sensor capabilities to also
measuring pO2 in flowing blood. A cobalt electrode was
used to allow oxygen measurements. In vitro measure-
ment with a blood pump correlated well to in vitro bench
analyses for several hours (101). One limitation of such an
approach rested with the initial drift of pH/pCO2 response.
The authors proposed preconditioning of the sensor prior
to exposure to blood/protein solutions, followed by im-
mediate calibration prior to implantation (101).

Whereas the aforementioned reports proposed a poten-
tiometric sensor design, others have considered a different
approach by developing amperometric sensors for similar
blood gas measurements in an attempt to improve rate
adaptation of heart pacemakers (97,98).

Holmstrom et al. tested the biocompatibility and bio-
fouling of two different working electrode materials,
smooth glassy carbon and gold, as part of the implantable
amperometric sensor design (97). Sensor stability and
response to exercise was followed up for a maximum
period of four years and an average period of two and a
half years. It was found that the gold electrode was more
stable than the glassy carbon electrode. In addition, the
authors claimed that the protein adsorption on the gold
surface decreased the oxygen transport, but did not inter-
fere with the reaction efficiency, and no adverse tissue
reactions were observed (97).

The amperometric approach was further developed by
Mills et al. who proposed the use of radiotelemetry in
monitoring in vivo blood pressure, heart rate, and physical
activity (98). The authors reported accurate monitoring of
blood pressure, heart rate, and activity in freely moving
mice for over 150 days. Two other groups implemented

Table 3. Selected Publications of Commercial Blood Gas for Continuous in vivo Monitoring

Group Year
(Ref#) Sensor Sterilization Species

Continuous
Intravascular

Presence Calibration

Difference
(standard blood
gas analysis vs.

sensor)

Coule 01 (95) Diametrics
Paratrend 7 for
blood gases
monitoring

Not
specified

Human, radial or
femoral artery

35–137.2 hours in vitro/in

vivo

Statistically
insignificant
when PO2o 200
torr

Venkatesh 95
(94)

Diametrics
Paratrend 7 for
blood gases
monitoring

Not
specified

Human, radial
artery

1.5 hours, during
resuscitation

in vitro/in

vivo

Statistically
insignificant
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telemetry in the development of their blood gases/pressure
and evaluated the technology in animal models for up to 6
months (99,100). Encouraging results of limited occlusion
and thrombosis of the femoral artery of minipigs, within
which the sensor was maintained for up to 6 months, were
reported by Schmitz-Rode et al. (100). In 2004, Frost et al.
reported on the in vivo evaluation of a nitric oxide-releas-
ing electrochemical oxygen sensing catheter, in swine, for
16 hours (102). The authors reported on the thrombus-free
environment following sensor removal as a result of the
nitric oxide (NO) release (102).

5.1. Other Factors in Sensor Failure

The healing response around the implant has been ex-
tensively treated above. Although apparently the signifi-
cant reason behind biosensors failure, the inflammatory
and wound healing response represents one of the several
factors that could lead to device failure. Other potentially
important failure mechanisms are listed below.

5.1.1. Sensor Properties. Gerritsen et al. suggest that
the observed decay in sensor sensitivity following implan-
tation could be related to the design of the sensor (103).
Specifically, in the case of oxygen-based enzyme electro-
des, the sensor output depends on the local oxygen con-
centration at the implantation site. Gerritsen et al.
proposed that the implantation of a reference oxygen
sensor is required to correct such fluctuations (103). It is

noted that such an approach could lead to potential
difficulties in the construction and miniaturization of the
sensor (103).

A second potentially negative aspect related to sensor
properties involves the use of materials/solutions that
could degrade/leak in the local environment, thus ampli-
fying the local inflammatory and wound healing response
and potentially being responsible for toxicity or carcino-
genicity at the site of the implant or even systemically
(104,105).

5.1.2. Calibration. One aspect that can be manipulated
in the process of real-time glucose measurement with
subcutaneous sensors to provide better long-term correla-
tion between the blood and interstitium glucose levels
consists in proper calibration of these devices. In vitro or
in vivo calibration has been implemented in various
combinations by many research groups (Tables 1–3). It
has been suggested that when the function relating the
recorded signal to the analyte concentration is known and
unchanged after implantation or it changes predictably
following implantation, then preimplantation in vitro
calibration of the biosensor should be sufficient for long-
term in vivo monitoring of the analyte(s). On the other
hand, if the function relating the signal to the analyte
concentration changes on or after implantation, in vivo
recalibration is required (106).

Table 4. Selected Publications of Noncommercial Sensors other than Glucose

Group Year
(Ref#) Sensor Sterilization Species

Implant
Duration Calibration

Correlation (direct
measure vs. sensor)

Schmitz-Rode
03 (100)

Silicon pressure
sensor chip,
*Parylene-C
coating,
monitoring of
blood pressure

Not specified Minipigs,
subclavian
artery

1, 3, and 6
months

in vitro/in
vivo

Sufficiently accurate

Ward 02 (99) O2, PE coating Ethylene
Oxide

New Zeeland white
rabbits, between
dermis and
subcutaneous
fascia

1–5 days in vitro/in

vivo, two
point

Accurate in normoxic
and hyperoxic state

Mills 00 (98) Strain gauge
sensor, silicone
coating,
monitoring
blood pressure,
heart rate

Not specified Swiss Webster
mice, aortic
placement

50–100 days in vitro/in
vivo

Accurate monitoring

Holmström 98
(97)

Pacemaker with
pO2 sensor,
activated glassy
carbon

Not specified Sheep, dogs, pigs,
mid atrium

2.5 years in vitro/in

vivo

Accurate with
repeated in vivo
recalibration

Telting-Diaz 94
(96)

Potentiometric
sensor for CO2

and pH, silicone
rubber/PE
coating with
*TDMAC-
heparin

Not specified Mongrel dogs,
brachial artery

6–13 hours in vitro/in

vivo

Accurate monitoring

Note: NO—nitric oxide, Parylene-C—polyparaxylylene, TDMAC-heparin—tridodecylmethylammonium-heparinate complex.
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The process of calibration, whether in vitro or in vivo,
requires measurements of the signal for one (one-point
calibration) or two (two-point calibration) values of the
analyte concentration through blood-drawn samples
(92,106). Consequently, the successful development of
implantable continuous monitoring glucose sensors will
not make conventional blood glucose measurements ob-
solete (92).

Inaccurate estimation of the calibration factor would
result in perpetuation of the error, leading to potentially
life-threatening outcomes. Further, significant drift over
time as a result of the normal inflammatory and wound
healing response could limit the number of successful in
vivo recalibrations. To support such a statement, Heine-
mann et al. pointed out the motivation behind the limited
in vivo use (3 days) for the commercially available Mini-
Med glucose sensor, and Kerner stated that even during
early postimplantation periods, frequent in vivo recalibra-
tions were necessary, on average four per day (Table 1)
(92,107). To avoid potentially dangerous misinterpreta-
tions of data, as a result of loss of sensitivity over time, in
the case of the MiniMed glucose sensor, no data are
displayed by the instrument during actual measurements.
A biography of the collected data is generated following
removal of the subcutaneous sensor, and correlation to
control measurements collected directly from the blood of
the patient follows (107). The Disetronic glucose sensor, on
the other hand, functions for much shorter periods of time
(Table 1).

6. NOVEL TECHNOLOGIES AND ALTERNATIVE METHODS

Among the various approaches to extending the life of
biosensors for in vivo continuous monitoring, two direc-
tions have led to promising results. First, it has been
suggested that manipulating the biological environment
through local release of physiologically relevant com-
pounds [nitric oxide (NO), vascular endothelial cell growth
factor (VEGF), super oxide dismutase (SOD), and dexa-
methasone (Dexasones)] could significantly reduce
thrombogenicity and limit the extent of fibrous encapsula-
tion. The second direction makes use of biomaterials sur-
face modification techniques to improve the innate
biocompatibility of materials for biosensor design.

6.1. NO, VEGF, and Others

NO has been documented to play an important role in
numerous physiological processes including vasodilata-
tion properties, cancer-fighting potency, and antiplatelet
activity (108). In addition, in two consecutive articles,
Schaffer et al. reported on the NO metabolism in wounds
as it relates to the presence of macrophages and the
correlation between diabetes-impaired healing and re-
duced wound NO synthesis (109,110).

NO is continuously released from the surface of en-
dothelial cells (EC), effectively preventing the adhesion
and activation of platelets on normal blood vessel walls
(111). It has been estimated that EC normally produce an
NO flux between 0.5 and 1 � 10� 10mol/cm2min. In addi-
tion, under chemical stimulation, NO flux can reach 4 �

10�10mol/cm2min. The NO half-life in blood is on the
order of seconds, as a result of the rapid reactions with
hemoglobin and oxygen (111).

Traditionally, the control over extensive platelet adhe-
sion and thrombus formation in the case of any implan-
table biomaterial or device has been achieved using
anticoagulation therapies [use of heparin for short-term
applications, low-molecular-weight heparins, clopidogrel
bisulfate (Plavixs), and other antiplatelet agents for long-
term applications] (111). The long-term use of anticoagu-
lants could lead to negative physiological effects, espe-
cially an increased probability of hemorrhage. Further,
even when anticoagulant levels can be managed effec-
tively, thrombocytopenia (platelet consumption) and he-
morrhage could still occur (111).

One avenue, by which biosensor hemocompatibility
could be improved, without anticoagulant treatment, con-
sists of using the NO antiplatelet properties to limit the
thrombogenicity of biosensors for various applications,
extending the life of these devices in vivo. Incorporation
of NO within biosensor coatings followed by local release
at levels equal or higher than those produced by the EC
could provide a viable route to greatly reduce the risk of
thrombosis on the surface of implantable biosensors, lead-
ing to extending their performance in vivo (111). It is not
known the temporal extent of continuous NO release to
maintain the unaffected performance of biosensors in vivo.
Several groups have eluted to the possibility of NO
regeneration in situ through alternate reaction pathways
such as regeneration from oxidized NO products, includ-
ing nitrite and nitrate, as well as nitrosothiol derivatives
produced by the reaction between NO with proteins and
other molecules possessing free thiol groups (112).

A variety of NO-releasing polymers have been success-
fully prepared and tested by several groups (Table 5)
(108,112–117). Scientists have succeeded in developing
polymeric coatings mimicking the release of NO from
endothelial cells lining the surface of normal blood vessels
for up to 21 days in various animal models. However, one
limitation is the finite amount of NO that can be stored
(covalently/noncovalently) within the polymer matrix.
Especially when thin polymeric films are used, the NO
reservoir is significantly reduced, thus allowing release
over very short time periods (111). To alleviate such a
problem, Oh and Meyerhoff proposed the catalytic gen-
eration of NO from nitrite at the interface of the polymeric
films doped with lipophilic Cu(II) complex. The underlying
mechanism of such a process consists of reduction of Cu(II)
to Cu(I), which, then, is reduced by naturally occurring
nitrosothiols to NO and free thiolate anions, a process that
could continue indefinitely (112).

The presence of the fibrous capsule around implanted
biosensors reduces and delays the transport of analytes
from the vasculature to the active surface of the sensor as
a result of the tight mature collagen matrix, mostly
avascular. Avoiding the development of a mature fibrous
capsule by increasing the local vascularization would
allow the analytes circulating in the blood to reach the
surface of the biosensor, thus extending the life of the
sensor while reducing the lag time, which would allow less
frequent in vivo calibration for accurate data collection.
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For this purpose, it has been proposed that release of
VEGF at the surface of the biosensor could result in local
neovascularization in the surrounding foreign body cap-
sule. In a series of two articles, Ward et al. explored the
effect of subcutaneous VEGF release (118,119). It was
concluded that the local infusion of VEGF led to local
vascularization with no significant unfavorable effects, as
VEGF had been implicated in several disease pathologies
such as diabetic retinopathy, malignant neoplasm, and
hyperproliferative skin disease (118). In a second article
that specifically targeted the effect of local subcutaneous
delivery of VEGF on the function of implanted glucose
amperometric sensors in rats for 28 days, Ward et al.
reported that the glucose transport was more favorable
following VEGF release than in its absence (119). How-
ever, the authors noted the presence of swelling at the site
of infusion as a result of VEGF increasing local perme-
ability (119).

Anti-inflammatory compounds, such as superoxide dis-
mutase (SOD) and dexamethasone, have been also used to
limit the inflammatory and wound healing response.
Udipi et al. reported the in vivo inhibition of foreign
body giant cell formation and reduction of fibrous capsule
thickness for materials onto which SOD has been bound
covalently (120). Hickey et al. found that local dexametha-
sone delivery by PLGA microspheres suppressed the
chronic inflammatory response to an implant (121).

6.2. Surface Modification

The in vivo device/tissue interface defines the compatibil-
ity of all implantable devices, including biosensors. A
significant aspect of biosensor compatibility rests with
the sensor’s outermost coating that is in direct contact
with the surrounding tissue. This, typically, polymeric
film must follow stringent biocompatibility requirements
including, but not limited to, protein fouling, cellular

adhesion and fibrous encapsulation, thrombus formation,
inflammation, and tissue necrosis (16). Further, the bio-
sensor surface coating should allow optimal permeability
of the analyte of interest. Quinn et al. listed a series of
physicochemical requirements to successfully develop
such biosensor surface coatings: (1) The coating/film
must be well bound to the outer material of the sensor to
avoid potential surface delamination, which would render
the outer layer ineffective in maintaining biosensor com-
patibility; (2) the coating/film must not interfere with the
activity of the biosensor in either its applied (monomer,
prepolymer, or polymer solution) or final state, thus limit-
ing the probability that potential products of degradation
might alter the biosensor activity; (3) the coating/film
must allow the transport of the analytes and the products
of transformation to the active inner surface of the bio-
sensor, without impairing their permeability; and (4) the
coating/film must elicit the desired biological response in
the host (must be biocompatible) (16).

Although the scientific community has been very pro-
lific in developing numerous approaches to fulfilling the
successful development of biocompatible devices, this re-
view focuses on several that have been specifically used in
the design of implantable biosensors (Table 6) (16–20). The
generic approach to using a material for device/tissue
interface of implanted biosensors relies on the use of
biomaterials that have already been proven biocompatible
in other in vivo applications. These biomaterials are then
modified to effectively bind onto the surface of sensor and
selectively allow transport of analytes, thus increasing
sensitivity and length of in vivo use of these sensors while
maintaining a constant response time.

Quinn et al. proposed to extend the use of poly(ethy-
lene-glycol) (PEG) polymers to biosensors, aiming to re-
duce protein adsorption and limit the extent of fibrous
encapsulation (16,122). The methodology used in situ

Table 5. Selected Publications of Nitric Oxide (NO) Release to Improve Hemo- and Biocompatibility

Group Year (Ref#) Application Modality Environment NO Flow Levels Duration

Oh 04 (112) Thromboresistant
polymeric
coatings

Catalytic generation
of NO from
nitrite

in vitro, PBS 1.5 � 10�10mol/
cm2min

6 hours

Batchelor 03 (108) Thromboresistant
polymeric
coatings

Lipophilic
diazeniumdiolate
NO donors

in vivo, sheep 95% thrombus-free
vs. 42% in
controls

21 days

Frost 02 (113) Amperometric
oxygen sensor

NO-releasing
silicone rubber
coating

in vivo, swine 4 1 � 10�10mol/
cm2min,
thrombus-free

16 hours

Zhang 02 (114) Thromboresistant
coatings

NO-releasing
silicone rubber

in vitro 4 � 10�10mol/
cm2min

20 days

Schoenfisch 00 (115) Amperometric
oxygen sensor

NO-releasing
silicone rubber

in vivo, canine 5.8 � 10�4mmol
during periodic
measurements

6–24 hours

Mowery 00 (116) Thromboresistant
polymeric
coatings

Diazeniumdiolate
NO donors

in vitro, sheep hole
blood

Less platelets on
NO-coated films
than controls

2 hours

Annich 00 (117) Thromboresistant
polymeric
coatings

Diazeniumdiolate
NO donors

in vivo, rabbit Similar
anticoagulation
effect as heparin
treatment

4 hours
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cross-linking of a comonomer that contains a significant
amount of PEG on the surface of the sensor. Following
hydration, the material swelled to form a hydrogel allow-
ing free transport of glucose and oxidation products and
displaying high biocompatibility when subcutaneously
implanted in rats for 3 days (16). Another proposed
optimization of the properties of implantable glucose
sensors was implemented by Gerritsen et al. (17). This
group developed sol-gel-coated poly(styrene) disks, with-
out a functioning biosensor, which were implanted in
rabbits for 4–12 weeks. Fair biocompatibility was re-
ported. In a different approach, Chen et al. described the
formation of an electrochemically generated poly(phenol)
film that had been formed with previously electrodepos-
ited enzyme layer (18). The nonreactivity of the poly(phe-
nol), along with its size exclusion selectivity rendered the
polymer ideal for enzyme entrapment and interference
rejection. Another report on interference rejection was
submitted by Palmisano et al., who used a poly(pyrrole)/
tetrathiafulvalene—tetracyanoquinodimethane composite
to control selective transport (19). A different avenue was
pursued by Ban et al. who focused their attention coupling
deposited glucose oxidase layer to a poly(ethylene-oxide)
(PEO) derivative, thus inducing surface biocompatibility
as well as efficient electron transport for real-time mon-
itoring of glucose (20).

In addition to surface modification, the geometry, por-
osity, and size of the biosensors impact the in vivo bio-
compatibility response. Ward et al. demonstrated, with
polyurethanes, that thin polymeric layers induce thinner
fibrous capsules compared with their thick counterparts.
Further, the same group concluded that porous materials
led to a less-dense fibrous capsule than nonporous materi-

als, thus highlighting the importance of surface micro-
geometry in achieving increased biocompatibility (21).

In their review of small-scale systems for in vivo drug
delivery, LaVan et al. eluded to the future use of sensor-
drug delivery systems. The coupling of a biosensor to a
drug delivery system could result in continuous in vivo
monitoring and therapy by using a feedback control, from
the sensor to the delivery system (123). Such approaches
to monitoring and treatment could be expanded to a
plethora of pathologies, from diabetes mellitus to cancer.

6.3. Noninvasive Glucose Monitoring

In 1989, Glikfeld et al. proposed a novel approach to
significantly increase diabetic patient compliance to in-
vasive repeated blood sample collection by replacing it
with noninvasive sampling through reverse iontophoresis
(124). This concept has materialized into a commercially
available device, the GlucoWatchs, which is emerging as a
powerful tool in diabetes care (Table 7).

Prior to 1989, noninvasive collection of analyte samples
through the skin, by other methods than iontophoresis,
has been used in several experimental studies (129,130).
However, Glikfeld et al. pointed out that a major difficulty
with this approach is the characteristically slow and
variable passive permeation rates of biomolecules of inter-
est through the skin. As a result, the group proposed the
application of reverse iontophoresis to enhance the effi-
ciency of sample collection (124,127).

Glikfeld et al. explained that iontophoresis uses an
electrical potential gradient to promote the penetration
of ionizable molecules across the skin (124). However, the
application of a potential difference across the skin also
enhances the transport of neutral molecules. As it is

Table 6. Selected Publications of Surface Modification Techniques for Improved Biocompatibility

Group Year (Ref#) Application Modality Environment Duration Conclusion

Ban 03 (23) Electrical
communication
between *GOX
and sensor
electrodes

*PEO bonded to
lysine residues
on the enzyme
surface

in vitro, N2

atmosphere
Minutes Effective mediation

of fast *ET
compared with
controls

Palmisano 02 (22) Disposable third-
generation
glucose biosensor

Overoxidized *PPY/
TTF-TCNQ

in vitro, *PBS minutes Nearly interference-
free, high
sensitivity and
stability

Chen 02 (21) Glucose
microbiosensor

Electrochemically
mediated
deposition/
polymerization of
permselective
layer

in vitro, PBS 4 50 days High sensitivity, low
interference from
endogenous
electroactive
species

Gerritsen 00 (20) Glucose sensor Sol-gel coatings in vivo, rabbits,
dorsal
subcutaneous

4–12 weeks Fair
biocompatibility

Quinn 95 (19) Glucose sensor Photo-cross-linked
copolymer of
*HEMA-PEGTA
and *EDM

in vivo, Sprague–
Dawley rats,
intrascapular
subcutaneous

3 days Significantly less
encapsulation
compared with
controls

Note: GOX—glucose oxidase, PEO—polyethyleneoxide, ET—electron transport, PPY/TTF-TCNQ—poly(pyrrole)/Tetrathiafulvalene—Tetracyanoquinodi-

methane composite, PBS—Phosphate Buffered Saline, HEMA-PEGTA—2-hydroxyethyl methacrylate-polyethyleneglycol-tetra-acrylate, EDM—ethylene

dimethacrylate.
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explained in a later article, the iontophoretic enhance-
ment of uncharged species results from current-induced
solvent flow (127). Specifically, as electrostatically driven
ions move through the medium, momentum transfer to
the adjacent solvent molecules occurs, inducing flow in the
latter. Consequently, the solvent flow moves preferentially
from the anode to the cathode (127).

Based on the work of others that have shown that the
transport of polar, but neutral, compounds can be sub-
stantially promoted by the presence of a potential gradient
across the skin, Glikfeld et al. demonstrated the validity of
such an approach on in vitro glucose iontophoresis
through harvested skin (124). It was concluded that the
reverse iontophoresis process allowed for linear response
and supported previous findings on the validity of bioac-
tive material extraction through the skin. When the
method was applied in healthy human volunteers, with
no hyper- or hypoglycemic regimens, it was found that the
passive transport of glucose through the stratum corneum
could significantly skew the correlation between the ex-
tracted glucose and the amount of glucose in the blood
(127). It was also concluded that the amount of glucose
extracted differed from individual to individual, thus
potential use of reverse iontophoresis would have to
include specific calibration for each patient. Finally, the
extended use (60 minutes) of the skin-bound electroche-
mical system led to local erythema formations and occa-
sional skin lesions (127).

In a series of three articles published between 1995 and
1999, Tamada et al. and Potts et al. investigated the
quantitative relationship between serum and transder-
mally extracted glucose in diabetics, as well as the accu-
racy of the GlucoWatchs automatic glucose biographer
(125,126,128). Although a firm correlation between glu-
cose extracted through the skin and levels of glucose in the
blood of diabetic patients was established, it was also
observed that some skin irritation as a result of the
skin-bound electrodes were visible (128). Testing of the
GlucoWatchs biographer in the diabetic population con-
cluded a direct, however delayed, correlation between
blood glucose levels and those extracted through the
skin. In addition, mild skin irritations were present,
which took 3–7 days to resolve (126). In their last pub-
lished study, Potts et al. reported a significantly high
correlation between blood glucose levels and the biogra-
pher readings in the clinical as well as the home environ-
ment of diabetic patients; however, no information was
provided on the appearance of the skin surface below the
applied device (125).

Hyperspectral imaging is another approach to nonin-
vasive continuous monitoring of analytes that has been
proposed by the scientists of the Department of Defense in
collaboration with civilian bodies. This new technology
maps regional changes in tissue perfusion as a result of
differential absorption of light of oxy- and deoxyhemoglo-
bin at the surface of the skin (131). Gillies et al. applied

Table 7. Selected Publications of Reverse Iontophoresis for Glucose Monitoring

Group Year (Ref#) Environment Modality Duration Conclusion

Potts 02 (125) in vivo, humans, skin of
the forearm

GlucoWatchs applied to
skin, current level not
specified

20min. cycles for 12
hours

Close correlation to
blood glucose levels in
the clinical as well as
the home
environment

Tamada 99 (126) in vivo, humans, skin of
the forearm

GlucoWatchs applied to
skin, current level not
specified

12 hours Close tracking of
changes in glucose
levels with lag time
between the blood
glucose
measurements and
the biographer
readings.

Tamada 95 (128) in vivo, human, skin of
the forearm

Skin adherent Ag/AgCl
electrodes using
0.32mA/cm2
sampling current

15min. cycles for 5 hours Established firm
correlation between
blood glucose and
glucose extracted
through the skin

Rao 95 (127) in vivo, human, skin of
the ventral forearm

Skin adherent Ag/AgCl
electrodes using
0.25mA/cm2
sampling current

5–60min. Passive release of
glucose stored in the
stratum corneum
complicates the
calibration curve;
variation in amount of
glucose extracted
from each individual

Glikfeld 89 (124) in vitro, mouse skin Perfusion of radiolabeled
glucose using 0.5mA
current

2 hours Efficiency determined by
value and length of
applied current,
linear response
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the hyperspectral imaging technique to shock, a clinical
syndrome characterized by inadequate perfusion, thus
oxygenation of end organs. Some of the causes associated
with shock include hemorrhage, cardiac failure, sepsis,
hypoglycemia, and burns (132). The group effectively
demonstrated the successful mapping of skin oxygenation
and quantitative correlation to oxygen levels during
shock. Gillies et al. suggested that this technology could
be applied to the field of diabetes through two avenues.
First, identifying direct correlations between the oxygen
levels in the tissues and the blood glucose levels would
allow continuous noninvasive monitoring of diabetes pa-
tients. Second, hyperspectral imaging could be used to
monitor peripheral vascular disease common in diabetic
patients. Early diagnosis of peripheral vascular disease in
diabetic patients could result in effective treatment of
atherosclerotic vascular disease and foot ulcerations,
which, left untreated, traditionally lead to limb loss (132).

7. CONCLUDING REMARKS

Numerous sensor variations for glucose, blood gas, and
other applications have been developed, however, have not
yet passed the stage of animal model evaluation. This
situation is exemplified by the large number of proposed
glucose biosensors, of which only three have reached the
marketplace, the Medtronic-MiniMed CGMSs, Disetronic
H-Trons, and the GlucoWatchs. The cause for such lack of
success is the result of dynamic analyte(s) changes in the
physiological fluid as a result of the local and systemic
environments. Most importantly, the lifetime of the im-
planted biosensor is significantly affected by the normal in
vivo inflammatory and wound healing responses, such as
protein adsorption, cellular adhesion, and fibrous encap-
sulation initiated at the implantation time. Several solu-
tions to limiting such a response have been reviewed
above. Hyperspectral imaging is a promising noninvasive
direction that could successfully alleviate these limita-
tions. Such an approach would be most desirable as an
alternative to in vivo monitoring of various analytes by
making available a portable device that could collect the
required information and generate analyte profiles in real-
time, for prompt therapeutic intervention.
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PART 1

1. INTRODUCTION

Individuals with complete or partial loss of vision or hear-
ing have a reduction of sensory input that affects their in-
teraction with the environment. Approximately 3.5–6
million people have vision loss and 8 million have hear-
ing loss (1). Different diseases and pathologies give rise to
different forms of functional limitations. Individuals with
loss of vision or hearing improve function through the use
of sensory aids as a supplement to or a substitute for see-
ing or hearing in order to participate in society and to
perform activities of daily living. Sensory aids range from
individual medical and assistive devices to technologies
that enhance the accessibility of the natural, built, trans-
portation, and information/communications environ-
ments. Some individuals with vision loss may also use
readers and those with hearing loss may use sign lan-
guage interpreters to access information. Research and
development, commercialization, and public support for
purchase of individual aids and change in environmental
accessibility have been stimulated or mandated by public
laws and regulations such as those related to the Amer-
icans with Disabilities Act of 1990. Using a universal de-
sign strategy, some aids are designed into mainstream
products and environments, as is the case of the decoder
chip that produces captioning on the screen of a television
sets. Universally designed products have spilled over from
special interest markets such as deaf and hard of hearing
users of captioning to mainstream markets in locations
with loud background noise such as health clubs and bars.
Although the history of the development of sensory aids is
hundreds of years old, opportunities and challenges have
proliferated with the development of computing and com-
munications technology. Throughout history, individuals
with vision loss and individuals with hearing loss have
challenged engineers and clinicians with very different
medical and functional problems.

2. ASSISTIVE TECHNOLOGY FOR BLIND AND VISUALLY
IMPAIRED PERSONS: AFFECTED POPULATION

Complete or partial loss of vision results in a net reduction
of sensory input to the individual, affecting, in many dif-
ferent ways, his interactions with the environment. As-
sistive technology for this population is designed to help

replace the lost information needed to perform any given
task, either by enhancing the remaining visual informa-
tion input or by substituting alternative forms of infor-
mation input (mainly auditory and tactile).

The National Eye Institute (1) estimates that over 1
million people are ‘‘legally blind’’ (best-corrected acuity in
the better eye 20/200 or worse, or visual field less than 20
degrees). They estimate 3.5 to 5 million have low vision, a
loosely defined category generally understood to mean
best-corrected visual acuity less than 20/60 or a corre-
sponding restriction in binocular visual field extent. Al-
most 14 million have a visual impairment that hampers
performance and enjoyment of everyday activities, and, in
recent years, greater appreciation has developed of the
functional problems caused by these less extreme visual
deficits, not restricted to standard visual acuity (2). Other
estimates vary somewhat around these figures depending
on definitions and survey questions, but no doubt exists
that the numbers are huge (38).

The affected population spans all age groups. A marked
increase in premature infants that science can now rescue,
in perinatal birth defects caused by drugs and environ-
mental toxicities, and other factors have caused an in-
crease in neonatal and infant visual and multiple
impairments. Approximately 35% of visually impaired in-
fants have cortical visual impairments (3), a problem that
is neither well understood nor easily addressed by current
rehabilitation approaches.

In the educational and vocational age groups, visually
impaired persons face major barriers in daily living, read-
ing, information access, wayfinding, and other tasks, and
have very high unemployment rates (4). The number of
those with multiple sensory, physical, or cognitive impair-
ments are also growing (5).

A majority of those with severe visual impairments are
65 or over, a group growing twice as fast as the overall
population. A per-decade increase exists of 1 to 2 million
persons over 65 with functional limitations in seeing (6),
defined as difficulty seeing ordinary newsprint. Even less
well addressed is the over-85 age group, which has grown
10 times as fast as the overall population during the past
century (7). Approximately 10% of this group are legally
blind and over 20% have low vision (2). Vision deficits are
one of the first impairments seen in aging, and often go
along with hearing impairments, forcing people to adapt,
which becomes more difficult with age.

Thus, a large and growing population exists with visual
impairments of varying degrees. The next section exam-
ines the variations in these types and degrees of impair-
ment and their functional implications.

2.1. Visual Function, Impairment Scales, and the ICF
Framework

Visual function, and loss of function, is not a simple one-
dimensional quantity. First of all, in common parlance, the
term ‘‘blindness’’ is understood to mean total lack of vi-
sion. In the legal context of eligibility for benefits, ‘‘legal or
statutory blindness’’ is often used to denote ‘‘severe vision
loss’’ (8) (i.e., visual acuity of 20/200 or less). This degree of
vision loss is far from being functionally blind. Statistics
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commonly use the same definition. The term ‘‘low vision’’
is used to describe a partial loss of visual function; for
WHO statistics, it ranges from less than 20/60 to better
than 20/200; for rehabilitation purposes, it includes any
person who has a useful level of residual vision.

Visual acuity refers to high contrast details that can
just be recognized. For example, 20/200 means that the
person needs 200/20¼ 10x magnification compared with a
person with 20/20. It should be remembered that 20/20 is
not ‘‘perfect vision’’; most healthy adults have vision that
is one or two lines better (20/16, 20/12.5). Secondly, visual
acuity represents only one aspect of visual function. Other
important aspects include contrast sensitivity and visual
field. Contrast sensitivity, unfortunately, is rarely mea-
sured outside clinical studies and its measurement is
poorly standardized. The extent of the visual field depends
on the stimuli used (smaller stimuli usually show a
smaller field). The 20 degree criterion refers to the hori-
zontal diameter of the binocular field.

Various ‘‘blinding diseases’’ or ocular pathologies give
rise to widely differing forms of functional visual impair-
ments, most of which are not measurable simply as a loss
of acuity or resolution. For example, cataracts and other
ocular media opacities degrade acuity, but cause an even
bigger loss in the contrast of the image on the retina, and a
severe reduction in the ability to see in the presence of
glare. Age-related maculopathy (ARM), the most common
cause of statutory blindness in the United States, causes a
loss of vision in the center of the visual field, the area with
the highest resolution, whereas the periphery is largely
preserved—it is also accompanied by a reduction in the
ability to see low contrast objects. Advanced glaucoma and
retinopathy of prematurity (ROP) cause a degradation of
the peripheral field while central vision remains relatively
intact. Diabetes can cause losses in seemingly random
parts of the visual field. These different functional deficits
have widely differing impacts on task performance.

In light of this diversity of effects, it is difficult to pro-
duce a uniform scale for vision loss. ICD-9-CM (8) (the of-
ficial U.S. clinical classification of diseases) introduced a
gradual scale of mild/moderate/severe/profound/total vi-
sion loss to replace the old black-and-white dichotomy of
legally sighted vs. legally blind. The 5th edition (9) of the
AMA Guides to the Evaluation of Permanent Impairment
added a numerical scale. On this scale, 20/20 is rated as
100 points, 20/200 as 50, and 20/2000 as 0. Normal vision
(better than the 20/20 reference standard) scores over 100
points. The AMA impairment rating is calculated as the
deficit from 100 points; for further calculations, it is often
expressed as a % value. Although any such scale is some-
what arbitrary, a recent study (10) showed that this scale,
developed mostly by Colenbrander [see (9,11)], correlated
better than any other scale with self-reported quality of
life.

The AMA scales are based on medically measured im-
pairments and, as such, adhere to what has been called
the ‘medical model of disability.’ In recent years, another
framework for classifying functional deficits has emerged
in the form of the International Classification of Func-
tioning (ICF) of the WHO (12). This classification adheres
to the ‘‘social model of disability,’’ based on the difficulties

people experience in their participation in societal activ-
ities. To fully describe a disability, both aspects are
needed, because the difficulties a person experiences re-
sult from the interaction between individual abilities and
societal demands.

For example, the AMA scale measures visual acuity
and relies on the known fact that visual reading ability is
directly related to visual acuity. The ICF lists ‘‘reading’’
and includes visual reading as well as Braille reading, be-
cause both contribute to literacy, which in turn contrib-
utes to participation. This emphasis on ability, function,
and participation is an increasing trend in rehabilitation
theory and terminology.

2.2. Historical Overview of Technology for Blind and
Visually Impaired Persons

As in other areas of rehabilitation, it has been demon-
strated that, apart from the valuable benefits in human
terms, expenditures on rehabilitation and technology are
repaid to the economy many times over (13). However, the
costs and benefits are seldom accounted for together, so
rehabilitation tends to be seen as a net expense. For ex-
ample, in the case of public funding of rehabilitation and
assistive technology, the expenses tend to come out of a
different compartment of the public purse from the one the
benefits flow into (e.g., increased tax receipts from em-
ployed persons enjoying the fruits of rehabilitation). Thus,
society as a whole is often slow to recognize the full ben-
efits and returns from efforts spent on developing and ap-
plying rehabilitation technology.

Early developments in rehabilitation technology for
blind persons included the development of the six-dot tac-
tile Braille code and its means of production, and the ad-
vent of formal long cane training methods to assist blind
persons with safe travel. For persons with low vision, early
technological aids came in the form of magnifiers for read-
ing and telescopes for finding and identifying objects in
the distance (such as street signs and information on
blackboards). In recent years, a much wider array of tech-
nologies has been developed. The most common approach
has been to develop assistive technology solutions oriented
toward helping the user solve problems in performing spe-
cific tasks, such as reading, mobility, or computer access.
An alternative approach (used, for example, in the case of
current research on the development of cortical and reti-
nal implants) is to develop more general-purpose solu-
tions. A third important aspect of rehabilitation
technology is environmental modifications, which can
help make the surroundings and many specific tasks
more easily accessible to a blind or visually impaired per-
son.

For persons with low vision, the usual goal of assistive
technology is to enhance and make best use of the residual
vision, whereas in the case of blindness, the approach is
generally to substitute input from other senses (primarily
hearing and touch) to help replace the lost information.
These distinctions can often be blurred, such as when a
person with low vision might use a combination of en-
larged print and synthetic speech to provide computer ac-
cess.
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2.3. Summary of Recent and Current Technology Using the
Above Concepts

2.3.1. Travel Problems and Solutions.
2.3.1.1. Mobility. The task of safe, independent travel

through the environment is challenging with little or no
visual input. Until recently, the ‘‘mobility’’ aspect of the
travel problem (finding a safe path and avoiding obstacles)
has received the most attention. A family of mobility aids
known as Electronic Travel Aids or ETAs has resulted, of
which the most well known examples are mentioned here.
The Mowat Sensor is a handheld ultrasonic device that
uses a vibratory code to warn of the presence and range of
an object in its beam. The head-worn Sonicguide (14) pro-
cessed broad-band ultrasonic reflections so that the pitch
of the received signal indicated range, the timbre indi-
cated the nature of the target, and the inter-aural ampli-
tude difference indicated direction. The Sonic Pathfinder
(15,16) is another head-worn device with ultrasonic beams
controlled by a microcomputer. The Nurion Industries La-
ser Cane uses laser beams to detect objects, and incorpo-
rates the ability to warn of drop-offs.

2.3.1.2. Orientation and Navigation. The difficulties of
orientation or navigation are considerable without access
to the usual cues (such as signs and landmarks) used by
sighted persons. Technology to address this aspect of the
travel problem has a shorter history, and devices in this
category have only recently entered commercial produc-
tion. The infrared Talking SignsR system (17,18) was de-
veloped as an environmental labeling system to allow
blind travelers to locate and identify landmarks, signs,
and facilities of interest in the environment. It uses coded
infrared transmitters as labels, and the user’s handheld
receiver converts the transmissions into speech. The in-
frared beam pattern provides control of range and cover-
age, and the directional nature of infrared light allows the
user to accurately locate each sign.

Since this concept was prototyped in 1979, a number of
related technologies have been proposed for the orienta-
tion problem. An infrared system (‘‘Pathfinder,’’ modeled
on Talking Signs) was recently evaluated in a London
subway station. Similar approaches have been taken in
the European OPEN (Orientation by Personal Electronic
Navigation) project, the SEAL Pilot-Light system, the
TeleSensory Marco system, the RNIB Infra InfraVoice,
and the AudioSigns infrared orientation system. Systems
using speech labels triggered by a user-carried device in-
clude the REACT system, and The Open University de-
vice. Verbal LandmarkR demonstrated a radio-based
system in 1993 [see evaluation by Bentzen and Mitchell
(19)] in which a portable receiver detects messages trans-
mitted from an electromagnetic loop. Meanwhile, the
Talking Signs system has blossomed into many variants
including incorporation into bus arrival announcing sys-
tems and museum tour guide systems with different mes-
sages for different audiences (children, sighted adults,
blind persons, etc). Transmitters now incorporate a digi-
tal code that identifies their position, and future versions
will use this information to access (possibly via the Inter-
net) information of interest in the vicinity.

Several projects have explored GPS applications for
assisting orientation. Loomis et al. (20,21) have system-
atically studied this possibility combined with external-
ized sounds for locating environmental features. A
derivative of this approach has been developed by Arken-
stone Inc. (22) using a notebook computer packaged with
the GPS and synthetic speech in a backpack. A commer-
cial version of this approach, GPS-Talk, is now available
through the Sendero Group LLC. The European consor-
tium project named MoBIC (Mobility of Blind and Elderly
People Interacting with Computers) (1994–1996) proposed
using GPS technology and a protocol, based on ISO’s Open
Systems Interconnection architecture (8), to interface
other technologies that could be used for orientation and
navigation. The MoBIC Project and Brabyn and Alden
(23) found that accuracy of GPS is severely degraded on
the sidewalks in city areas next to multistory buildings
and must be supplemented by other forms of information.
One possibility is dead-reckoning systems using inertial
navigation sensors.

Application of ‘‘computer vision’’ technology is now also
being explored for this application. The concept is to use
portable computing power to analyze images from a digital
camera and extract features of interest, such as street
signs, intersection crossing signals, etc., and convey this
information to the traveler. Versions of this technology are
under development for both blind and low vision applica-
tions.

To provide information at intersections, accessible traf-
fic signal systems are gaining prominence, with at least
eleven products readily available to cities, variously pro-
viding information about the light cycle; the street name
and direction of travel; street geometry; location of the
pedestrian crossing actuator; and location of the opposite
corner (24).

Eventually, a combination of these technologies will
probably emerge to give blind and visually impaired per-
sons more effective navigation information. GPS technol-
ogy is ideal for informing the user of his general outdoor
location and, in conjunction with digitally stored maps,
giving directions to desired destinations. Infrared trans-
ceivers are ideal for providing immediate, real-time iden-
tification and labeling of key landmarks, facilities, and
entrances, with exact directional information and exten-
sive message information about a specific situation. Com-
puter vision approaches using text recognition will allow
more generalized access to environmental signs and other
printed labeling information. Combining the various in-
puts, however, presents a challenge in human factors in-
terfacing.

2.3.1.3. Travel with Low Vision. Less attention has been
paid to travel problems of persons with low vision than
those who are blind. Relatively little vision is needed to
maintain a straight path along a sidewalk while avoiding
large obstacles and traffic, but many visually impaired
persons suffer from acute glare problems and id-
iosyncracies of visual field and contrast losses that make
travel difficult. Even ‘‘normally sighted’’ older persons, let
alone the visually impaired, have trouble reading signs,
particularly when the sign is positioned against the sky,
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causing glare. Most people with low vision are elderly, and
these extra problems of travel, coupled with the possibly
severe or even life-threatening consequences should they
suffer a fall, discourage many from independent outdoor
travel. Among those who do travel, use of a cane is com-
mon both as an aid to avoid tripping on low visibility ob-
stacles or surface irregularities, as well as an alert to
traffic and other pedestrians. When traveling in unfamil-
iar areas, a spotting telescope is often used to read street
signs and similar information in the distance.

Under development are some fresh approaches to these
problems. For example, remotely readable signage tech-
nology, such as Talking Signs, may well be useful to a large
number of elderly and visually impaired persons. Another
emerging example is the use of computer vision technol-
ogy to locate points of interest such as signs in an outdoor
scene, and either enhance the image (magnify, increase
contrast, highlight) of the object of interest or speak a de-
scription of it. For persons with certain low vision condi-
tions, such as hemianopias, in which half the visual field is
invisible, optical combinations that ‘‘multiplex’’ or super-
impose selected parts of the scene in the blind hemifield on
the scene in the sighted hemifield are being investigated
(25). Use of miniature cameras and head-mounted dis-
plays for mobility is problematic, partly because of the
need to obtain an exact 1:1 magnification if optical orien-
tation is to be maintained and nausea avoided. However,
new see-through displays may offer innovative applica-
tions in this area.

2.3.2. Technology for Reading and Graphics Access.
2.3.2.1. Braille. The Braille code was one of the earliest

‘‘assistive technologies’’ for blind persons and is pivotal in
providing literacy to this population. Braille is a raised dot
code in which each character is represented by an ar-
rangement of six dots arranged in two columns of three
side by side, with an interdot spacing of slightly less than
0.1 inch (2.5 mm). Presence or absence of particular dots
identifies the character. Sophisticated readers use ‘‘con-
tractions’’ in which one character may represent several
letters.

After a period in the late twentieth century when its
use was considered superfluous by many, Braille has un-
dergone a revival in recent years, as appreciation of its
importance as a means of literacy has spread. Technology
for producing Braille has also improved steadily in its so-
phistication, availability, and affordability. A manual slate
and stylus is still commonly used for making the dots in
paper for small Braille notes, but electronic notetakers
with six-key Braille keyboards are becoming common. For
output, these usually include a twenty character display of
mechanical Braille dots that are raised and lowered elec-
tronically to form a line of Braille characters.

Braille embossers, which are the equivalent of printers
for sighted persons, are also becoming more common and
affordable. The least expensive desktop models are now in
the $1,000–1,500 price range, so that having one’s own
Braille printer is becoming more attainable. Other means
of producing Braille from computer output have emerged,
for example, various forms of heat-sensitive capsule or
swell paper can be printed with Braille or other tactile dot

patterns on a regular printer, then run through an infra-
red heating machine. The black dots absorb more heat
than the lighter surrounding area, so the paper swells
under the dots, producing Braille. The technology for pro-
ducing this type of output is inexpensive, but the paper
itself is expensive if large quantities are required.

Whatever the method of Braille production from com-
puter output, software is needed to produce the Braille
code. Companies such as Duxbury Systems supply soft-
ware packages to translate regular text (in the form of
ASCII code, PDF files, and other computer formats) into
Braille and format it for printing.

2.3.2.2. Reading Machines. Early research on reading
machines for blind persons (designed to ‘‘read’’ print and
convert it into the spoken word) produced technologies
(document scanners and synthetic speech) that have sub-
sequently become commonplace in the general consumer
market. Accordingly, some stand-alone reading machines
have disappeared and been replaced by software packages
designed for use with personal computers and scanners.
This approach is the least expensive and integrates well
into the office or home environment. However, stand-alone
reading machines still exist, such as the Galileo and the
Portset Reader, which are more portable than PC-based
systems and therefore easier to move around a house, of-
fice, or other work site. The problem of reading handwrit-
ing has still not been cracked, and current machines are
still nowhere near the capability of a sighted reader (still
used by most blind persons for intelligent analysis and
scanning over documents), but they have come a long way
since the early days and are eminently capable of dealing
with straightforward text-reading tasks.

2.3.2.3. Graphics Access. For blind persons in particu-
lar, access to graphical, pictorial, and map information is
very problematic. Tactile maps, graphs, and pictures can
be made by a variety of manual methods producing raised
line drawings on various materials, but these methods are
laborious. The result is that few graphical educational
materials are available to blind children, so they do not
become well exposed to tactile spatial representations.

In recent years, increased efforts have been exerted to
make the production of graphics from computer Braille
embossers (see above) more feasible. Numerous problems
are involved; generating a perceptible tactile equivalent of
a visual picture, drawing, or map is not straightforward,
because the density of information needs to be much lower
and the tactile sense operates differently to vision. One
recent development in this field is the advent of the View
Plus ‘‘Tiger’’ embosser, which can emboss dots of variable
heights as well as closer together than standard Braille
dot spacing.

The ‘‘holy grail’’ of graphics access for blind persons is
the full-page volatile Braille/graphics tablet, with an ar-
ray of dots that can be raised or lowered under computer
control. Much effort has been devoted to this problem, but
the technological problems are formidable and, to date,
the largest arrays available are the Dotview units of 30 �
40 dots. Present volatile Braille and tactile graphics dis-
plays use piezoelectric or electromagnetic technology, and
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current research efforts are devoted to harnessing other
technologies such as smart polymers, electrorheological
fluids, and micromachining.

Meanwhile, other methods of graphics access have been
explored and some have been made commercially avail-
able, including the use of touch tablet technology in com-
bination with speech output so that a user can trace out
spatial information and receive spoken feedback. How-
ever, raised overlays for the touch pads usually have to be
specially produced for each diagram or picture being ex-
plored. Examples include the Nomad, Concept Keyboard,
and Tag Pad. Another interesting commercial technology
is the ‘‘Vertouch,’’ a computer mouse with two small tactile
arrays on it, with software available for tactile games and
exploration of computer screen information. A force-feed-
back mouse is another technology with potential for in-
terpreting graphics. Exploration of virtual 3-D objects is
possible using the PHANToM system, which provides hap-
tic feedback.

2.3.2.4. Low Vision Reading Problems and Solu-
tions. Reading difficulties with low vision depend heavily
on the type of visual impairment. In the most common
type, because of ARM, the resolution of the central vision
is reduced drastically, and training is often given to help
the individual use the remaining areas of the surrounding
retina for reading. Regardless, considerable magnification
is often needed in order to read comfortably.

The traditional reading aid for most low vision condi-
tions is an optical magnifier, which come in many forms.
The most common are handheld magnifiers or ones
mounted on stands. The practical degree of magnification
obtainable with these is modest, about two to four times,
which is enough to make a difference. For people with
limited dexterity, stand magnifiers can make positioning
of the magnifier relative to the page easier, with the page
staying in focus. Both types can have internal illumina-
tion to ensure adequate lighting on the reading material
(which has a major effect for most low vision readers). To
gain higher magnifications, high-powered reading lenses
(e.g. 10 or 20 diopters) on spectacle frames are sometimes
used, but the close proximity of the reading material to the
head makes occlusion of light a frequent problem. Special
short-range telescopes mounted on spectacle frames can
be designed to preserve normal reading distance while
providing the desired degree of magnification.

Still higher magnifications are possible with ‘‘CCTV’’ or
closed-circuit television magnifiers, usually consisting of a
camera and CRT monitor mounted on a stand with a table
underneath, which the reading material is placed on. The
viewing table is commonly mounted on sliders or rollers so
the material can be moved easily for scanning. All systems
allow adjustment of magnification and contrast (including
contrast reversal to produce white print on a black back-
ground, thus reducing glare), and most also incorporate
such features as color manipulation (enabling the user to
choose the background color) and split screens.

Persons with low vision can also have trouble inter-
preting pictorial or graphical information. When graphical
images are magnified, the viewer can only see a small
portion of the overall picture, making interpretation more

difficult. The ability to see an overall view of the picture on
one part of the screen and the magnified view on another
part may provide an advantage in this respect.

In recent years, much smaller versions of these ‘‘CCTV’’
magnifiers have become available using solid-state cam-
eras and displays. Several handheld pocket-sized elec-
tronic magnifiers now exist (such as the Pocket Reader,
Quicklook, PICO, and Pulse Data Pocketviewer) that can
simply be placed on the page surface and provide magni-
fications on the order of 5–7X. These devices conveniently
enable the user to look at details and price labels in shops;
sign credit card payments; read restaurant menus, thea-
ter programs, and timetables; check lottery results, tele-
vision, and radio programs; browse through magazines,
and read books while traveling.

Another variant on this technology is the head-
mounted camera and display combination described in
the Vocational and Daily Living section below; this con-
cept can be used for a variety of reading and writing tasks.

2.3.3. Computer and Internet Access.
2.3.3.1. Computer Access. Since the advent of the per-

sonal computer, a constant struggle has occurred to give
blind and visually impaired persons full access. The usual
method of access is a third-party ‘‘screen reader’’ software
package that provides synthetic speech output and a suit-
able command structure for exploring the computer
screen. Examples include Jaws and Window Eyes. (Inter-
estingly, the technology of synthetic speech was originally
developed in the assistive technology field and has now
evolved into many other consumer applications.) In the
early days of speech synthesis, the synthesizer was often a
large, separate physical unit that plugged into the com-
puter, but more recently has been incorporated as an in-
ternal circuit board or as software. The performance
criteria are different from those in the augmentative com-
munication application where the most ‘‘natural sound-
ing’’ speech is the goal; in the screen reader, naturalness
per se takes second place to speed and intelligibility. Most
experienced blind computer users operate their synthe-
sizers far above ‘‘natural’’ speaking rates.

Computer access systems using volatile Braille dis-
plays for information output systems are also available
(for example, the ALVA system) and are preferred by most
Braille users if given a choice. Some users even employ a
combination of Braille and speech output. Unfortunately,
volatile Braille displays involve electromechanical tech-
nology, which is far more expensive than speech synthesis,
with the result that these systems tend to be most popular
in countries (in Europe, for example) where the rehabili-
tation service provider agencies will pay for them.

Intergenerational technical incompatibility of comput-
ers, operating systems, software, and peripherals poses
even more of a problem for blind users than for sighted
ones; the learning process, and the transition between
different systems, is complicated by having to deal with an
extra layer of technology in the form of the screen reader
system. When DOS was the dominant operating system, a
period existed when access to commercial computer appli-
cations was relatively straightforward, but the advent of
the graphical user interface (GUI) complicated the prob-
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lem considerably. On the other hand, the dominant com-
puter and software companies have since become more
aware of the problem and now more frequently ensure
that keyboard alternatives exist for most mouse-operated
commands and that other vital pieces of information are
made available within the software so they can be ac-
cessed and harnessed by makers of third-party access sys-
tems. Basic word processing and spreadsheet applications
can readily be accessed by a blind user with one of these
access systems, but more graphics-intensive applications
are still effectively out of reach.

For low vision computer users, standard features now
built into some software applications enable on-screen
magnification to help with visibility. If major magnifica-
tion and more features are needed, commercial software
packages, such as ZoomText, are available that are spe-
cifically designed to ease screen reading by visually im-
paired users. As mentioned above, some of the commercial
CCTV magnification systems can be connected to a com-
puter and can alternate between camera and computer
input, with some providing a split-screen capability on
which both can be displayed simultaneously.

2.3.3.2. Internet and Web Access. The advent of the In-
ternet and the World Wide Web created new challenges for
blind computer users. Although e-mail presented few
problems and many opportunities because it is text-based,
the increasing use of graphics on the Web gave rise to the
public/private Web Access Initiative (WAI), which works
in concert with the World Wide Web Consortium (W3C) to
maximize web accessibility. WAI initiative conducts its
activities through several small working groups, including
an Authoring Tool Guidelines Working Group that devel-
ops guidelines to ensure that web page authoring software
automatically produces accessible pages. Accessibility
guidelines have also been produced by WAI and other
groups. In keeping with the shared nature of the Internet,
user participation is active in several e-mail lists whose
mission is to enhance the cyberworld’s accessibility, in-
cluding interest groups of the WAI, a webwatch group who
‘‘police’’ websites, a browser/screen-reader group, and oth-
ers.

An interesting distinction exists in this field between
accessibility and usability. It is possible to design websites
that meet all the accessibility guidelines but may be dif-
ficult (for a blind or sighted person) to use. In designing
websites, it is important to keep this distinction in mind so
that accessibility does not interfere with usability and vice
versa. The balance between these two sometimes conflict-
ing requirements has still not been fully defined (26).

A second component of web access is the development of
accessible web browser software. Two main approaches to
this problem have been taken. Simply using any commer-
cial screen reader software in conjunction with standard
web browsers (e.g., Internet Explorer) is one solution.
Special accessible browsers have also been used, such as
the IBM Home Page Reader.

These mechanisms, taken together, have been fairly
successful at overcoming the worst problems of web access
for blind users, but heavily graphics-intensive websites
are still problematic.

2.3.4. Vocational, Daily Living, and Communication Aids.
2.3.4.1. Vocational Instruments. Aside from computer

access, many other vocational and daily living tasks exist
that are difficult for blind and visually impaired persons.
In many cases, assistive devices can be designed to help
ease the problem. A simple example is the light probe, of
which several versions exist, designed to provide an au-
ditory output that varies according to the intensity of in-
cident or reflected light. This tool can be used for many
tasks from determining the pattern of stripes on clothing
to detecting the lights required for operating telephone
consoles.

Taking readings of physical or electrical quantities is a
common problem in both employment and daily living. A
few talking instruments now exist such as a tape measure,
multimeter, and blood pressure monitor. Speech outputs
are effective for measuring relatively static quantities, but
to display information that is varying, auditory tones with
pitches corresponding to signal levels are far more satis-
factory than speech outputs, and more closely simulate an
analog visual display.

A simple example is a meter or continuity tester display
that gives a rapid, approximate indication of voltage, re-
sistance, or other quantity purely through auditory pitch.
This type of display has found application in many other
instruments, including more complex ones such as the
Smith–Kettlewell Auditory Oscilloscope, in which the hor-
izontal position of a cursor superimposed on the trace is
controlled by a knob with a Braille scale, while vertical
trace deflection at the cursor location is coded by the pitch
of a tone. By ‘‘scanning’’ across the display with the knob,
the user obtains a remarkably accurate picture of the dis-
played signal. Another example is the Smith–Kettlewell
Dynamic Meter Reader (27), with a tonal output whose
pitch varies with signal level. When a dial on the device is
rotated to the point where chopping begins, the signal
level can be read from the Braille scale. Variations in the
signal level are readily evident from changes in the pitch
of the output tone, and the knob can be adjusted in ad-
vance for any desired ‘‘set point.’’

Aside from solutions involving electronics or other so-
phisticated technology, a multitude of other engineering
solutions can be applied to vocational tasks including the
use of jigs, guides, and fixtures to make the task at hand
easier to accomplish without vision.

2.3.4.2. Low Vision Aids for Vocational and Daily Living
Tasks. For many near and intermediate distance tasks,
such as those involved in many work and home activities,
low vision aids different from those employed purely for
reading come into play. For example, monocular and bin-
ocular telescopes and microscopes designed for different
viewing distances are sometimes employed in a variety of
manual tasks. Watching the television, recognizing faces
or facial expressions, or seeing the blackboard may require
a telescopic aid. In the latter task, portable CCTV units
are available in which the camera can be aimed at distant
objects.

A relatively recent development is the use of head-
mounted displays for a variety of vocational, educational,
and daily living tasks. The most well-known example of
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this technology is the Jordy system (named after the Star
Trek character) by Enhanced Vision Systems. It consists of
a head-worn camera and binocular display that looks like
a large pair of goggles. The camera incorporates digital
zoom and autofocus. A separate control and battery box
can be clipped on the user’s belt. Working distances from
near to infinity with magnifications of up to 30X are ob-
tainable. The head-worn unit can also be placed in a dock-
ing unit that operates more like a conventional CCTV
reading aid with a movable reading table, allowing any
standard monitor to be used for viewing. Increasingly so-
phisticated and cosmetic variants of this technology can be
expected in the future.

2.3.4.3. Access to Consumer Appliances. An ever-ex-
panding range of appliances for both the home and the
jobsite employ many features that are inaccessible to blind
or visually impaired users. Many items, such as televi-
sions, VCRs, stereos, etc., have control panels with black
buttons on black backgrounds, digital displays, and menus
that are difficult or impossible to access. The use of low
contrast liquid crystal displays (LCDs) has spread to al-
most every electrical appliance in the home and office,
making operation difficult for a person with low vision and
impossible for a blind person. Similarly difficult to operate
are touch pad controls, keypads with no tactile feel, and
complex control menus. A need exists for appliance de-
signers to be more aware of the range of abilities of their
consumer populations, as very simple design modifica-
tions would obviate many of these problems. Currently,
making many such devices and appliances accessible re-
quires wiring into their internal workings, if it is possible
at all.

On the few appliances that can still be found with
knobs and simple buttons for controls, Braille markings
and labels can go a long way toward making them acces-
sible. For devices with digital displays, handheld digital
display readers are being developed using computer vision
to find the display, analyze it, and read it to the blind user
in synthetic speech. Researchers are also working on pos-
sible future accessibility standards that would require
such appliances to make the information on the display
available in some standard format (e.g., using the IRDI
infrared, Bluetooth, or similar standard) so that third-
party manufacturers could make access devices that
would enable a blind or disabled user to access them. Un-
fortunately, these efforts have yet to bear fruit.

2.3.4.4. Access to Communication Technology. For a
person with sensory impairments, communication as-
sumes, if anything, an even greater importance than for
those with intact vision and hearing. Access to communi-
cation technology has always been problematic for blind
persons, starting with the inability to read print. Even
today, the technology to decipher handwriting does not
exist.

More modern communication technology is posing its
own accessibility problems. The old-fashioned telephone
was always accessible by blind users (with the caveat that
it had to be located before it could be used). Cell phones
have (for blind persons who can afford them) eliminated

the problem of finding a phone, but, as they have become
more like computers and consumer appliances, their ac-
cessibility has suffered. Indeed, all modern phones and
answering machines are steadily becoming more like the
other consumer appliances mentioned above, with low
contrast LCD displays and operation via complex com-
mand structures and nested menus. As of this writing, at
least two models of cell phone now exist that have been
designed to be usable by a blind person—using synthetic
speech to describe all menus and commands. As the cell
phone becomes more and more ubiquitous, and encom-
passes more and more functions (GPS, camera, browser,
etc.), maintaining accessibility will be an ongoing chal-
lenge. On the other hand, as the technology matures and
expands, it is likely that the computing poser inherent in
the cell phone will be harnessed for more and more func-
tions, assisting in everything from note-taking to wayfind-
ing. Already it is possible to take a picture of the scene in
front of you and transmit it to a sighted friend for analysis.
It is vital that these and other functions are implemented
with the broadest possible user population, including
blind, hearing impaired, and visually impaired persons
in mind.

2.3.5. Environmental Adaptations and Universal De-
sign. The barrier-free movement initially focused mainly
on consumers with physical impairments, but has steadily
been spreading to benefit those with sensory disabilities.
Although regulations mandate the placement of Braille
signs, these are of little use in many places as they have to
be found before they can be read. Some of the assistive
technology that has already been discussed in previous
sections amounts to environmental adaptation, for exam-
ple, the installation of Talking Signs or audible traffic sig-
nals to assist visually impaired travelers. These
technologies and their more advanced derivatives can
also provide useful information for the general popula-
tion. Tactile warning strips have been installed on many
railway platforms and wheelchair curb cuts. Legal action
by blind activists has resulted in manufacturers of public
terminals such as ATMs making their machines accessi-
ble. The first accessible (talking) building entry systems
and voting machines have emerged.

For people with low vision, many simple modifications
to the home or work environment can be of assistance and
enhance safety. For example, painting white or yellow
stripes on the edges of steps considerably enhances their
visibility. Use of contrasting black or white counter sur-
faces helps in performing many everyday tasks such as
cooking, pouring liquids, or eating. Boosting light levels
benefits almost all persons with low vision. Methods to
reduce glare and elimination of the latest high-intensity
discharge headlights on cars (with their high short wave-
length spectral content) would reduce the glare problem
for elderly drivers with poor vision. These modifications
and others can greatly benefit not only those with severe
visual impairments, but the wider population of aging in-
dividuals with less than perfect vision.

2.3.6. Assistive Technologies with Broad Applica-
tion. Most of the assistive technology discussed above
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has been targeted at specific tasks. In recent years, re-
search has been performed into several other technologies
with potential for broad-based application in a number of
areas. In the field of information acquisition and analysis,
one example is computer vision, or the application of com-
puting power to analyze visual images and extract the in-
formation of interest. In concept, this technology can be
adapted to any visual task, and applications are already
being developed in several areas including display read-
ing, finding and reading signs and environmental text,
analyzing terrain for curbs and drop-offs, and analyzing
intersections to advise the blind traveler how and when to
cross.

In the field of information display, researchers are
working on tactile and auditory display technologies that
could have application to multiple tasks. Tactile informa-
tion displays have been explored using several areas of the
body as a receptor site, including recent research on dis-
plays that can present tactile images to the tongue with a
flexible 12 � 12 point electrode array (28). In the area of
auditory information display, ‘‘sonification’’ methods have
been proposed and explored for converting video images
into auditory images using various transformations
(29,30).

2.4. Medical/Surgical Approaches to Restoring Function

Blurring the line between medicine and rehabilitation are
the many current research projects aimed at restoration of
visual function by implanting electrodes or bioelectric ma-
terials in various parts of the visual system. Most re-
searchers feel that these technologies have a long way to
go before becoming practical to blind people, but active
development is underway by a number of groups around
the world.

2.4.1. Cortical Implants. The pioneering work in this
field was the investigation by Brindley and Lewin in the
1960’s (31) of direct stimulation of the visual cortex using
implanted electrodes to create ‘‘phosphenes’’ or percep-
tions of patches of light in the visual field. A more recent
system by William Dobelle uses two 64-element electrode
arrays, one for each hemisphere (32). It uses a percutane-
ous arrangement to deliver power to the electrodes, with
the image signal derived from a camera mounted on a pair
of spectacles. At least eight blind patients have been im-
planted overseas with this type of system. Results varied,
but some patients were able to detect simple objects. On
one patient, an equivalent visual acuity (using tumbling
E’s and Landolt C’s) in the region of 20/1000 was reported,
and the visual field covered by the resulting phosphenes
was reported to be about 22 � 14 inches at arm’s length.

A similar approach has been under development by a
team at the University of Utah led by Richard Norman.
Rather than surface electrodes, this team has used pene-
trating electrode array in order to communicate directly
with large numbers of individual nerve cells at low cur-
rent levels (1–10 microamps). Research has included in-
vestigation of methods to unscramble the means by which
the visual pathway maps images onto cortical structures
in a complex and seemingly unpredictable way. Recent

versions have used 100-element (10 � 10) arrays with
electrodes 1.5-mm long and approximately 0.4 mm apart.
The eventual aim is to provide a total of about 625 elec-
trodes.

Compared with the retinal implant approach, the cor-
tical approach is likely to be more promising for persons
with nonfunctioning retinas or optic nerves. Difficulties to
be overcome include the somewhat irregular mapping of
retinal geometry on the visual cortex and disruption of the
images caused by uncontrolled eye movements.

2.4.2. Retinal Implants. Larger numbers of researchers
have been pursuing approaches involving implanting elec-
trodes in the retina in order to stimulate the visual sense.
This approach is being pursued by teams of researchers at
Harvard, MIT, Johns Hopkins, the Doheney Eye Institute,
and two groups in Germany, among others. Initial implant
experiments have been performed in human volunteers. It
has been shown that transretinal electrical currents can
evoke visual percepts and simple patterned percepts in
individuals with retinitis pigmentosa using implants with
four electrodes (33,34). The group led by Chow investi-
gated the possibility of inserting a suspension of nonpow-
ered microphotodiodes in the retina to passively replace
the function of lost rods and cones and stimulate the re-
maining layers of retinal neurons. Trials have led to sub-
jective improvements in vision reported by test subjects,
but no objective evidence exists that the photodiodes were
producing direct retinal nerve stimulation. It is hypothe-
sized the benefits may be caused by upregulation of
growth or neurotrophic factors (35). Differences of opin-
ion exist in whether the passive electrodes produce suffi-
cient current for direct neural stimulation, and most
research groups in this field are focusing on implants
that are externally powered.

As in the case of cortical implants, some researchers
are working on methods to provide more accurate stimu-
lation of individual cells rather than simply attaching
electrodes that may affect a region of cells. For example,
a group based at Stanford University is exploring the use
of an array of micromachined apertures in soft materials
as a spatially controlled fluidic delivery device that would
stimulate the retinal cells by supplying neurotransmit-
ters. Nerve regeneration would be used to grow dendrites
to these apertures so that single cells can be addressed
individually.

Overall, the retinal implant approach avoids most of
the problems of geometric mapping of images on the visual
cortex, and preserves more of the visual system’s process-
ing. However, it presents greater challenges of technical
and surgical practicality, and it requires the patient to
have a functional optic nerve pathway.

2.4.3. Optic Nerve Stimulation. One research group has
investigated the possibility of simulating the optic nerve
using a cuff electrode wrapped around it (36). Experiments
have been conducted in a blind human volunteer using
four surface electrodes (37). The optic nerve is more diffi-
cult to access surgically than the visual cortex or the ret-
ina. Another difficulty with this approach is to present a
geometrically meaningful map of visual space caused by
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the bundled arrangement of the optic nerve, so it may be
necessary to use large numbers of penetrating electrodes
and sophisticated computation to drive such an implant.

PART 2

3. AUDITORY ASSISTIVE TECHNOLOGY: AFFECTED
POPULATIONS

Hearing loss is defined as a disturbance in hearing func-
tion. Hearing impairment ranges in severity (mild hearing
loss being a 25–40 dB sensitivity loss to profound deafness
being a 90þ sensitivity loss) and configuration (loss af-
fecting all frequencies of hearing or just the high-fre-
quency range). Currently, hearing loss affects over 22
million Americans. The demographics of the hearing-im-
paired population reflect the varying etiologies of the im-
pairment. Geriatric individuals presenting age-related
hearing loss make up 43% of the hearing-impaired popu-
lation (39). The remaining 57% of hearing-impaired per-
sons are children and young adults with varying etiologies
of hearing impairment. It is estimated that for every 1000
births, 6 babies will present with significant hearing loss
(40). A few of the remaining etiologies include ototoxicity,
genetic or syndrome-related hearing loss, acoustic
trauma, and acoustic tumors. As more infants survive
premature or traumatic births, as more individuals sur-
vive life-threatening illnesses such as cancer or meningitis
through the administration of ototoxic medications, and as
more adults survive chronic health conditions such as hy-
pertension and diabetes, the risk and prevalence of hear-
ing loss increases. The repercussions of uncorrected
hearing loss are not only loss of function but also decrease
of mobility, social isolation, poor academic outcomes, de-
creased vocational opportunities, and depression (41,42).

The World Health Organization International Classifi-
cation of Functioning (WHO-ICF) provides a guideline for
the goals of both clinicians and researchers in providing
intervention and rehabilitation for hearing-impaired in-
dividuals (43). According to the WHO-ICF, the objective of
a rehabilitation program is to reduce the individuals’ ac-
tivity limitations (difficulties in the execution of a task, or
disability) and participation restrictions (problems expe-
rienced in involvement in life situations, or handicap) re-
sulting from the hearing impairment. The WHO-ICF also
acknowledges that exogenous factors found in the individ-
ual’s environment play a role in enhancing or hindering
the rehabilitation program. Environmental factors are the
physical, social, and attitudinal surroundings of the indi-
vidual with hearing loss. It is apparent that environmen-
tal factors will interact with the hearing-impaired
individual’s activities and participation. For example, a
hearing-impaired student is able to function better in a
smaller classroom where the lecturer is clearly seen and
heard than in a large lecture hall with more background
noise and reverberation and a decrease in lighting and
visual cues from the speaker.

With the passage of the Americans with Disabilities Act
(ADA) in 1990, society became involved in creating a more
facilitative environment for those with disabilities (44–

46). The passage of this act as well as the rise of a tech-
nological revolution encouraged researchers to develop
ways to reduce functional impairment experienced by
those with hearing loss through the use of sensory aids,
such as amplification devices and assistive listening de-
vices. Along with the recent recognition of the deleterious
effects of environmental factors, standards and guidelines
have been published to ensure more facilitative listening
environments, thus paving the way for relating the con-
cept of universal design (e.g., painted curbs, ramps, and
automatic doors benefiting the population as a whole) to
acoustics. In 2002, the American National Standards In-
stitute (ANSI) published ‘‘Guidelines for Acoustics in Ed-
ucational Environments,’’ which gave specific details
regarding the maximum limits of background noise, re-
verberations times, and signal-to-noise ratios (47). Engi-
neers and architects comply with these guidelines through
the use of acoustic tiles to absorb reverberation, the size
and structure of the room, and sound-field amplification
systems if needed (48–50).

3.1. Historical Overview of Auditory Assistive Technology

Many forms of auditory assistive technology exist. One of
the earliest forms of auditory technology was the acoustic
horn, which was popular during the eighteenth century.
These devices not only served to funnel sound down into
the ear, but also used the resonance of the horn to enhance
the acoustic properties of the sound. At the beginning of
the twentieth century, a hearing aid employing a body-
worn microphone and amplifier box, and a receiver ear-
piece was introduced. Hearing aids have since become the
most common auditory assistive technology in that it is a
personal microphone amplification system that can be
worn in nearly every listening situation.

As technology improved over the years, hearing aids
have also improved so that it is no longer the body-worn
device of the past. Currently, hearing aids are available in
a variety of sizes, such as a device that is worn behind-the-
ear and coupled to the ear with an earmold or custom de-
vices that fit in the ear or ear canal. Hearing aids are not
able to solve all of the functional impairments of the hard-
of-hearing individual. In addition to reduced hearing sen-
sitivity, the hearing-impaired individual also has poor
spectral and temporal resolution, which results in a de-
creased ability to separate the desired speech signal from
the surrounding undesired noise. Normal-hearing individ-
uals require the acoustic level of speech to be 6 dB louder
than the competing acoustic background noise, or a signal-
to-noise ratio (SNR) of þ 6 dB, for speech intelligibility.
However, hearing-impaired individuals require a more fa-
vorable SNR of up to þ 20 dB for speech intelligibility (51).
It is especially important to use all available technological
resources to increase the acoustic strength of the target
signal relative to the background noise prior to entering
the auditory sensory system.

With this goal of strengthening the SNR, auditory as-
sistive technology extends beyond traditional hearing aids
to include personal FM systems and alerting systems, en-
vironmental manipulations, and visual captioning. The
signal is defined as the desired message or information to
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be received by the listener. In conversation, the message is
transmitted from the speaker to the listener as a code of
acoustic (speech, intonation, and rate) and visual (lip
movement, facial expressions, and gestures) information.
Noise is defined as anything that deters the proper recep-
tion of the message by the listener. Noise can be internal
or external to the listener and can occur across sensory
modalities. Hearing loss, thoughts that distract the lis-
tener from attending to the message, and misrepresenta-
tions of the targeted message are examples of internal
noise. External noise includes acoustic noise, acoustic al-
terations such as reverberation, and visual noise such as
visual distractions and interference. Increasing the SNR
incorporates the use of any strategy and any modality to
enhance the reception of the message relative to noise.

Assistive devices lie on a continuum ranging from
strictly auditory enhancement of the signal to strictly vi-
sual substitution of the acoustic signal. However, no mat-
ter where an assistive device lies on the continuum, the
SNR is altered. The change in the SNR may be a result of
manipulations in the auditory domain, such as with am-
plification of the signal, or, in the visual domain, by in-
creasing the redundancy of the acoustically delivered
message by providing a written transcription. A rehabil-
itation program for the hearing-impaired individual may
employ the use of both modalities to enhance the SNR,
such as with a hearing-impaired listener using both hear-
ing amplification and visual captioning to better under-
stand the television.

3.2. Sensory Aids—Nonsurgical Hearing Aids

Hearing aids are personal amplification devices that im-
prove hearing function through the use of an amplifier
circuit.. Hearing aids increase the audibility of the signal,
thereby increasing the SNR. The major advantage of hear-
ing aid use is that audibility is increased in every listening
situation for the user. Another advantage of hearing aids
is that numerous electronic modifications to the signal
processing circuitry can be made. The incoming signal
waveform can be divided into numerous bands (up to 32)
for frequency shaping and intensity compression. Audio-
logists are able to manipulate the frequency/gain response
of the amplified signal via a personal computer to meet the
needs of the patient. Although many benefits to hearing
aids exist, there is a limitation in that the hearing aid is
not able to alter the user’s environment. Just as the target
signal is amplified, so is the surrounding background
noise. Several hearing aid technologies are emerging
that may help to further increase the SNR: directional
microphones, noise reduction circuitry, and more recently,
Bluetooth technology.

The output SNR of the hearing aid circuit can be in-
creased up to 8 dB through the use of directional micro-
phone technology. All hearing aids employ an
omnidirectional microphone that collects sound from all
directional sources to be amplified without relative delay.
Directional microphone technology employs the use of (an)
additional rear-facing microphones to attenuate sounds by
delaying the signal that is collected by the rear micro-
phones relative to the signal collected by the front micro-

phone. The amplification/reduction polar pattern of the
microphones is determined by the ratio of the external
delay (microphone port spacing) to the internal delay (a
mechanical or electrical filter in the rear microphone).
With the use of directional microphones, the signal in
front of the hearing aid user is amplified, whereas the
signal input from the sides or the rear of the user is at-
tenuated depending on the location of the nodes in the
polar response pattern of the microphones. Directional
microphone technology has been shown to provide the
most improvement of speech recognition performance in
the presence of noise, provided that the noise is behind the
patient and the signal is in front (52). Directional micro-
phone technology is continually changing. Hearing aid
manufacturers and engineers are employing the use of
more microphones (greater than two) and adaptive algo-
rithms that will further increase the SNR and change the
polar pattern depending on the location of the noise source
(53).

Another method of increasing the SNR of the hearing
aid circuit is noise reduction circuitry. The principle of
noise reduction algorithms is to reduce ambient noise in
the environment by the analysis of the acoustic properties
of the incoming signal. The temporal and spectral charac-
teristics of noise consist of a steady state or constant level
with a broad frequency bandwidth. In contrast, the acous-
tic properties of conversational speech are frequency spe-
cific and dynamic. By capitalizing on these contrasting
properties, acoustical engineers design algorithms that
will reduce or cancel steady-state signals while amplifying
the dynamic stimuli. Noise reduction algorithms do have
their limitations. Many times, the background noise pres-
ent for the hearing-impaired individual is speech itself (for
example, background conversations in a restaurant),
which is dynamic. As a result, this type of background
noise will not be reduced, but rather be amplified along
with the desired speech signal. Research has not shown
that noise reduction circuitry improves understanding of
speech in noise. However, research does indicate that
noise reduction may decrease the annoyance rating of
the noise, which could lead to more ease in conversation
and less fatigue for the hearing-impaired user (54).

Recently, engineers at Gennum Corporation, a manu-
facturer of hearing aid microphones and circuits, have
been working with Bluetooth technology to increase the
SNR. For a normal-hearing individual, binaural hearing
contributes to the suppression of background noise. There-
fore, the noise reduction algorithm may be more effective if
the two hearing aids in a binaural fitting are able to com-
municate with one another by a wireless Bluetooth sys-
tem. Use of this technology is still undergoing
development. Therefore, no published data exists on
whether such a system is effective in increasing the SNR.

Although these hearing aid mechanisms are designed
to increase the SNR, this increase is not enough for indi-
viduals with a more severe to profound sensorineural
hearing loss. Those individuals will need additional as-
sistive technologies or assistive listening devices to fur-
ther increase the SNR.
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3.3. Sensory Aids—Surgical Devices

Recently, surgically implantable hearing devices have
emerged. These devices can be categorized according to
the hearing-impaired population that they serve. Middle
ear implants (MEI) and bone-anchored hearing aids are
for those hearing-impaired individuals with residual hear-
ing. Cochlear implants are devices that can be worn by
those with a more severe to profound hearing loss.

MEIs are an adapted hearing aid design in that the
receiver of the hearing aid is implanted in the middle ear
space as a mechanical transducer on the ossicular chain
(the three bones in the middle ear that convert acoustic
energy into mechanical energy). MEI’s basic design con-
sists of both external parts and internal parts. Externally,
the user would wear a device that looks very much like a
behind-the-ear hearing aid. This device houses the micro-
phone, the digital processing circuit, and the battery. The
external device is coupled to the internal device by a mag-
netic button that is worn on the head, which transmits the
signal through to the internal magnetic receiver. A wire
then transfers the auditory signal to the transducer at-
tached to the ossicular chain. The MEI provides amplifi-
cation through the direct enhancement of the middle ear
mechanical vibration. The MEI has several advantages
over conventional hearing aids in that acoustic feedback
may be reduced and the occlusion effect (resulting from
the hearing aid earmold plugging the ear) is diminished.
However, it is a surgical procedure, therefore introducing
more risks to the patient. Currently, researchers are de-
veloping a completely implantable MEI, so that the mi-
crophone of the aid could be embedded in either the canal
wall or the tympanic membrane.

Bone-anchored hearing aids (BAHA) are designed for
those who experience a conductive hearing loss (hearing
loss resulting from loss of mechanical transduction
through the outer and middle ear to the cochlea, rather
than a sensory loss in the cochlea and hearing nerve). A
vibrotactile device is attached to a titanium base that has
been surgically implanted in the skull behind-the-ear.
Transduction of sound is more efficient than traditional
bone vibrators that are pressed against the skin and the
surgically implanted device is much more comfortable be-
cause the pressure does not need to be applied for optimal
signal transmission.

Cochlear implants (CI) are devices that provide direct
electrical stimulation to the auditory nerve. The basic de-
sign of a CI, like the MEI, consists of external and internal
components. The external components are a microphone,
speech processor, and a magnetic coil to be worn on the
head to transmit the signal to the internal components.
The internal components are a magnetic receiver, a mul-
tiband electrode, which is fed through the round window
of the cochlea, and a ground electrode, which is grounded
in tissue outside the cochlea. The external microphone is
worn behind-the-ear, much like a behind-the-ear hearing
aid, while the speech processor can be housed separately
from the microphone so that it is worn like a body aid
(small box that can be clipped to the user’s belt) or housed
with the microphone so that it is worn behind the ear. The
internal components are a magnetic receiver and a mul-

tichannel electrode, which is fed through the round win-
dow of the cochlea. The number of electrode channels
varies between a single-channel design (initial implant
design that is not typically used today) to up to 24 chan-
nels with each channel stimulating a different region
along the cochlear duct. The algorithms of CI’s signal pro-
cessing strategies are designed to extract the salient fea-
tures of speech, such as frequency, temporal, and intensity
cues, and deliver these parameters to the electrode array.
The electrode array then electrically stimulates the resid-
ual auditory neurons, translating these important speech
cues into place, rate, and voltage of stimulation along the
cochlear duct. As signal coding strategies improve, a po-
tential exists for an increase in speech perception perfor-
mance for the cochlear implant user.

Currently, individuals with severe to profound hearing
impairment are candidates for cochlear implants. A non-
surgical hearing aid can be used in conjunction with the
implant on the opposite ear if that ear has residual hear-
ing. Research indicates that a binaural advantage exists
in using a hearing aid with the cochlear implant in terms
of increased speech perception and decreased localization
errors (55,56). Trials are currently being conducted to ex-
amine the potential benefit of bilateral cochlear implants.
Preliminary results show that bilateral cochlear implan-
tation also demonstrates a binaural advantage (57,58).

Future research in the area of cochlear implants in-
cludes the combination of electrical stimulation for high-
frequency sound with acoustic hearing for low-frequency
sounds in the same ear and the manufacturing of a com-
pletely implantable device. The former is currently un-
dergoing trials and shows a benefit for individuals with
severe to profound high-frequency hearing loss (59). The
latter relies heavily on the development of an internally
placed microphone that has the ability to pick up envi-
ronmental sounds, while suppressing internal body noise.

3.4. Sensory Aids—Assistive Listening Devices

3.4.1. Telecommunication. Society is becoming more
and more reliant on telephone use for social connection
and safety... It is imperative that all hearing-impaired in-
dividuals are able to use some form of telecommunication
device. Individuals with a mild to moderate hearing loss
(25–55 dB hearing loss) may be able to use a regular tele-
phone with use of a hearing aid. The hearing aid has an
electromagnetic induction coil (telecoil) that allows for
coupling with the telephone. This coil is important not
only for hearing aid use with the telephone, but also for
use with assistive devices, called FM systems, that will be
described later. The electromagnetic signal from the tele-
phone is picked up by the telecoil of the hearing instru-
ment (bypassing the microphone, therefore reducing
acoustic feedback) and is fed through the hearing aid’s
amplifier. An amplified telephone also can be purchased to
further increase the signal from the telephone receiver.
Federal law under the Hearing Aid Compatibility Act of
1988 mandates that all telephones (nonwireless phones)
be hearing aid compatible, meaning that the telephone
receiver will be able to produce an electromagnetic signal
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strong enough to be picked up by the telecoil of the hearing
aid (60).

Hearing aid compatibility with digital wireless phones
is more complex than with standard line phones. The
hearing aid telecoil not only picks up the electromagnetic
sound waves from the telephone receiver, but also the ra-
dio frequency (RF) emissions from the wireless antenna.
These RF emissions create an interface signal (a buzzing
sound) for the hearing aid user, thus masking the output
of the telephone receiver (61). Recently, the Federal Com-
munications Commission modified the Hearing Aid Com-
patibility Act to require that digital wireless phone
manufacturers provide services and products to individu-
als who use hearing aids. Digital wireless manufactures
are required to provide wireless phones that have reduced
RF emissions so that interference between the antenna
and the hearing aid’s telecoil is minimal (62).

For individuals with profound hearing loss (greater
than 90 dB of hearing loss), a text telephone that prints
a script of the telephone conversation on a screen for the
hearing-impaired individual to read may be necessary.
The text telephone (also known as teletypewriter, or TTY,
or telecommunication device for the deaf, or TDD) uses a
standard phone line and service. The text telephone en-
ables hearing-impaired individuals to call each other and
type their conversations to each other. If a hearing-im-
paired individual needs to call someone who does not have
a text telephone, then he/she will have to use a Relay ser-
vice. The Americans with Disabilities Act mandates that
each state provides a relay service (44–46). This service
provides the transcription of spoken speech to written text
delivered to the text telephone device and vice versa.

Recently, an automatic speech recognition (ASR) sys-
tem has been developed. ASR consists of a computer sys-
tem that converts spoken speech into a written script.
However, the computer’s ability to recognize speech lags
far behind the speech recognition of the human brain. The
variety of spoken misarticulations, accents, and speech
impediments causes the voice recognition software to cre-
ate many errors. The ASR system requires a hearing per-
son who is well-trained to the system to repeat what is
being spoken in order to increase word accuracy. Thus,
there is nearly a real-time transcription of the telephone
conversation. There has been and will continue to be much
work by engineers and computer programmers to develop
software that is able to compete with the speech recogni-
tion abilities of the human auditory system and brain.

An alternative to telecommunication is Internet com-
munication. Many hearing-impaired individuals take ad-
vantage of Internet instant text messaging for distance
communication. The Internet enables video communica-
tion (or videoconferencing) with the use of a webcam, the
appropriate Internet connection, and software (such as
Microsoft Netmeeting). Therefore, individuals who use
sign language are able to converse via signing. This tech-
nology, along with a microphone plugged into the com-
puter, can be used for remote interpreting (converting
spoken language into sign language). However, a high-
speed Internet connection through either DSL or cable is
necessary for optimal transmission of the signal. As the
Internet connections become faster and wireless technol-

ogy becomes more available, interpreting service sites
may employ the use of video communication.

3.4.2. Personal Communication Systems. Hearing-im-
paired individuals may use a personal assistive listening
device (ALD) to further increase the SNR. A personal ALD
will consist of a microphone, which is worn by or placed
near the speaker and a receiver/amplifier circuit, that is
worn by the hearing-impaired listener.. The advantage of
personal ALDs is that the microphone is inches from the
speaker’s mouth, therefore increasing the SNR up to 20
dB (the speech signal is 20 dB louder than the background
noise). Personal ALDs can be used in many environments
such as one-on-one conversation or group conversation in
noise; they can be used with the telephone, radio, com-
puter, and television; they also can be used in large areas
such as a classroom, meeting, place of worship, or theater.

The transmission of the signal from the microphone to
the receiver may be via a hardwire system, a frequency
modulated (FM) signal, or an infrared signal. A hardwire
system requires a wire to connect the microphone to the
amplifier and receiver. The length of the wire limits the
distance between the speaker and the listener. An FM
system is an attractive alternative in that it does not re-
quire a wire between the microphone and the receiver. The
auditory input to the microphone is transmitted by radio
waves to the receiver worn by the listener. A disadvantage
of FM systems is that it may pick up interference from
other FM signals in the environment. An infrared system
transmits the signal to the listener through invisible in-
frared light waves. Infrared systems have an advantage in
that they are compatible with any infrared transmitter
device and cannot pick up interference from other signals.
However, infrared systems are vulnerable to interference
from sunlight and any object obstructing the line of view
between the infrared transmitter and receiver.

Personal ALDs can be coupled to the ear in a variety of
ways. Each of the transmitter/receiver systems can use a
headset or earbuds, which can be worn by any listener.
The receivers that use these headsets/earbuds typically
have a volume control that the listener can adjust. The
hearing aid wearer or cochlear implant wearer also may
connect to the receiver through direct audio input (DAI).
In this arrangement, a wire connects directly to the am-
plification device. FM receivers can either be internally
housed in the case of a behind-the-ear hearing aid or ex-
ternally attached via DAI to the hearing instrument or
speech processor of the cochlear implant.

An electromagnetic induction loop also can couple the
receiver to a hearing aid that is equipped with a telecoil. A
receiver sends the transmitted speech signal to an elec-
tromagnetic induction loop. The magnetic signal trans-
mitted through the loop is picked up by the telecoil of the
hearing aid. The induction loop can be arranged in a va-
riety of ways. First, the induction loop can be wired
around the room. For example, classrooms may have an
electromagnetic induction cord wired around the perime-
ter of the room. Therefore, the hearing-impaired student
can change his or her hearing aid to telecoil mode and
hear the teacher’s voice (who is wearing a microphone
transmitter) from anywhere within that particular room.
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Room loops also may be installed in other public places
such as conference rooms and theaters. For a personal FM
system, a small induction loop may be worn around the
listener’s neck. An alternative to the personal induction
loop is the silhouette inductor, which is a slim device that
can be placed discretely next to a behind-the-ear hearing
aid or cochlear implant device. The major advantage of
ALDs that are coupled to the user’s hearing aid or cochlear
implant is that the incoming signal can be adjusted ac-
cording to the individual’s hearing loss through the fre-
quency/gain characteristics of the hearing aid or cochlear
implant.

3.4.3. Telecaptioning. A simple way to increase the
SNR is to have written text of the spoken words. No mat-
ter how adverse the acoustic environment, the hearing-
impaired listener will be able to follow along with what is
being spoken.. Live Internet transcription services using
the aforementioned ASR technique may be used by hear-
ing-impaired listeners to extract new information during
meetings, lectures, or conferences. The classroom or con-
ference room needs to be wired for a high-speed Internet
connection in order for this technology to be used. The
speaker’s voice will be picked up by a microphone that is
hooked up to an Internet-connected computer. Hearing-
impaired users will access the transcription service on a
website that will in turn produce a near-real-time tran-
scription of the meeting/lecture. Captioning also is avail-
able for television, Internet, and movie theater listening
through a built-in or external caption decoder.

3.4.4. Alerting Systems. Alerting devices for hearing-
impaired individuals use other sensory modalities, such
as vision and touch, to aid the individual in the detection
of safety/alarm equipment. Telephone ringers, smoke de-
tectors, alarm clocks, and doorbell ringers can be pur-
chased that have a loud auditory stimulus, a visual strobe
light stimulus, or a vibrotactile-paging stimulus.

Auditory. sensory aids are any device that increases the
SNR of the desired signal, whether the signal is speech,
music, or alarms. Past research has provided many ap-
proaches to increasing the SNR so that the hearing-im-
paired individual’s functional disability and
environmental factors will not negatively influence activ-
ity limitations and participation restrictions. As research
continues to progress and new technologies continue to
emerge, engineers, researchers, and clinicians alike will
find new ways to further enhance the SNR, thus enhanc-
ing the auditory rehabilitation program for the hearing-
impaired individual.
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WEBSITES

http://www.gennum.com\par

Gennum Corporation designs and develops the DSP circuits and
microphones for hearing aids.

http://www.tap.gallaudet.edu

Technology Access Program—provides information on the recent
and emerging technologies available for individuals with hear-
ing impairment.

http://www.captionedtelephone.com

UltraTec’s website featuring more information regarding the Cap-
Tel TM and the telecommunication relay service using ASR.

http://www.viabletechnologies.com
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Viable Technologies Inc. develops, offers live Internet real-time
transcription services using the ASR system.

http://www.signonasl.com/video

Website offers information and services for remote interpreting
for hearing-impaired individuals.

http://www.coclear.com http://www.advancedbionics.com

Websites for two cochlear implant manufacturers: Cochlear Cor-
poration and Advanced Bionics.

http://www.otologics.com

Olotogics designs and manufactures middle ear implants.

http://www.entific.com

Enitific corporation designs and manufactures bone-anchored
hearing aids (BAHA).
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1. INTRODUCTION

Humans normally live in a symbiotic relationship with
micro-organisms. Apart from environmental microbes
that can invade tissue and cause infection, the normal
human has an indigenous flora that numbers an order of
magnitude greater than the number of cells humans
possess (1). The presence of this flora is necessary for
normal human immunological and metabolic development
(2), and in return, humans provide an accommodating
host for growth and reproduction.

Higher organisms have developed complex systems of
immunity to recognize and manage invasion of microbial
pathogens (3). The immune system has two principal
components. An adaptive component is comprised of lym-
phocytes capable of recognizing a previously encountered
antigen by way of cell surface receptors specific for that
antigen. Engagement of the receptor by its corresponding
antigen results in clonal proliferation of the lymphocyte
line with a subsequent immune response over the course
of days. The innate component is an evolutionary ancient
mechanism for immediate recognition and response to
pathogenic antigens that is present in all higher-level
organisms. It is this component that is responsible for
the systemic response to infection. Pathogens can be
recognized by secreted receptors, bind to complement,
and undergo phagocytosis and destruction. They may
also be recognized by endocytic receptors on macrophages,
and undergo phagocytosis directly. Finally, and of most
relevance to severe sepsis, they may engage signaling
receptors on the surface of various cell types and initiate
signal transduction pathways, resulting in upregulated
gene transcription and activation of the inflammatory and
related pathways.

The inflammatory and related responses are intended
to maintain localization of microbial invasion; however,
failure to do so can result in a systemic activation of the

innate immune response. This systemic inflammatory
response syndrome (SIRS) results in a clinical syndrome
characterized by (1) fever (or hypothermia), (2) tachycar-
dia, (3) tachypnea, and (4) leukocytosis (or leukopenia) (4).
Nonmicrobial causes of SIRS have been identified (e.g.,
trauma, burns, pancreatitis, transfusion reaction), but the
most common precipitating event is an infectious stimu-
lus.

The systemic inflammatory response represents a state
of adaptation to support recovery from infection (5). Fever
is well preserved throughout evolution, and appears to
benefit the host response to infection (6). It is mediated
through endogenous pyrogens (including interleukin-1,
tumor necrosis factor, interleukin-6, and the interferons)
acting on the central nervous system. Fever induces
changes in effector cells of the immune response, and
induces the heat shock response with production of heat
shock proteins that are crucial to cellular survival (7).
Data regarding the effect on clinical outcomes is limited,
but one study found that failure to mount a febrile
response to infection was associated with higher mortality
(8). Tachycardia and tachypnea represent the cardiopul-
monary response to increase oxygen and nutrient delivery
to tissues. Leukocytosis represents enhancement of the
arm of the immune response designed for microbial kill-
ing.

The use of the SIRS criteria above has been and
continues to be used in the definition of sepsis, including
clinical trials. The use of these criteria, however, has
serious limitations. The components of SIRS are nonspe-
cific, and even when combined with presumed infection
are not highly specific. To overcome these limitations, a
newer approach to the definition and staging of sepsis has
been founded and continues to be revised (9). The PIRO
system consists of four domains (predisposition, insult,
response, and organ dysfunction), each of which is graded
to denote the severity of involvement (Table 1). As more is
learned about the pathophysiology and clinical/biological
responses of sepsis, the system can be refined to improve
its discriminatory capabilities.

The term sepsis is reserved to describe the syndrome of
systemic inflammation caused by infection. The degree of
insult forms a clinical continuum of severity. The more
severe end of the spectrum is associated with organ
dysfunction, and termed severe sepsis. Over 750,000 cases
of sepsis occur in the United States annually, resulting in
over 200,000 deaths (10). Over the past several years, our
understanding of the pathogenesis of severe sepsis has
increased significantly. New treatments such as activated
protein C, aggressive control of serum glucose with in-
tensive insulin regimes, goal-oriented fluid resuscitation,

Table 1. The PIRO System for Staging of Sepsis

Domain Current Criteria Potential Criteria

Predisposition Premorbid conditions, cultural and societal beliefs, age, sex Genetic polymorphisms, pathogen-host interactions
Insult/infection Culture and sensitivity, clinical detection of disease Assay of microbial products, gene transcription profiles
Response SIRS, C-reactive protein Procalcitonin, mediator profiles
Organ dysfunction Organ dysfunction scores Measurement of cellular signaling and other responses
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and treating relative adrenal insufficiency has led to a new
era in the treatment of sepsis (11–14). However, our
understanding of this process is still in its infancy. The
complexity of SIRS and sepsis and the associated counter-
regulatory mechanisms has hampered our understanding
and development of therapeutic approaches. Numerous
trials using anticytokine strategies that have shown pro-
mise in controlled animal studies have failed to demon-
strate efficacy in large clinical trials. The reasons for the
failure of clinical trials include the disparity between
animal models and clinical reality, the heterogeneous
nature of patient populations and sepsis, poor under-
standing of genetic influences, and the complexity of the
inflammatory mediator network (15,16).

2. PATHOPHYSIOLOGY OF SEPSIS

The sepsis syndrome involves numerous cytokines, cellu-
lar signaling pathways, and hormonal influences (17,18).
Furthermore, individual organ response to SIRS and
sepsis is variable and appears to have genetic influences
(19), adding another entire level to its understanding.
Evaluation and investigation of sepsis, and development
of possible therapeutic interventions, will require an
understanding of the complex integration of multiple
variables including genomic, molecular biochemical path-
ways, and neuroendocrine influences. Sepsis involves
several components: inflammation, anti-inflammation,
coagulation, fibrinolysis inhibition, neuroendocrine acti-
vation, and metabolic changes. An overview of some of the
more well-known components follows, as it is beyond the
scope of this topic to provide a comprehensive review.

2.1. Proximal Inflammatory Mediators

The variety of infectious insults can elicit the sepsis
response, including gram-negative and gram-positive bac-
teria, fungi, viruses, and other microbial agents. Our
understanding of this disparity has improved with the
identification of a number of specific signaling receptors
on the surface of macrophages and monocytes that initiate
the septic response. The largest family of receptors is that
of toll-like receptors (TLR), each recognizing a specific
antigen (Table 2). One of the most studied TLRs is perhaps
TLR4, responsible for recognition of lipopolysaccharide
(LPS, endotoxin) from the cell wall of gram-negative
bacteria. LPS is released when bacteria are injured or

killed, and is bound to a circulating protein, lipopolysac-
charide-binding protein (LBP). LBP serves to deliver LPS
to the CD14 receptor on the surface of macrophages, and
CD14 facilitates the engagement of LPS with TLR4, also
on the cell surface. Engagement of TLR4 and the acces-
sory protein MD2 initiates an intracellular signaling
pathway that involves the transcription factor nuclear
factor kB (Fig. 1).

Nuclear factor kB (NF-kB) is a key player in intracel-
lular signaling. NF-kB provides signaling for most of the
TLR and related receptors. Receptor activation causes
degradation of the cytosolic inhibitor protein, I-kB, a
protein that is normally bound to NF-kB within the
cytoplasm, inhibiting its actions. Upon its degradation, it
releases NF-kB, which then translocates into the nucleus
and binds to promoter regions of genes involved in the
early phase inflammatory response (20).

The two principal early phase inflammatory cytokines
are tumor necrosis factor-a (TNF-a) and interleukin-1 (IL-
1) (21). TNF-a in its monomeric form is a 17kDa released
primarily from macrophages, and in return induces a
number of cellular responses through specific receptors
TNF receptor type 1 (TNFR1, p55) and type 2 (TNFR2,
p75). Activation of TNFR1 induces macrophage, mono-
cytes and neutrophil activation, induction of nitric oxide
synthase activity, increased tissue factor expression and
coagulation, increased fibrinolysis, upregulation of en-

Table 2. Toll-Like Receptors (TLR) and Their Ligands

TLR1 Lipoteichoic acid
TLR2 Peptidoglycan, lipoteichoic acid, fungal wall elements
TLR3 Double-stranded RNA of viral origin
TLR4 Lipopolysaccharide, heat shock protein 60, elastase
TLR5 Flagellin
TLR6 Zymosan
TLR7 Single stranded RNA, guanine ribonucleosides
TLR8 Single-stranded RNA
TLR9 Bacterial CpG DNA
TLR10 Unknown Figure 1. NF-kB system for cytokine transcription. (From The

San Diego Biotech Journal, October 2001, with permission).
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dothelial adhesion molecules, upregulation of interleukin-
6 (IL-6), and endothelial injury. The receptor also acti-
vates NF-kB to promote further feedback upregulation of
TNF-a and IL-1. Activation of TNFR2 enhances the bind-
ing of TNF-a to TNFR1, supporting its actions.

IL-1 is a 26kDa protein activated in concert with TNF.
It has two forms (IL-1a and IL-1b), the latter of which is
predominant in sepsis. The actions of IL-1b are similar to
TNF-a and are mediated through two receptors, type I and
type II.

2.2. Distal Inflammatory Mediators

A number of mediators are upregulated by the proximal
inflammatory mediators (e.g., TNF-a and IL-1b). Inter-
leukin-6 (IL-6), a 21kDa cytokine, appears to play an
important role. It is produced in a number of cell types,
including endothelial cells, in response to TNF-a and IL-
1b. IL-6 causes activation of B- and T-lymphocytes, in-
duces acute phase protein production in the liver, and
activates the coagulation system (21). IL-6 has some anti-
inflammatory activity, because it can inhibit endotoxin-
induced TNF-a and IL-1b production and elevates plasma
levels of soluble TNFR1 and IL-1 receptor antagonists. As
these latter two are circulating and not membrane bound,
they act as competitive inhibitors of TNF-a and IL-1b.

Interleukin-8 (IL-8) is a member of the chemokines
family of cytokines. It is produced by mononuclear cells,
leukocytes, endothelial cells, and epithelial cells in re-
sponse to LPS, TNF-a, and IL-1b. Its primary function is to
attract and activate neutrophils to areas of inflammation
through the induction of chemotaxis, upregulation of
adhesion molecules, and promotion of neutrophil degra-
nulation and respiratory burst activity. A number of other
mediators, such as the interferon family, also contribute to
the innate immune response, but are not included in this
introduction.

High Mobility Group Box-1 (HMGB-1) is one of the
delayed mediators and only has recently been discovered.
HMGB-1 is a DNA-binding protein and has been impli-
cated as a proinflammatory cytokine and late mediator of
lethal endotoxemia (22). HMGB-1 is released by activated
macrophages. It appears to amplify and extend the in-
flammatory response by inducing cytokine release and
mediating end organ damage such as acute lung injury
and endothelial barrier disruption (23). The primary role
of HMGB-1 is that of binding and maintaining nucleosome
structures and has a role in transcription (24). However,
in an inflammatory environment, HMGB-1 is released
from activated macrophages and triggers worsening in-
flammation and disrupts normal cellular mechanisms that
lead to apoptosis (25). Furthermore, HMGB-1 has demon-
strated to stimulate cellular and vascular adhesion mole-
cules along with plasminogen-activating factor inhibitor
and monocyte chemotactic protein-1 (26).

Nitric oxide (NO) and its terminal metabolites are
known as important contributors to the vasodilatory state
that occurs with septic shock. The concentration of NO
metabolites correlates with the degree of hemodynamic
compromise seen in septic shock (27). Furthermore, nitric
oxide (NO) and eicosanoids, mainly platelet-activating

factor (PAF), leukotriene B4, and phospholipase A2, inter-
act to play an important role in vascular dilatation during
septic shock (28).

Modulation of NO offers an attractive therapeutic op-
tion because it appears to be the terminal step that leads
to vascular relaxation and shock regardless of the me-
chanism or organism causing the sepsis. One therapeutic
target has been to modulate the NO enzymatic pathways,
particular inducible enzymes such as iNOS (inducible
nitric oxide synthase). Many immunosuppressants appear
to exhibit this affect by modulation of iNOS (29). Beta-
adrenoreceptor antagonists and glucocorticoids may also
offer some degree of NO modulation, but at present no
clinical data exists to support their use for this purpose
(30).

2.3. Coagulation System

The relationship of inflammation and the coagulation
pathway has been extensively investigated. An inflamma-
tory response stimulates several factors that induce a pro-
coagulant milieu resulting in microvascular coagulation
and subsequent organ failure (31). Several pathways exist
that appear to contribute to the pro-coagulant effect.
Regardless of the infectious trigger, one important path-
way is initiated by expression of tissue factor as a result of
endothelial barrier disruption (32), such as induced by
pathogens, leukocyte, or cytokine injury. Tissue factor
interacts with factor VIIa to convert factor IX to factor
IXa and factor X to factor Xa. Factor Xa in turn generates
factor IIa (thrombin) from factor II (prothrombin) as
shown in Fig. 2. These reactions take place on the acti-
vated surface of the endothelial cell. Once factor IIa is
generated, it cleaves plasma fibrinogen to generate fibrin,
which leads to microvascular clotting, tissue oxygen de-
livery disruption, and subsequent organ dysfunction (33).

Counter-regulatory systems exist for the coagulation
pathways. A counter-regulatory system for tissue factor is
tissue factor pathway inhibitor (TFPI), which inhibits
tissue factor through a complex mechanism (34). Patients
with severe sepsis and septic shock appear to have an
imbalance of tissue factor and TFPI leading to an un-
checked activation of the coagulation pathway, microvas-
cular coagulation, tissue dysoxia, and organ dysfunction
(35). Another pathway, the thrombomodulin-protein C-
protein S pathway, results in the activation of protein C,
inhibiting factors Va and VIIIa and acting as a natural
antithrombotic. During systemic inflammation, protein C
production is downregulated, its consumption increased,
and the thrombomodulin-protein C complex is impaired,
resulting in a deficiency of activated protein C. Adminis-
tration of activated protein C (APC) has shown to reduce
the coagulation dysfunction of systemic inflammation due
to sepsis and reduces mortality sepsis when sepsis is
severe (36–38). It is particularly effective at preventing
microvascular thrombosis, but also has anti-inflammatory
and anti-apoptotic actions that likely contribute to its
ability to reduce mortality. In vitro studies reveal that
APC modulates gene expression of anti-inflammatory and
cell survival genes (39). APC signaling inhibits increases
in the pro-apoptotic factor p53 and upregulates anti-
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apoptotic factors (40), and has anti-inflammatory proper-
ties that may be mediated through the NF-kB pathway
(41). Activated protein C variants have been produced
that retain anti-apoptotic activity but with reduced antic-
oagulant activity, opening new avenues for therapeutic
development (42).

Platelet activation also occurs but the trigger has not
been fully elucidated. Circulating cytokines do not appear
to be a direct stimulus for this platelet activation (43).
Thrombin appears to be the most likely trigger of platelet
activation and likely activates white blood cells and en-
dothelial cells as well (44).

2.4. Neuroendocrine

Understanding of the interaction of the inflammatory
response and the neuroendocrine system is still in its
infancy. The role of the neuroendocrine response has
become of major interest with the demonstration that its
manipulation can reduce mortality in critical illness.

2.4.1. Glucocorticoids. The role of corticosteroids in
the treatment of sepsis has recently been revisited. Re-
lative adrenal insufficiency has been described in patients
with septic shock defined as a blunted cortisol response to
an adrenocorticotropic hormone (ACTH) challenge (45).
Although the reason for the blunted ACTH response has
not been fully described, cortisol supplementation does
appear to improve outcome and recovery. A 7-day treat-
ment with low doses of hydrocortisone and fludrocortisone
significantly reduced mortality in patients with septic
shock. Hydrocortisone infusion in septic shock appears
to differentially regulate the cytokine response. Both IL-6
and IL-8 levels have been shown to decrease, whereas
TNF and IL-10 levels were not affected by hydrocortisone
(46). Stress doses of hydrocortisone may be a valuable
immunomodulatory therapy for septic shock (47).

2.4.2. Insulin. Sepsis seems to impair the action of
insulin on endogenous glucose production, glucose utiliza-
tion, lipolysis, and ketogenesis (48). Recent data suggest
that correcting hyperglycemia in critically ill patients
decreases morbidity, although the optimal blood sugar
level is still debated. In a randomized controlled trial of
1548 surgical ICU patients, a reduction in 12-month all-
cause mortality was demonstrated by using titrated in-
sulin infusions to maintain glucose levels of 80 to 110mg/
dL. Glycemic control was associated with less bacteremia,
fewer transfusions, and less renal failure (14). This study,
however, included critical illness of a wide range of
etiologies, and the efficacy of this approach for the singular
diagnosis of sepsis remains unclear.

2.4.3. Vasopressin. Vasopressin is a nonapeptide with
important cardiovascular and renal effects, and has been
re-evaluated as a therapy for profound and refractory
septic shock. It exerts its effects through specific receptors.
The V1 receptors are located on vascular smooth muscle
cells whereas V2 receptors are cells of the distal convo-
luted tubule and collecting ducts. V3 receptors are located
in the anterior hypophysis and pancreatic islet cells.
Vasopressin exerts vasoconstrictive effects through V1
receptors, and is a more potent systemic vasoconstrictor
than norepinephrine; however, at physiologic levels of
vasopressin, minimal effect occurs on blood pressure. In
the pulmonary circulation, vasopressin causes vasodilata-
tion instead of vasoconstriction. The V2 receptors are
responsible for maintaining blood osmolality through its
effects on increasing water uptake in the kidney.

Septic shock is characterized by vasopressin deficiency
in its later stages, with a relative deficiency occurring
within 36 hours (49). Vasopressin improves blood pressure
through the V1 receptor and enhances the sensitivity of
the vasculature to catecholamines. Another action of
vasopressin is the stimulation of cortisol production.
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Figure 2. Overview of the initiation of the extrinsic
coagulation system by tissue factor (top right). The
terminal portions of the contact system are also
shown at the upper left. The final product of this
cascade, Factor IIa (thrombin), cleaves fibrinogen to
form fibrin. Tissue factor pathway inhibitor (TFPI)
inactivates Factor VIIa. Activated protein C (APC)
inactivates factors VIIIa and Va. The result of this
inhibition is a decrease in thrombin generation.
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These actions suggest that vasopressin administration
may play a role in the management of septic shock.
Studies in patients with septic shock have shown infusion
of low doses of vasopressin improves vasomotor tone and
allows reductions in other vasopressors (50–52).

2.4.4. Growth Hormone. The role of growth hormone in
severe sepsis is poorly understood. However, it appears to
offer some modulating affects by lowering circulating
levels of TNF (53). Priming neutrophils and monocytes
with insulin-like growth hormone-1 enhanced both pha-
gocytosis and respiratory burst (54). However, adminis-
tering growth hormone in patients with prolonged critical
illness is associated with increased morbidity and mortal-
ity (55).

2.5. The Endothelium in Sepsis

The endothelium has been increasingly recognized as a
pervasive and complex organ, weighing 1kg with a sur-
face area of 4000 to 7000m2 (56). Endothelial cells are
highly active even under normal conditions, responding to
changes in the local intravascular and extracellular en-
vironment. These adaptive responses are designed to
protect and support the host, and may even include
necrosis or apoptosis at the local level if necessary to
protect the whole organism. When the response becomes
systemic (i.e., maladaptive), then the endothelium plays a
critical role in mediating the severe sepsis response (Fig.
3) (57).

Endothelial cells may undergo structural changes, in-
cluding cytoplasmic swelling, nuclear vacuolization and
fragmentation, and detachment. Functional changes,
however, are common in sepsis. Inflammatory mediators
induce a procoagulant phenotype, with increased expres-
sion of tissue factor, plasminogen activator inhibitor 1,
and their subsequent actions. Activated endothelial cells
attract neutrophils, monocytes and platelets that also
participate in the coagulant response. Adhesion molecules
are expressed on the cell surface, promoting the adhesion
of these cells. Vasodilators such as nitric oxide are pro-
duced by the endothelial cell, impairing the normal reg-
ulation of vasomotor tone. Several substances upregulated
or released in sepsis, such as TNF-a and thrombin, induce
an increase in endothelial barrier permeability and redis-
tribution of intravascular fluid into the extravascular
compartment. The sepsis cascade involves numerous med-
iators that induce apoptosis (programmed cell death),
including TNF-a, IL-1, and oxygen-free radicals. Apopto-
sis, in turn, can accentuate the inflammatory response.
The endothelial cell, therefore, is now recognized as an
important coordinator of the sepsis response.

3. GENETIC INFLUENCES ON THE INFLAMMATORY
RESPONSE

Individuals display considerable differences in their in-
flammatory response to apparently similar infectious in-
sults. The differences can be at least partially explained by
DNA coding sequence variations (polymorphisms) result-
ing in slight variation in the structure of inflammatory

mediators or related proteins. These variations are most
commonly caused by a single base substitution (single
nucleotide polymorphism, or SNP). The base substitution
may result in a substituted amino acid in the resulting
protein, altering the function of the protein. A number of
SNPs involving the mediators of the sepsis response have
been identified (57,58), and it is likely that many more will
be discovered.

One major focus of research in this area has been on
TNF. Single base substitutions within the promoter re-
gions (region of DNA near the coding regions that regulate
transcription) have been identified. A SNP at the -308
position has been associated with elevated TNF-a produc-
tion (59,60), and may be responsible for increased mortal-
ity with meningococcal infection (61). Its relationship to
other infectious diseases is less clear. A SNP in the coding
region of TNF-b at position þ 252 has been identified that
in the homozygous state results in increased levels of
TNF-a, and a poorer outcome from sepsis (62).

Several other genes have been identified for which
genetic influences may alter the response to sepsis. Six
alleles have been found in a polymorphic region in the
coding sequence of IL-1 receptor antagonist (IL-1ra), one
of which is associated with increased IL-1ra production
(63), which, itself, has not been associated with increased
mortality, but when combined with the homozygous state
of the TNF-b SNP (noted above) was associated with 100%
mortality (64). It was recently discovered that individuals
with systemic meningococcal disease have coding varia-
tion of the TLR4 receptors that downregulates the im-
mune response (65). Further immune modulation has
been described in the IL-10 gene in which polymorphisms
have resulted in under expression because of partial
linkage disequilibrium, which affect the transcription of
the IL-10 gene (66). Other genetic determinants are
discussed in the review by Holmes et al. (57).

These discoveries are important for a number of rea-
sons. They add another dimension of complexity to the
systemic response to sepsis, and thus a new direction for
characterization. With respect to therapy, they may allow
genomic typing of individuals for tailoring of therapy
(pharmacogenetic profiling).

4. TREATMENT OF SEPSIS

The treatment of sepsis and severe sepsis has evolved in
recent years. Prior to a few years ago, the major thera-
peutic goal was the administration of systemic antibiotics
and eradication of the source whenever identified. Below
is presented important aspects of the therapy of severe
sepsis.

* Source control: The first and most important step in
the initial treatment of sepsis is to identify the source
of infection and remove it as a trigger for systemic
inflammation. Not only does this provide the oppor-
tunity for microbiologic diagnosis, but also may de-
termine further therapeutic interventions. With an
intra-abdominal infection with abscess formation, no
amount of antibiotic will be beneficial unless the
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abscess is drained. Antibiotics cannot penetrate or-
ganized abscesses and are ineffectual in this situa-
tion. Surgical or percutaneous drainage is the only
option followed by proper antibiotic coverage.

* Recombinant human activated protein C (rhAPC): In
November 2001, activated protein C (drotrecogen
alpha) was approved in the United States as a treat-
ment of severe sepsis. The approval was based in part
on a multicenter trial supporting the efficacy of
rhAPC in reducing 28-day all-cause mortality. This
trial randomized 1690 patients to either a 96-hour
infusion of rhAPC or placebo. The 28-day all-cause
mortality was significantly lower in the rhAPC trea-
ted group (24.7 versus 30.8%) (12). The number
needed to treat to save one life was 16; however, in
patients with the higher APACHE II (acute physiol-
ogy and chronic health evaluation) scores, the survi-
val benefit was better, and the number needed to
treat was reduced further.
A major concern of rhAPC is the higher tendency for
bleeding, although the risk of bleeding was highest in

those undergoing invasive procedures. Cost is an-
other issue because the average cost of the drug is
around $7,000 for a course of therapy. However,
economic analysis has demonstrated this therapy to
be cost effective (67).

* Insulin therapy and glucose control: Major advance-
ments in the therapy of sepsis are being made, not
necessarily through new and novel therapies, but
also from the re-evaluation of standard practices
and refining basic care, which is particularly evi-
denced by recent data demonstrating significant
mortality reduction in ICU patients with intensive
control of serum glucose. In this study, the randomly
assigned intensive insulin therapy group received
insulin infusion tailored to control blood glucose
levels in the range 80–110mg/dL, whereas the con-
ventional treatment group received insulin only
when glucose levels exceeded 200mg/dL. Intensive
insulin therapy induced a 43% reduction of intensive
care mortality risk and a 34% reduction of hospital
mortality (68). Furthermore, a reduced risk of severe

Figure 3. Participation of the endothelium in the sepsis response. The endothelium produces
nitric oxide, intercellular adhesion molecules, expresses tissue factor, and supports neutrophil
adhesion through the action of inflammatory cytokines. It forms the surface for activation of
thrombin through the extrinsic pathway with generation of fibrin and fibrin clot. The endothelium
also plays a role in initiating the inflammatory response through the release of tissue factor in
response to injury, mediated through endogenous heat shock proteins (57).

6 SEPSIS



infections of 46% was also shown. Although logistic
regression suggested that glucose control was the
major factor in this risk reduction, further evaluation
of the effects of insulin administration in the critically
ill is warranted (69). Again, the findings of this study
are not specific to sepsis and await the outcome of
additional clinical trials.

* Fluid resuscitation and hemodynamic support: In
spite of years of sepsis research and new therapies,
no consensus exists on how to resuscitate someone
with severe sepsis. Although there have been long-
standing debates over whether crystalloid or colloid
for resuscitation fluids offer the greatest benefit.
Furthermore, until recently, there has been little to
no guidelines set up as endpoints to resuscitation of
patients with severe sepsis and septic shock.
The use of goal-directed fluid and hemodynamic
resuscitation has clearly demonstrated benefit.
Goal-directed therapy involves adjustments of car-
diac preload, afterload, and contractility to balance
oxygen delivery with oxygen demand. A recent study
revealed early hemodynamic resuscitation started in
the emergency department resulted in significantly
lower APACHE II scores, indicating less severe organ
dysfunction, in the patients assigned to early goal-
directed therapy than in those assigned to standard
therapy (13.076.3 vs. 15.976.4, Po0:001) (13).
Equally important, the goal-directed group had
higher mixed venous oxygen, lower lactate levels,
and lower base deficits, which resulted in a mortality
rate of 30.5% in the group assigned to early goal-
directed therapy, as compared with 46.5% in the
group assigned to standard therapy (P¼ 0:009).

* Evaluation of adrenal axis: As stated above, the use
of steroids in patients with relative adrenal insuffi-
ciency has been described in patients with septic
shock defined. A 7-day treatment with low doses of
hydrocortisone and fludrocortisone significantly re-
duced the risk of death in patients with septic shock
and blunted adrenal response to ACTH (45).

* Extracorporeal blood purification therapies: The use
of extracorporeal techniques offers a theoretical mod-
ality to ‘‘purify’’ the blood from the numerous cyto-
kines and other circulating substances that mediate
sepsis. Both continuous renal replacement therapies
(CRRT) and plasma therapies have received atten-
tion, although no conclusive evidence exists for their
application to date. Small studies are promising,
however, and these therapies remain an option.
The modality that has received the most attention is
continuous renal replacement therapy (CRRT).
CRRT is a family of therapies that include hemofil-
tration, ultrafiltration, or hemodiafiltration. Hemofil-
tration has been the mode studied in sepsis, and uses
convective clearance that moves fluid across a porous
membrane with relatively large pore size. This sys-
tem uses the adjustment of convective movement to
determine the degree of clearance. This modality has
been suggested as a form of blood purification in
severe sepsis but the clinical data has not demon-

strated efficacy (70). The other modalities have not
been used for sepsis but are very efficient methods of
renal replacement therapy for acute renal failure.
Plasma therapy is a technique for removing plasma
from the blood and replacing with ether frozen
plasma, albumin, or a combination of plasma and
albumin. The plasma can be filtered by either a
centrifugal system or filtration through a plasma
filter. This technology has shown significant promise
in the treatment of severe sepsis by ‘‘unloading’’ the
circulatory system of the cytokine burden (71) and
restoring the balance between anti-inflammatory and
inflammatory mediators. Although this is a novel
approach to the treatment of sepsis, several small
studies have shown promise. One retrospective study
of 17 consecutive patients with septic shock was
treated with plasmapheresis. The estimated mortal-
ity rate based on the patients’ initial APACHE II
scores was 62%. In the plasma therapy group, only 3
(18%) patients died (72). Another study reported on
106 patients with severe sepsis. The 28-day all-cause
mortality rate was 33.3% in the plasma therapy
group, which 53.8% in the control group, which
represents a relative risk for fatal outcome in the
plasma therapy group of 0.61, an absolute risk re-
duction of 20.5% and a number of patients needed to
treat of 4.9 (73). Using a coupled plasma therapy/
CRRT system has also shown promise in the treat-
ment of severe sepsis. This system combines plasma
therapy followed by CRRT in the hemofiltration
mode. One study demonstrated a 28% mortality
reduction in the plasma/CRRT group with single
and double organ failure (74).

* Extracorporeal life support: Extracorporeal life sup-
port (ECLS) is employed to support cardiopulmonary
dysfunction during critical illness in adult, pediatric,
and neonatal age groups (75). Although traditionally
sepsis was considered a contraindication to extracor-
poreal support, a recent study has demonstrated that
the presence of sepsis did not worsen outcome in
adult patients requiring ECLS for respiratory failure
(76). Although it does not affect the underlying sepsis
pathophysiology, ECLS can provide temporary sup-
port of cardiac and pulmonary function, allowing
time for the application of sepsis-specific therapies.

5. MATHEMATICAL MODELING OF THE SEPSIS RESPONSE

Numerous therapies targeting the inflammatory response
have been proposed and tested in sepsis, but have failed to
demonstrate efficacy. These therapies have attempted to
modulate a single inflammatory mediator, and were based
on the concept of sepsis as a linear cascade of mediator
activation and amplification. The prevailing thought was
that interruption of early signaling at a single point would
abate this response. These failures may have occurred
because the nonlinear complexity of sepsis has not been
taken into account. Applying traditional investigational
techniques (e.g., the traditional research paradigm of
linear reductionism) is no longer adequate for this com-
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plex problem. Combining computational and nonlinear
tools, and applying them to a complex cellular model
such as sepsis, may provide a better approach to the
understanding of system interactions and therapeutic
design (77). Sepsis lends itself to this line of investigation.
Pathway analysis and pathway simulations are becoming
more integrated in the study of sepsis and other complex
illnesses. Computational tools have been in development
for cellular simulation and pathway analysis. Recently, an
extensible markup systems biology language has been
developed based on XML that allows pathway analysis
and pathway map to be shared (78).

The understanding of sepsis and systemic inflamma-
tion requires a broad systematic approach that encom-
passes the complexity of these systems and can account for
variations in genetics, interventions, and cellular dy-
namics. Mathematical and computer models are useful
in providing a synthetic framework that allows investiga-
tion of global system behavior not otherwise possible.
Techniques available for the analysis and simulation of
complex nonlinear systems appear to be more suitable
tools for the analysis of these intricate and dynamic
processes. Several approaches to this problem have been
proposed (79) and some are under development.

A mechanistic model of the acute inflammatory re-
sponse incorporating the roles of key cellular and mole-
cular effectors in response to a bacterial pathogen has
been described (80–82). This model is based on a system of
ordinary differential equations, with each equation repre-
senting a simulated component (e.g., a pathogen, lipopo-
lysaccharide, resting and activated macrophages and
neutrophils, nitric oxide synthase activity, the cytokines
TNF-a and IL-6, and related components). The differential
equations are based on known biological interactions
derived from experimental data where available, and
hypothesized kinetics where required. As an example,
the model equation for tumor necrosis factor-a is (80):

dTNF

dt
¼ ðktnfnNAþ ktnfmrMRþ ktnfmaMAÞfs2ðCA; xil6Þ

� ð1þ ktnftnf f ðTNF; xtnf Þ � ktnf TNF

� katnf squareðtiatnf ; tiatnf þdurÞTNF;

where NA represents neutrophil activation, MA macro-
phage activation, and CA combined anti-inflammatory
state. The square function represents a TNF infusion,
and the family of parameters k represents rate constants.
The complexity of interaction is easily identified.

The equations express the complex and redundant
networked interactions between the components in a
quantitative manner. The model is capable of reproducing
cytokine responses, tissue dysfunction, and survival dur-
ing simulated infection. With continued refinement, the
model holds promise for evaluating potential therapies in
silico prior to embarking on preclinical and clinical trials.

Another approach using agent-based modeling (ABM)
has been described by An (83,84). ABM approach focuses
on individual components of a system, classified into types
of agents based on common mechanisms. The mechanisms

are expressed as a series of conditional statements and
rules of behavior. Agents interact with other agents in a
defined manner. In the model by An, agents represent
individual cells related to the immune response, including
endothelial cells, neutrophils, and monocytes. The various
functional states of the cells are represented, such as
neutrophil activation, adhesion, and migration. The model
is populated with the different agents, and subjected to an
insult, such as an injury pattern. The result is a virtual
organism reproducing the basic processes of the inflam-
matory response. In the studies published by An, the
model was based on the interface between endothelial
cells and blood-borne inflammatory cells and mediators,
without tissue or organ differentiation. However, it pro-
vides an important proof of concept and is a stepping stone
to more complex agent-based models. Solution of the
model is optimally performed through parallel execution
of the rules for individual agents. Without true parallel
processing, computational times can be lengthy, limiting
the size of the model.

The future of the study and treatment of sepsis de-
pends on collaboration between nonlinear simulation ap-
proaches, as depicted here, and research in the biological
sciences. In silico testing of novel approaches through
simulation has the potential to better target new thera-
pies. Further discoveries on the mechanisms of the innate
immune response will enhance the performance and
validity of mathematical models, improving their predic-
tive ability.
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1. INTRODUCTION

Biomedical engineering systems range from molecular
and systemic living organisms’ topics to artificial systems
developed to interact with living systems and for assisting
health services. Models support much of the work and
research about all these target systems. They can be
classified into physical and descriptive models (1).

Physical models are also denoted as prototypes, and
they refer to replicas of some components or subsystems of
the target system that is being studied. In the case of
artificial systems or devices, physical models can be scaled
with respect to these. They are essential in many applica-
tions because of their demonstrative capacity, realism, and
accuracy. As a consequence, they are used to facilitate the
system description to nonexpert people, or in complex
system experiments, as molecular genetic studies, or in
the measurements of physiological and physical chemistry
parameters from living organisms. They are also used at
the last stages of an artificial design in biomedical en-
gineering, previous to real system tests. The extrapolation
of the results obtained with a scaled model requires that
the prototype presents dynamics similarity with respect to
the real system, which is a condition stronger than geo-
metric similarity (2). This kind of model has been success-
fully used for the research of the hemodynamic and
mechanical performance of artificial hearts or dialysis
membranes, for example.

Physical models are expensive and specific and, thus,
they are limited to the conditions for which they were
built. In contrast, descriptive models depict the target
system by means of a language of symbols, as the modeler
native language or a formal language. One of the major
advantages of these models is their ability to assist in the
understanding of the causal relationships that govern the
system behavior. They can be extended or changed more
easily, more cheaply, and more quickly than physical
models, providing very powerful capabilities to construct
new and more complex modeled systems from previous
ones. They also help the researchers in the analysis of the
system, providing sophisticated tools to extract knowledge
from the model.

Mathematical models are a type of descriptive model
that have been successfully used in all engineering and
scientific ambits, being an essential methodological com-
plement in many works and studies. Nearly all descriptive
models are implemented in digital computers nowadays,
because of the fast advance in hardware and software
technologies. These models are denoted as digital or
computer models. Digital simulation models or computer
simulation models are a type of computer model whose
objective is the description of the dynamic behavior of the
target system (i.e., its temporal evolution). The implemen-

tation can be done by means of a general-purpose pro-
gramming language, or in a more efficient manner with a
specific language, designated as a modeling language or
simulation language.

Digital simulation models are classified as discrete-
event simulation models and continuous system simula-
tion models. In the former, the system state evolves in a
discrete manner at discrete time instants. The temporal
distance between discrete time instants is associated to
the event generation and, therefore, it is variable. The
event scheduling is managed explicitly in event-driven
models or implicitly in process-oriented models. Discrete-
event models have been successfully applied in many
biomedical engineering problems, such as the optimiza-
tion of the resources organization in health care (3).

In contrast to discrete-event models, the system state
evolves in a continuous manner with time in continuous
system models. Continuous models have been applied in
many areas, such as pharmacokinetics, epidemiology, con-
trol, or physiology (4). The last section briefly reviews
some of the applications of simulation models in biomedi-
cal engineering.

In practice, most of the continuous system models are
defined as hybrid (i.e., they consider the generation of
discrete events during the continuous evolution of the
system).

Certainly, it is necessary to indicate that the previous
classification of computer models could be considered
excessively simplistic in the computer science area, where
from the discrete or continuous evolution of the state and
time can emerge at least four types of models (5).

Computer simulation models can be also classified as
deterministic or stochastic, as a function of the internal
description. The selection of this property depends on the
system nature and the objectives that are pursued. For
example, systems like the one presented in Lowery (3) are
described by means of stochastic models, as a result of
their complexity and lack of detailed knowledge. In oppo-
sition, deterministic models are preferred for physiological
systems (4).

It is necessary to indicate the existence of qualitative
digital simulation models, which emerged from the artifi-
cial intelligence area in the 1980s. These types of models
are much less extended than quantitative digital simula-
tion models (deterministic or stochastic), although it is
possible to find applications of them even in fields largely
controlled by quantitative approaches, as is the case of
urea kinetic modeling (6).

Modeling and simulation methodologies are oriented to
the temporal or dynamics nature of the target system. In
the words of Zeigler, one of the people responsible for the
development of the discrete-event simulation theory, ‘‘we
can define simulation as a technique of solving problems
by the observation of the performance, over the time, of a
dynamic model of the system’’ (7). A similar orientation
can be observed in continuous system simulation lan-
guages, from the first ones, as was CSSL (Continuous
System Simulation Language) (8), until now.

Although digital simulation models are oriented to the
temporal description of the system, as suggested by the
majority of published definitions of computer simulation
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(9), some authors do not restrict them to the temporal
domain. For example, according to Shannon, computer
simulation is the process of designing a model of a real
system and conducting experiments with this model for
the purpose of understanding the behavior of the system
or evaluating various strategies for the operation of the
system (10).

Computational models of distributed stationary pro-
cesses or even computational models formulated in trans-
formed temporal domains, such the frequency domain, are
used in different areas of biomedical engineering, such as
the study of body interaction and therapeutic application
of electromagnetic fields, or the structural study of pros-
thesis, to cite several examples.

The development of a digital simulation model can be
divided into at least two stages. The first stage includes
several steps: definition of the model objectives; analysis of
the system structure; quantification of relationships be-
tween their elements or components, together with their
constitutive equations; and, finally, codification. The final
product of this stage is an implemented computer simula-
tion model.

The model is executed in the second stage, with the goal
of evaluating and acquiring knowledge about the system
behavior. The type of analysis to be executed depends on
the area and the objectives of the model. In some applica-
tions, the simulation phase is oriented to know the
temporal evolution of internal system variables, whose
measurement is not accessible, and to detect or even
predict events or therapeutic complications. Parameter
identification and sensitivity analyses are important tasks
in the validation of simulation models.

The first stage is denoted the modeling phase, accord-
ing to which the programming language used to imple-
ment the model is usually called modeling language. The
last stage is denoted the experimentation or simulation
phase, and, in many modern integrated development
environments (IDEs), it is implemented by means of an
extension to the modeling language designated as model-
ing and simulation language. The practical differences
between them are diffuse, and thus we will use both
modeling language and simulation language as synon-
ymous terms along the text. Figure 1 shows a simplified
flow chart with the two stages that have been described.

2. HISTORICAL REVIEW OF MODELING AND
SIMULATION TECHNOLOGIES

The development of the modeling and simulation technol-
ogies that support the dynamics system simulation can be
organized into four stages. The first stage (1950–1960)
happened at the same time that digital computers
emerged.

During this stage, the first theories of physical system
representation are developed, rendering the methodolo-
gies for system modeling and the first approaches to model
analysis and execution, which is now called system simu-
lation. The development of third-generation programming
languages also occurs during this decade. These general-
purpose programming languages are characterized by a

procedural or algorithmic semantic, together with the
independence of hardware, and so they are also denoted
high-level languages. From all these, Fortran (FORmula
TRANslation) had the strongest impact in engineering
and science, evolving from the first unstructured versions,
toward the structured and modern Fortran 2003 standard
that was published on Nov 18, 2004. Fortran is currently
applied in a multitude of industrial projects, including
processes simulation. Model implementations during the
1950s were made onto general-purpose high-level lan-
guages, compelling the modelers to a previous conversion
of the model from its mathematical form to an algorithmic
format.

With the goal to facilitate the model programming, the
first specific simulation languages were developed during
the second stage (1960–1980). During this time, languages
such as GPSS (General-Purpose Systems Simulator), Sim-
script, Simula, CSL (Control and Simulation Language),
and CSSL (Continuous System Simulation Language)
appeared. The first four cited languages were oriented to
discrete-event simulation, whereas the latter was ad-
dressed to continuous system simulation. Nearly all of
them have continued to evolve. GPSS is integrated within
different simulation IDEs as is described in the Formal-
isms and Languages section. Simscript II.5TM from CACI
International, Inc. is the current version of Simscript.
Simula was the first discrete-event simulation software
available commercially. CSL evolved toward ECSL (Ex-
tended CSL) (11), and the current version runs on a
variety of hardware platforms. Finally, ACSL (Advanced
Continuous Simulation Language) from AEgis Technolo-
gies, Inc. is the successor of CSSL (8).

Simula is particularly remarkable among the afore-
mentioned representative languages of the period 1960–
1980. This language was developed in the mid-1960s with
the commercial name of Simula-67. It introduced the basis
of object-oriented (OO) paradigm (12). OO programming
was not rediscovered until the 1970s, being applied in
Smalltalk-80 by Xerox PARC (1972), which is the prede-
cessor of Cþ þ language.

The research and development in specific simulation
languages boosted the development and refinement of
modeling and simulation methodologies. It created the
current and dominant theoretical framework for discrete-
event system simulation, which is based on queuing
theory. This theory defines concepts such as worldview,
entity, event scheduling, and process interaction. At the
end of this period, Zeigler presented a taxonomy of dis-
crete-event simulation languages by means of an integra-
tive theory (7).

Similarly, the first important modeling and simulation
methodologies for continuous system were created, which
were mainly represented by the system dynamics metho-
dology from Forrester (13), which is based on a hydraulic
analogy, and the bondgraph methodology from Paynter
and Margolis (14,15), which is founded on energetic con-
cepts. These are systemic and structural methodologies,
that is, they describe the system by means of the behavior
of the system components and their relationships, promot-
ing the discovery of feedback and systemic archetypes,
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which feature the connections among components and,
thus, the system dynamics.

During the third period (1980s), a shift of paradigm
from model programming to the whole life cycle of the
simulation study appeared. This pushes the development
of modeling and simulation IDEs that facilitates the
problem formulation, the identification of objectives, and
the analysis of the simulation results. The first efforts in
the development of distributed architectures and protocols
for network simulations also appeared during this period.
The DIS (Distributed Interactive Simulation) protocol was
built and approved by the IEEE as standard 1278.

The last period, from 1990 until now, is complex to
characterize. Several authors prefer to separately analyze
commercial, academic, and governmental sectors. At the
beginning of this stage, companies tried to increase the
market share by specialization in a particular domain,
whereas the academic sector kept the research into gen-
eral simulation IDEs. However, the concept of modular
modeling, together with the growth of multidomain li-

braries, has relaxed this divergence. The development of
specific-domain libraries and modular modeling has al-
lowed taking profit of the advantages of generalist soft-
ware environments, making easier the modeling and
simulation of systems that embrace several engineering
domains, which is the case of several widespread modeling
software environments as SimulinkTM or MathematicaTM.

Research about modeling and simulation methodolo-
gies is mainly performed at universities. An advance in
fourth generation simulation languages also exists, where
the modeler does not indicate how but what is to be
modeled. These languages are supported by graphical
interfaces, in a similar way to modern generalist visual
programming environments.

Another line of research is related to network simula-
tion, which involves the interaction among different simu-
lators. This area has been strongly pushed, starting from
the extension of the afore-mentioned DIS protocol for
distributed simulation toward the Aggregate Level Simu-
lation Protocol (ALSP), which in turn was the starting
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mi.wch_nobulk [i] = 
mo.wch_nobulk [i]
...

Simulation language
codification
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Figure 1. System modeling and simulation stages.
The first stage comprises the object definition, model
formulation, and codification. At the end of this
stage, the model will be constituted by several coded
components. The second stage is devoted to the
execution of the model within a computational ar-
chitecture. The last block indicates several possible
simulation scenarios, including system research or
therapy design. The model validation phase has not
been represented, but it could be considered as an
additional block in the simulation phase.
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point of the High-Level Interface (HLA) protocol, which
was adopted by the OMG (Object Management Group) for
distributed simulation systems and approved by the IEEE
as standard 1516 in September 2000.

The research in HLA has been intense from the end of
1990, including the biomedical engineering field, although
this protocol presents detractors that claim its computa-
tional requirements are excessive compared with other
network protocols, such as CORBA (Common Object Re-
quest Broker Architecture).

The explosion of web-based technologies is addressing
the evolution of techniques and languages of simulation
during recent years, with paradigms such as reusability,
interoperability, virtual prototyping, and web-based simu-
lation, which are clarified below. All of these new ideas are
boosting the research in new modeling and simulation
methodologies.

3. MODELING AND SIMULATION METHODOLOGIES

The core of a simulation language is given by the modeling
methodology used to represent the real system. This
modeling methodology is related to the type of system to
be modeled and to the simulation objectives. As a conse-
quence, before the selection of a simulation language, it is
necessary to know the type of systems to be modeled and
the desired objectives.

The features of a particular methodology can be orga-
nized in different abstraction levels, as shown in Fig. 2.

Upper levels define premises about the system beha-
vior, whereas the lower levels set those properties closer to
the computer technology and, thus, model implementa-
tion. The system nature is related to the evolution of the
system state and time. According to the classification
presented in the Introduction, the system can be modeled
to evolve in a continuous, discrete, or hybrid way.

The second abstraction level (behavior nature) defines
the nature, qualitative or quantitative, of the system
variables to be modeled. In the case of a quantitative
description, it also states if variables follow a determinis-
tic or stochastic behavior.

The third level (model nature) points to the way in
which the knowledge about the system is used to build the
model. We distinguish between structural and functional
models. The structural models were briefly described in
the previous section. They follow a systemic methodology.
On the contrary, functional models are characterized
because the dynamics is driven by data previously mea-
sured, as is the case of regression models, neural net-
works, or rule-based systems, among others. This type of
model is also designated as a data-driven model because
the output data are generated by some kind of correlation
with input data.

Data-driven models are preferred for therapeutic and
diagnostic assistance, where input variables lie in a pre-
viously tested range. In contrast, structural models have a
higher predictive capacity than functional models, and
thus they can be used to research the system behavior in
nontested ranges, helping to determine and validate the
causal physiological and physical mechanisms.

The fourth level of abstraction is designated as dis-
cretization. This property indicates the manner in which
the system space is split into interconnected components
or elements. This feature is related to the system nature
(see Fig. 2), and it is probably one of the most important
issues to be considered when a system is modeled. It
defines how the geometrical space is divided in the case
of continuous or hybrid models, whereas it points to the
definition of the system entities in the case of discrete-
event models based on the queuing theory (see the Histor-
ical Review section).

Moreover, the division of the system space also depends
on the manner that geometrical space is considered in
continuous models. Distributed-parameter models are
continuous models in which the continuous nature of
space has been taken into account, whereas lumped-para-
meter models are continuous models that have eliminated
the space variables from the description. The latter are
formulated by means of ordinary differential equations
(ODEs), or differential-algebraic equations (DAEs), in
contrast with the partial differential equations (PDEs)
that are needed to formulate distributed-parameter mod-
els.

As a result of the simplicity, less computational require-
ments, and good performance in many domains, lumped-
parameter models are selected provided the system length
in any direction i is much smaller than the fundamental
wavelength of any state variable in the same direction,
that is Li{li. Compartmental pharmacokinetic systems
are classically modeled by this lumped-parameter ap-

Implementation
and

technology

Discretization

Model nature

Behavior nature

System nature

Figure 2. System approach levels associated with the modeling
and simulation methodology (see text). Upper levels are closer to
the system properties, whereas lower levels are closer to compu-
tational properties.
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proach. The target system is represented by a small
number of pools, connected through membranes, where
the solute is homogeneously distributed, and thus, the
space variable may be removed from the system descrip-
tion. These models are successfully applied to determine
the temporal evolution of drugs into the human body,
which allows calculating the proper dose that keeps the
drug concentration within therapeutic levels. Chronic
renal disease is a particularly interesting area where
compartmental models have been used for more than 20
years (16).

The discretization of a lumped-parameter continuous
system is defined by the interconnected components that
represent the system. These components are selected
providing that the total power flow transferred through
any of them can be written as the sum of power flows
transferred through a small enough number of ports, n, as
follows:

PðtÞ¼
X

n

k¼1

ikðtÞvkðtÞ; ð1Þ

where ik and vk are a pair of conjugated variables asso-
ciated to the port k. This pair is defined in such a way that
its product is a power. In the case of distributed-parameter
models, Equation 1 can only be applied to each one of the
large amount of infinitesimal cells on which the spatial
domain must be divided.

According to the importance of lumped-parameter
models in systemic methodologies and in biomedical en-
gineering, we have chosen a three-pool simplified phar-
macokinetic model to illustrate the concept of
discretization. The objective of this model is to provide
the dynamics of a solute within the human body, provided
the solute mass transport between compartments is gov-
erned by diffusion. The human body has been represented
by three well-stirred pools, which describe vascular, inter-
stitial, and cellular compartments. The solute is generated
into the vascular compartment with a generation rate
equal to G. This pool is connected to a dialyzer, which is
represented in this simplified example by the blood flow
rate, Qbe, and solute concentration, Cbe, at the venous line
back to the human vascular access.

The flow shift between pools has been neglected in this
simplified model, with the exception of the ultrafiltration
flow rate in the dialyzer. According to these assumptions,
volumes Vi and Vc are constant, whereas the volume Vv

varies with t following the function Vv(t). This function can
be obtained from the fluid mass balance into the vascular
compartment. As an example, if the ultrafiltration flow
rate, Quf, is constant during a dialysis session, then Vv(t)
¼Vv0�Quf � t, during the session, Vv0 being the vascular
volume at the beginning of the session, which is taken as
origin of time (t¼ 0).

Although these assumptions are clearly justified under
the present context, where we are interested to present
the concept of discretization with a simple lumped-para-
meter model, this model is even able to offer interesting
results about the dynamics of low-molecular-weight so-
lutes controlled by diffusion, such as urea. This system can

be formulated as follows:

dCv

dt
¼
ðCbe � CvÞQbe

VvðtÞ
þ

KvAvðCi � CvÞ

VvðtÞ
þ

G

VvðtÞ

dCi

dt
¼

KvAv

Vi
ðCv � CiÞ þ

KcAc

Vi
ðCc � CiÞ

dCc

dt
¼

AcKc

Vc
ðCi � CcÞ;

ð2Þ

where subscripts v, i, and c represent vascular, interstitial,
and cellular compartments, respectively; Vk and Ck are
the volume and solute concentration of pool k, for k¼ v, i, c;
and, finally Kl and Al are the overall solute mass-transfer
coefficient and transfer area, for l¼ v, c.

Figure 3 presents a first discretization of this system
based on a classic block diagram, which distinguishes the
three mentioned pools together with vascular and cellular
barriers. The interface among components is a key aspect
of any discretization method. Block diagrams do not force
the interface variables, and thus the selection of them
must be performed by the modeler. Figure 3 shows a
typical solution for this pharmacokinetic system, which
pursues facilitating the mathematical formulation of
blocks, using concentrations, Ck, and solute flow rates,
fk, as connection variables. Diffusive flows are calculated
as:

fv¼KvAvðCi � CvÞ

fc¼KcAcðCi � CcÞ:
ð3Þ

Barrier blocks take the positive reference for the output
flows, whereas pool blocks consider the opposite. The
arrows in Figure 3 indicate the computational flow of
variables or block diagram causality. This way, flows are
computed by the barrier blocks, and solute concentrations
are calculated by the pool blocks.

As the block diagram methodology does not force any
particular interface between components, this method
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Figure 3. Block diagram of a three-pool kinetic model with
vascular generation rate fG, and an external dialyzer that pro-
vides a solute removal rate fD. Other assumptions are commented
in the text.
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makes a subsequent reuse of blocks difficult. The bond-
graph methodology partly surpasses this limitation by
defining several rules to split the system space and
connect the resulting components according to the system
domain. Figure 4 presents the bondgraph of the previous
three-pool kinetic model. According to this methodology,
the system is partitioned on different physical processes
that are connected by oriented bonds (harpoons). The
direction of a bond indicates the power flow positive
reference. A pair of conjugated variables called effort, e,
and flow, f, are associated to each bond. Their choice is
related to their functional domain. For example, the
voltage v can be taken as effort and the intensity i as
flow in electrical systems. The strokes (small lines placed
at the end of bonds) define the bondgraph causality (i.e.,
the computational flow of variables between components).
A stroke near a component indicates that the latter
receives the effort, and so it calculates the flow.

Capacitance components (C) represent pools, resistance
components (R) represent mass-transfer barriers, and
sources (S) represent the external dialyzer and the gen-
eration rate. Auxiliary components 0 and 1 are used as
parallel and series connections, respectively. Resistive
components state a static relation between flow and effort,
given by e¼R � f. Similarly, capacitive components are
given by the following equation:

e¼
1

C

Z

f � dt: ð4Þ

Regarding the three-pool kinetic model, capacitances
are equal to the pool volumes, Vi, for i¼ v, i, c, and the pair
of conjugated variables is defined by the physical chem-
istry potential m (effort) and the molar flow rate (flow).
This selection is based on the natural properties of these
variables, according to nonequilibrium thermodynamics
(17).

The laws for R and C components in Fig. 4 are
equivalent to the laws that govern the well-known elec-
trical resistance and capacitance, when e¼ v and f¼ i.
Indeed, the analogy between the formulations among
different domains is a key basis of the bondgraph metho-
dology. Figure 5 clarifies this idea, presenting the elec-
trical equivalent to the three-pool kinetic model presented
in Figs. 3 and 4. The nomenclature is the same as that
used in the previous figure, with the exception of flow
sources, which are indicated now as intensity sources I.

The bondgraph methodology improves the reusability
of models and components with respect to the block
diagrams, by means of the standardization of the interface
variables. However, it still presents important limitations,
one of which is because of the graph causality, which
compels the modeler to formulate the system in an algo-
rithmic way, making it difficult to reuse the models for
different applications by different researchers or users.
Several advanced methodologies have been developed
with the aim of avoiding this problem. Although a detailed
analysis of these advances exceeds the scope of this work,
the following section addresses several basic aspects
related to the mathematical aspects of causality in simu-
lation languages, which will serve as a basis to a better
understanding of the Formalisms and Languages section.

The last level of properties of the methodology in Fig. 2
(implementation and technology) defines those aspects
related to the physical support of the model as well as
software and hardware technical issues. We can cite, as
technical properties, the ability of the modeling language
to allow an object-oriented and hierarchical design, the
type of programming interfaces, the data access protocols,
the resources provided to manage the real time, the
analysis tools supported by the development environment,
the ability to select among several numerical solvers, the
ability to connect to external systems, the interoperability
of models running on different software platforms, the
ability to reuse routines and functions written in different
languages, the use of external libraries, or the possibility
to control the internal features of the numerical solver and
language for reducing the computational requirements
(e.g., controlling the accuracy of the time-instant asso-
ciated to discrete-events).

The possibility to run the model on a particular multi-
processor system or a computer network is another ad-
vanced technological issue related to this level of the
methodology. It presents a high dynamism, which is
associated to the fast evolution of computational technol-
ogies. Recent advances in this field are being propelled
from the biotechnology area. For example, the study by
Benenson et al. proved the availability to implement a
finite automata on biomolecules-based systems, with the
advantages associated to their inherent massive paralle-
lism and very low-power consumption (18).
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Figure 4. Bondgraph of a three-pool kinetic model with vascular
generation rate, fG, and an external dialyzer that provides a
solute removal rate, fD.
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Figure 5. Electrical circuit equivalent to a three-pool kinetic
model with vascular generation rate, fG, and an external dialyzer
providing a solute removal rate, fD.
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4. MATHEMATICAL ASPECTS AND LANGUAGE
CAUSALITY

The progress in simulation languages has occurred to-
gether with advances in applied mathematics, numerical
algorithms, graph theory, modeling and simulation meth-
odologies, and technological developments. This section
only addresses some basic issues related to the concept of
language causality and lumped-parameter models, men-
tioned before because of the importance of this type of
model in biomedical engineering, and to the relationship
between language causality and model reusability. The
latter property is a key feature in modern bioengineering
models because it facilitates the cooperation among re-
searchers and users and boosts the advances and applica-
tions of models in a diversity of areas, including
telemedicine (19).

The causality of a model is associated with the compu-
tational flow of variables between the components that
compose the model. Considering that the requirement of
defining the flow of variables penalizes the reusability,
several modern modeling languages have been developed
with the aim of allowing the independence of the model
with respect to the computational flow of variables. These
languages are designated as acausal (or noncausal) simu-
lation languages.

A central concept in this type of language is the
definition of the lumped-parameter model by means of a
DAE system, which is given as follows:

Fðx0; x; z; tÞ ¼0

Gðx; z; tÞ¼0;
ð5Þ

where x, z, and t are state variables, constraint variables,
and time, respectively, and the Jacobian of F with respect
to x0 (denoted as Fx 0 ¼

@F
@x 0) is nonsingular. A DAE can also

appear as Fðx0; x; tÞ¼ 0, with Fx 0 singular (20).
The formulation of a simulation model as a DAE system

exhibits important advantages with respect to the use of
an ODE system. First, Equation 5 is the natural form of a
lumped-parameter continuous system. As a consequence,
the ability to work directly with Equation 5 simplifies the
development of modeling environments that automati-
cally formulate a complete model starting from submodels
or components, avoiding to attempt the conversion of
Equation 5 to the ODE x0 ¼ f ðx; tÞ, which can be very
complicated or even impossible to achieve. Moreover,
DAE parameters have a more direct signification to a
modeler than the explicit ODE parameters, because Equa-
tion 5 is the natural formulation of the model. In the same
manner, the numerical structure of the system may be
degraded when it is converted to an ODE system.

The DAE formulation acquires even more relevance
when one considers that many other ways of generating
DAEs exist. The most frequent is a causal conflict between
two submodels, which occurs when they interact by means
of a nonexplicit relationship between their inputs. A
second cause is the simplification of a Stiff ODE system,
removing the derivatives of the fastest variables (20).
Interestingly, a parallelism exists between the theory of

numerical methods for stiff systems (21) and the theory of
numerical methods for DAEs (20).

Another source of DAEs appears in multistage process
problems. An example is the calculation of the optimal
dosage of a drug in which a physiologic variable verifies
the equation provided by an objective function. The dif-
ferent formulation blocks, including the drug kinetic into
the human body, the dynamics of the controlled variable,
and the objective function, can produce a high-index DAE,
which is a measure of the dependence among state vari-
ables. A formal definition of this index can be seen in
Brenan et al. (20). Other DAE generation sources include
models of restricted mechanical systems and finite differ-
ence formulation of PDE systems into a spatial grid.

Important advances in algorithms for the automatic
analysis and numerical solving of DAEs have taken place,
which include algorithms for calculation and reduction of
the DAE index, the automatic classification of variables
and model structure, algorithms for selection of boundary
values, and methods for the perfect matching between
equations and variables, equation sorting, and the solu-
tion of algebraic loop by tearing techniques. All these
advances constitute the basis for the development of
modern noncausal languages.

Figure 6 shows an iconic diagram of a regenerated-
dialysate recirculating system of dialysis that includes a
well-stirred one-pool component approximating the hu-
man body. Iconic diagrams are typically used with non-
causal languages because of they do not depend on the
computational flow of variables.

The individual components of the modeled system keep
a high isomorphism with the real components, facilitating
their reusability. This isomorphism justifies that these
types of modeling methodologies were designated as vir-
tual prototyping.

In contrast, Fig. 7 represents the same system of Fig. 6,
divided into the same components, but using a causal
block diagram, as is normally used in many modeling and
simulation environments. In this case, the individual
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Figure 6. Iconic diagram of a regenerated-dialysate recirculat-
ing dialysis system, including a well-stirred one-pool component
representing a body distribution volume.
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components of the modeled system depend on the math-
ematical inputs and outputs. Figure 7 indicates the vari-
ables interchanged among components, where Q is the
flow rate, p is the pressure, and C is the solute concentra-
tion. The term Qw denotes the waste dialysate flow rate.
The arrows indicate the direction of the mathematical
flow, that is, the causality of the diagram.

With the aim of emphasizing the concept of isomorph-
ism, it can be noticed that it is not possible to invert the
dialyzer blood connections (left and bottom sides of the
dialyzer block) in Fig. 7, despite the fact that both dialyzer
ends are physically equal. However, this inversion must be
possible, according to Fig. 6, if the model is properly
formulated in a noncausal language.

5. FORMALISMS AND LANGUAGES

A modeling language is characterized by the modeling
formalisms that it supports. The term formalism is used in
this context as a synonym of methodology, although it does
not set the whole set of properties related to the imple-
mentation and technology (bottom block in Fig. 2). The
choice of a particular formalism is made according to the
target system and the desired objectives. Moreover, a
single formalism may be insufficient for a proper descrip-
tion of all the subsystems that constitute a complex
system. On the other hand, the use of different formalisms
in a model can complicate the analysis of the model, and
give rise to compatibility, speed, and even numerical
problems.

Figure 8 shows an oriented graph similar to the one
presented in Vangheluwe and Lara (22), where each node
represents a particular formalism and the oriented lines
indicate the possibility to transform one formalism into
another. The shape of the node differentiates the type of
formalisms as a function of the system nature (see Fig. 2).
In this manner, circular nodes refer to continuous-state
formalisms and irregular polygons refer to discrete-state
formalisms. We have shaded two formalisms that present
the cutting edge of research according to our best knowl-
edge. These are the acausal DAE, which supports the
acausal languages, and DEVS, which is a discrete simula-
tion theory that has been extended to yield the DEVS and
DESS (Differential Equation System Specification) form-

alism (23). Many others discrete-state formalisms can be
transformed to DEVS & DESS, as shown in Fig. 8.

Several of the indicated discrete-state formalisms use
discrete time as Petri nets and finite automata.

The mapping of transformation between formalisms is
a transitive operation. In this manner, the acausal DAE
can be mapped onto the hybrid DAE through the inter-
mediate causal DAE, as shown in Fig. 8.

The use of graph diagrams and visual environments for
system modeling is much extended today. Many graph
diagrams are associated with a unique formalism, such as
Petri nets, statecharts, bondgraphs (BG), and stock-flow
diagrams (associated with the System Dynamics formal-
ism, presented in Fig. 8).

Other type of graph diagram, such as iconic diagrams,
block diagrams, and causal diagrams, can be applied to
several formalisms. Iconic and block diagrams have al-
ready been commented on. Block diagrams are used
successfully in many areas and applications, such as
signal processing, industrial processes, and informatics
flow charts. Simulink/MatlabTM uses this kind of graph
diagram intensively.

Iconic diagrams have been used for several decades in
SCADA (Supervisory Control and Data Acquisition)
screens, exploiting their ability to present physical com-
ponents in industrial plants.

Causal diagrams are used to represent the influence
relationships among the components that constitute a
system. In this diagram, the relationships are indicated
by means of signed (þ or � ) oriented lines, which provide
both physical causality between components and the sign
of the effect. This type of diagram is much exploited,
although it does not give information about the role of
the accumulation processes.

We finish this section presenting several representative
simulation languages and environments that support
some of the formalisms presented in Fig. 8. We do not
pretend to be exhaustive, as that task exceeds the goal of
the present work. In addition, we have preferred the
selection of generalist languages because they are more
extended and because a growing trend exists to use this
type of language on specific domains by means of libraries,
which provides advantages in multidomain systems. Table
1 presents the selected simulation languages.
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Figure 7. Block diagram of a regenerated-dialysate
recirculating dialysis system, including a well-stirred
one-pool component that represents the body distribu-
tion volume. The nomenclature is explained in the
text.

8 SIMULATION LANGUAGES



All of the simulation environments presented in Table 1
allow the model formulation by means of the direct input
of equations in a specific simulation language, in addition
to the graphic interface indicated. They also provide
support for model execution and analysis. The last column
shows other remarkable features, such as the possibility to
link with external libraries in Fortran and C, or with
external applications by means of ActiveX/COM (Compo-
nent Object Model) protocol, the ability to use the models
as autonomous software programs, and the real-time
execution capacity, among others.

ACSL is a language from AEgis Technologies, Inc. It is
the successor of the afore-mentioned CSSL (24). The
language supports the hybrid ODE formalism. The source
code is divided in blocks, headed by the keywords, initial,
dynamic, derivative, and discrete, which allow a clear
division among initialization procedures (initial), tasks
that are executed in each communication interval (dy-
namic), the continuous model formulation (derivative),
and, finally, the discrete-event system (discrete). The
differential equations are sorted automatically by the
language translator. The latter converts ACSL code to
Fortran code, which can be later compiled and linked. This
system has been used successfully in many industrial
projects, and several specific simulation environments
use the ACSL language for implementing their simulation
models. An example is MMS-ACSL (Modular Modeling
System), which was developed by EPRI (Electric Power
Research Institute). Many new characteristics have been
introduced in ACSL in recent years, such as the real-time
capacity and a graphic interface.

DynastTM is a software simulation environment based
on the Multipole formalism. The latter provides a space
discretization methodology oriented to virtual prototyp-
ing. This formalism guarantees the isomorphism between
the model and the system topological structure. It solves
several problems related to the bondgraph methodology
(25). Dynast is distributed in several formats, including a
Matlab toolbox.

EcosimProTM, from EA International, Inc., is a model-
ing and simulation environment that supports the acausal
hybrid DAE formalism (26). It uses an object-oriented and
hierarchical programming proprietary simulation lan-
guage, denoted as EL. This language facilitates the in-
heritance and evolution of models, which enhances their
reusability. It is commonly referred to as a multidomain
and multiformalism language. The first property is
founded on the ability to develop different libraries, spe-
cific for a particular domain, whereas the second property
is associated with the capacity of the acausal DAE form-
alism to be mapped onto other formalisms. For example,
acausal ODE, PDE, or acausal BG, among other formal-
isms, can be transformed into acausal DAE, as shown in
Fig. 8.

Modelica is a specification that shares many properties
with the EL language (27). It is not shown in Table 1 to
avoid the inclusion of more than one language associated
with the same formalism. Modelica emerged as a proposal
from the executive board of the federation of EUROSIM
(EURopean SIMulation societies), which decided at its
meeting in Vienna, on February 7, 1997, to establish a
technical committee aimed at specification of a EUROSIM
standard with regard to a unified object-oriented language
for physical systems modeling (i.e., virtual prototyping).
Different environments, such as MathModelicaTM from
MathCore or DymolaTM from Dynasim, already incorpo-
rate Modelica as the base language, whereas others, such
as 20-Sim 3.3 ProTM from Controllab Products B.V, Inc.,
allow exporting models to this format. DymolaTM is per-
haps the most representative Modelica-based language at
this moment.

20-Sim 3.3 ProTM is a multiformalism object-oriented
simulation environment that supports bondgraph metho-
dology, among others. The model formulation can be
performed by means of different graph diagrams and
equations, both differential and integral. Equations can
be rewritten automatically by the translator. It can export
data and models to Matlab and Modelica, and adds a run-

PDE

BG a-causal

BG causal

DAE causal

Transfer functionDAE causal sorted

Hybrid DAE

DEVS & DESS

System dynamics

ODE a-causal

DAE a-causal

Timed automata
Discrete-event

Process oriented

Discrete-event
Event-oriented

Cellular automata

DEVS

Petri netsStatecharts

Figure 8. Oriented graph describing the main discrete (polygon) and continuous (circle) formal-
isms and the mapping operations among them.
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time compiler to speed the simulation, generating C and
Fortran code (28). Other features are shown in Table 1.

Dynamo is a modeling and simulation environment
that supports the system dynamics formalism from For-
rester, as it was created in the late 1950s by a group
around Forrester at MIT. Although system dynamics is a
less suitable formalism than bondgraph for biomedical
engineering and Dynamo is an old simulation language, it
has been included in this review because of its historical
influence in modeling and simulation methodologies. Dy-
namo was a key item in the success of the system
dynamics methodology. Several descendants of Dynamo
have been developed subsequently, allowing graphical
programming by means of stock-flow diagrams, like Stel-
laTM from High Performance Systems, Inc. or PowerSimTM

from PowerSim Software, Inc.
Finally, two representative discrete-state simulation

languages have been included. DESVJAVA 2.7, from the
University of Arizona, is based on DEVS and DESS
formalism mentioned before. The model implementation
is performed by Java classes, taking advantage of the
capabilities of this language, such as the object-oriented
programming.

GPSS/HTM, from Wolverine Software, Inc., is based on
GPSS language, which follows a discrete-event-oriented
formalism. GPSS was developed by IBM in 1961, and it is
now implemented on several software environments, in-
cluding Matlab (29). The worldview in this formalism is
provided by a transaction flow (30), in such a way that a
system is visualized as a set of discrete units of traffic that
flow from point to point in the system and compete with
each other for the use of resources. Units of traffic are
called transactions or entities, which cause and respond to
events. Entities carry out operations when they flow
through the model and change their state.

6. APPLICATIONS AND TRENDS OF SIMULATION IN
BIOMEDICAL ENGINEERING

The large number of applications and research works
based on modeling and simulation technologies largely
exceed the scope of this chapter. Therefore, this section
briefly cites some representative works and trends in the
area.

We advance from low to high scales, starting from
simulation models oriented to molecular and cellular
aspects (low scales) and ending with systemic applications
oriented to physiological models and medical support
applications (high scales). The latter includes therapy
control, health professional education, and synergic appli-
cations with information and communication technolo-
gies. The section ends by reviewing some current trends
in this field.

Simulation models, particularly those oriented to par-
allel computation and supercomputing (31), have been
successfully applied in molecular modeling since the
1970s. Their main objective is the discovery of new drugs
(32,33). Simulation models have also been applied as
support to research in cellular biology, for example, in
the study of microtubule stability and cellular metabo-
lism. The mathematical modeling of cellular metabolism
refers to the description of the cellular behavior under
either different environmental conditions, given a genetic
background, or different genetic backgrounds, given an
environmental condition (34). Another use of computer
models at the cell scale is the study of cellular processes’
chemical kinetics, as, for example, enzyme-catalyzed reac-
tions, protein–protein interactions, or protein–DNA bind-
ing (35).

Moving forward to higher scales, we can cite 3-D
computational hemodynamic models (36), which are fun-
damental tools for the development of new blood interact-

Table 1. Selected Simulation Environments and Languages, Together with the Formalisms that they Support and other
Features (all of these are commented on in the text)

Name Graphic Interface SL,NS1 Formalism Other Features

ACSL Block diagram Y, Y Hybrid ODE Model compiled to fortran, activeX/
OLE and Cþ þ callback, C
conversor, real time

Dynast Iconic and block
diagram

Y, Matlab Multipole Fortran & C, hierarchical, libraries

EcosimPro Iconic diagram
(intergraph)

Y, Y Acausal hybrid DAE OO, hierarchical, fortran & C
connectivity, active X/COM,
model compiled to Cþ þ
classes, libraries, real time

20-Sim Iconic, block, and
bondgraph diagram

Y, Y Hybrid bond graph,
and ODEs

OO, hierarchical, fortran & C &
matlab connectivity, libraries,
3D animation

Dynamo N Y,Y System dynamics

DEVSJAVA N Java, Y DEVS & DESS OO, compliant to HLA,
hierarchical, real time

GPSS/H Y,Y Discrete-event event-
oriented

Block/control-based statements

1SL and NS indicate if the computer environment has its own simulation language (SL) and a numerical solver (NS). ‘Y’ indicates an affirmative answer;

otherwise the language used is written.
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ing devices, such as stent grafts, and in the research of
cardiovascular pathologies, on account of the relationship
between blood flow patterns and the cardiovascular dis-
ease.

Physiological simulation models built by means of
heart cell networks (37,38) have contributed to the under-
standing of electrophysiological mechanisms, both in the
normal and the pathologic state (e.g., arrhythmia).

Simulation models have become an essential tool in the
neurosciences, where they provide a better insight regard-
ing the influence of the different neuroanatomic structures
in pattern activity (39–41).

The computational requirements of the afore-men-
tioned heart cells and neuron networks simulation models
are very high, but this is not a general characteristic of
physiological models in biomedical engineering. In fact,
lumped-parameter simulation models not based on cellu-
lar networks are used very extensively in physiology,
which include glucose kinetic models as support for in-
sulin administration in diabetic patients (42,43); models of
fluid distribution in burn patients, which have allowed the
designing of better resuscitation therapies (BET) (44);
physiological models for the analysis of the hemodialy-
sis-induced hypovolemia (45); and cardiovascular, respira-
tory, and other important physiological systems models
(4).

The study of human movement is also an important
application area for simulation models. They are used to
assist the researchers in understanding the relationships
among postural and kinematics states (46). The relevance
of this area is increasing today because of the growth of
the elderly population and the recognized relationship
between the health state and falls.

Simulation models are also used in health professional
education and training (47).

The distributed execution of models in biomedical en-
gineering is also an emerging area of research, where
several protocols and techniques are being studying. We
can cite several works oriented to the HLA technology
(48,49), although other protocols exist that must be also
taken into account (50).

We can finally point out the use of simulation models
for improving the management of health resources (3) and
the synergistic applications of simulation models together
with information and communication technologies (19).

Regarding the current trends in modeling and simula-
tion, the possibility to integrate physiological, pharmaco-
logical, and pathological information of human and other
organisms by means of computational modeling is trying
to be exploited. A major initiative regarding this issue is
the Physiome project (51), where projects relative to
cardiovascular research (52), systemic approach to cellu-
lar metabolism (53), and renal physiology (54), among
others exist. This trend has also emerged from a more
basic perspective, as was seen in the special science issue
devoted to System Biology (55). Modeling and simulation
tools are essential to achieve this goal, integrating and
connecting information from several scales (56,57).

Interoperability and data interchange among research-
ers and professionals is promoting the use of a neutral
model exchange format that facilitates the reuse of simu-

lation models. The standardization and diffusion of XML
as a meta-language for data interchange has pushed its
application as a suitable format to transfer simulation
models. Many commercial and research simulation envir-
onments today include XML as a transferring or exporting
format for models. Several XML-derived modeling lan-
guages have been developed into the framework of biome-
dical engineering projects, including CellML (Cell Markup
Language), FieldML (Field Markup Language), and
AnatML (Anatomical Markup Language), from the Phy-
siome project, or SBML (Systems Biology Mark-up Lan-
guage) (55).

Simulation of complex systems has promoted the use of
multiparadigm methodologies in computer sciences (58). A
plausible multiformalism simulation solution is the use of
meta-models (22), which are converted to a single formal-
ism just before to finalize the model implementation.
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1. INTRODUCTION

1.1. Definition

Burn injuries are corporal lesions determined by the
transfer of thermal or ionizing energy to the organism.
Body skin resists large variations of temperature under
the condition of a short exposure time. Above 501C,
tissular lesions are common under extended exposure
periods. With higher temperatures, exposure times to
produce a lesion decrease progressively. The consequence
is the destruction of skin and underlying tissues at
different degrees of depth (1).

1.2. Diagnosis of Burns

It is widely accepted that large burns are one of the most
aggressive lesions that the human body can suffer with
certain probabilities of survival (2). Accidents involving
burn injuries are frequent. In the United States, one out of
each 100 enquired persons reports to have suffered an
accident of this kind during the last year. Within this
group, 75% required medical attention, 57% left their
work position for an average of 6 days, and 11% stayed
in bed for 5–6 days. These accidents cause a mortality rate
of 2.1 per 100,000 inhabitants each year in the United
States.

Fire produces a complex toxic environment, involving
flame, heat, oxygen depletion, smoke, and toxic gases.
Most fatalities from fires are not caused by burns, but
are a result of inhalation of toxic gases produced during
combustion. The inhalation of smoke and gases at high
temperature as a consequence of the combustion of differ-
ent materials causes critical harm to the respiratory
system and even death. As a wide variety of synthetic
materials are used in buildings (insulation, furniture,
carpeting, electrical wire covering, decorative items), the
potential for poisoning from inhalation of products of
combustion is continuously increasing (3).

Blast phenomena and injuries to the musculoskeletal
system, associated with burn injuries, have been well
documented over the past 50 years. The musculoskeletal
system is a clear marker for mortality and morbidity.
Fractures of the cranium, spine, pelvis, and long bones
denote increasing severity of injury to critical organ
systems. Blast phenomena that affect ships or buildings
that have been specifically built to absorb a blast attack

likely will manifest a different mode and pattern of injury
than those seen in traditional terrorist blast events (4).

In our environment, it is highly improbable that acci-
dents caused by ionizing radiations will occur, with the
exception of the sequels of oncologic treatments of certain
classes of tumors. Combined radiation and wound injury
occurs after severe nuclear accidents that accompany
explosions or nuclear attacks. High doses of ionizing
radiation can cause bone marrow aplasia and delay wound
healing. Combined radiation and wound injury is very
complex and is more difficult to deal with than single
injuries. Multipotent stem cells that have self-renewal
potential and multilineage differentiation capacity are
the relevant cells in regenerative medicine. Dermal multi-
potent stem cell transplantation has been proven to
promote survival and accelerate hematopoietic recovery
and wound healing in rats with combined radiation and
wound injury (5,6).

From a clinical point of view, the seriousness of burns is
defined by the burned corporal surface and the depth of
the injury (7). The larger the extent of the burn, the less
likely the probability of survival. The deeper the injury,
the slower is its recovery and more are the functional and
aesthetical sequels. The probability of survival under deep
and large burns is very low (8). Fortunately, most of the
burns are minor, and data from the National Burn Re-
pository 2002 report indicated that 80–90% of burn in-
juries can be treated on an outpatient basis (9). Extensive
burn-injured patients have special needs in the prehospi-
tal and emergency department settings (10). The age of
the victim is also important and other determinant risk
factors exist. Thus, for instance, the Abbreviated Burn
Severity Index (ASBI), which also includes the patient’s
sex and the existence or absence of lung lesions caused by
inhalation has a great prognostic capacity (11).

Both the injured body surface and the depth of the burn
are assessed mainly by visual inspection. This assessment
is greatly influenced by the experience of the doctor who
examined the patient. Triage criteria for patients suffering
serious burns to a burn unit for specialized medical
assistance are as follows (12):

1. Partial thickness burns greater than 10% of the total
body surface area (TBSA).

2. Burns that involve the face, hands, feet, genitalia,
perineum, or major joints.

3. Third-degree burns in any age group.

4. Electrical burns, including lightning injury.

5. Chemical burns.

6. Inhalation injury.

7. Burn injury in patients with preexisting medical
disorders that could complicate management, pro-
long recovery, or affect mortality.

8. Any patients with burns and concomitant trauma
(such as fractures) in which the burn injury poses
the greatest risk of morbidity or mortality. In such
cases, if the trauma poses the greatest immediate
risk, the patient may be initially stabilized in a
trauma center before being transferred to a burn
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unit. Physician judgment will be necessary in such
situations and should be in concert with the regional
medical control plan and triage protocols.

9. Burned children in hospitals without qualified per-
sonnel or equipment for the care of children.

10. Burn injury in patients who will require special,
social, emotional, or long-term rehabilitative inter-
vention.

Pediatric burn care requires an extensive knowledge of
the pathophysiology of burns. Critical to a positive patient
outcome is the correlation of burn size and depth with
appropriate fluid administration, respiratory manage-
ment, nutritional support, and wound care. As a result
of the nature of the injury where patients’ recovery times
are lengthy, consideration of the child’s psychosocial needs
must also be a part of the total plan of care (13–17).

1.3. Treatment of Burns

Burn injury differs from other types of trauma in the
apparent lack of urgency for treatment. In order to limit
psychological damage and development of multiorgan
failure, management of the burn wound must be immedi-
ate and aggressive. Supportive fluid treatment should be
judicious in order to prevent excessive oedema causing
wound extension. When associated with other trauma,
major burn injury has a detrimental effect on morbidity
and mortality, and surgical management of both aspects of
a patient’s injuries are altered (18).

Clinical research has demonstrated the benefits of skin
implants in the prevention of infections of the burn injury.
Likewise, prospective randomized clinical tests have con-
firmed the relationship between the early surgical treat-
ment and the increase of survival, decreasing blood losses,
and the incidences of sepsis. Scientific investigation of the
hypermetabolic response to major burn injury has led to
improved management of this life-threatening phenom-
enon.

Severe burns in most vigorous persons evoke emotional
responses related with pain, deformities, and death. How-
ever, these consequences have been diminishing with the
advancement of treatments over the years, so that the
probability of mortality because of these accidents has
decreased significantly since the second half of the twen-
tieth century. This improvement was an outcome of the
development achieved in issues like the initial resuscita-
tion and the nutritional support for the burn patient (19).

Severe burn causes metabolic disturbances that can
last for a year after injury; persistent and profound
catabolism hampers rehabilitative efforts and delays the
meaningful return of individuals to society. The simplest
most effective anabolic strategies for severe burn injuries
are: early excision and grafting of the wound; prompt
treatment of sepsis; maintenance of environmental tem-
perature at 30–321C; continuous feeding of a high-carbo-
hydrate, high-protein diet, preferably by the enteral route;
and early institution of vigorous and aerobic resistive
exercise programs. To keep further erosion of lean body
mass to a minimum, administration of anabolic agents,
recombinant human growth hormone, insulin, oxandro-

lone, or anticatabolic drugs such as propanolol are alter-
native approaches. Exogenous continuous low-dose
insulin infusion, beta blockade with propanolol, and the
use of the synthetic testosterone analogue oxandrolone
are the most cost-effective and least toxic pharmacological
treatments to date (20).

The physiologic response to burn injury is complex.
Understanding the various components is important for
the care and treatment of the critically burned patient. As
these injuries are not discriminatory and occur across the
lifespan, patient characteristics and responses are highly
variable (21).

Traumatic burn injuries and the associated treatments
are a tremendous pain management challenge. The degree
of tissue damage in severe burns can initiate physiologic
changes in nociceptive pathways that place the patient at
risk for undertreatment. The use of analgesic guidelines
that address background and procedural pain and asso-
ciated anxiety can provide a rational and consistent
approach to treatment. The key to successful treatment
is the continuous and accurate assessment of the patient’s
pain and the response to therapy (22,23). Infectious
complications, together with those of respiratory origin
(injuries caused by inhalation of toxic substances, pneu-
monia, etc.) or traumatologic, among others, caused by the
accident or emerging through the clinical progression of
the case, are attended in collaboration with the different
specialists in a large hospital (24). Rehabilitation and
prevention of sequels are started at the moment of admis-
sion in the burn unit, and, frequently, it is a process that is
extended for the lifespan (25).

In summary, basic science and clinical research have
contributed to decrease mortality by describing the patho-
physiology related to the burn and inhalation injury and
suggesting methods that have decreased the incidence of
complications.

The most relevant topics in current treatment of burn
patients are analyzed in the subsequent sections from the
point of view of how biomedical engineering has contrib-
uted to their development.

2. SKIN TISSUE ENGINEERING

The burn injury requires a topical treatment in an isolated
environment, such as a burn unit, to avoid infection. With
new technologies and techniques, the practice of treating
burn patients has become increasingly specialized. A
thorough understanding of the properties of topical wound
product choices and nursing management of the dressing
therapy is essential (26). If the wound is full-thickness
(i.e., all skin layers are affected) since the third day after
the accident, surgical extirpations are performed, known
as tangential or fascial excisions. These surgical proce-
dures, practiced according to the principles of major
surgery in critical patients, take place in surgical rooms
equipped with the latest technical advances in monitoring
and anesthesia for complex patients.
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2.1. Skin Implants

A major breakthrough in burn wound care was the early
excision of the burn and its immediate coverage with a
skin autograft. Two main issues must be considered:

* Skin, in its function of isolation and coverage of the
internal medium.

* Skin, in its thermo-regulation role.

For occasions in which it is not possible to apply a
cutaneous autograft, when not enough donor grafts re-
gions exist or by requirement of the state of the patient or
the injury, different temporal overlays are used: cryo-
preserved cutaneous grafts obtained from multiorganic
donors, culture of keratinocytes, temporal semisynthetic
poultices, hydrocolloids, etc. Technological development of
these products has been significant in recent years. The
ideal cutaneous substitute should be featured by the
following attributes:

* Produce pain alleviation
* Prevent infection
* Prevent heat and fluid losses
* Provide a complete and stable coverage of the burn,

showing a good adherence
* Be flexible
* Be non-antihygienic
* Promote and enhance healing of the injury
* Be easy to apply
* Be widely available
* Be available at a favorable cost-effectiveness rate

The following options are common for the topical treat-
ment of burns:

1. Textile poultices. These are removed every 24–48
hours based on the application of a greasy tulle
and an absorbent dressing. The main drawback is
the stress and pain that the patient suffers while
healing procedures are practiced. Topical antiseptics
are used if the wound presents signs of infection.

2. Hydrocolloid poultices. These are synthetic materi-
als that exert an effect of adsorption and mainte-
nance of the exudation, providing a humid
microclimate that favors scar formation. As they
do not contribute with any antibacterial product,
they are not suitable for dressing deep burns and do
not act, in the majority of cases, as a barrier to
prevent water or electrolyte losses. Furthermore,
their application implies the appearance of exuda-
tion, which makes more difficult the differentiation
between the local infection and the normal degrada-
tion of the hydrocolloid, being a matter of concern in
the case where the practitioner does not have en-
ough experience. They are appropriate for surface
dermal burns, when exudation is not large, and in
donor zones.

3. Biosynthetic poultices. The most representative
within this group is Biobrane, composed by a mesh

of nylon interlaced with purified collagen of porcine
origin, and an external sheet of silicon. Its applica-
tion alleviates pain; decreases water, electrolytes,
and heat losses by the wound; and serves as a
mechanical barrier against infections and favoring
re-epithelization. Its main drawback is the high cost.
To this group belongs the dermal regenerator Inte-
gra with similar characteristics.

4. Biological substitutes. They are fundamentally de-
veloped in tissue banks and conceived for solving
problems of cutaneous dressing caused by large
burns:
* Xenografts, usually from porcine origin, have been

used fresh, frozen, or lyophilized as a temporal
dressing. Their main nondesired effect is the anti-
genic capacity. Currently, their use is very limited.

* Cryo-preserved cutaneous homografts, used for
covering unbridle bloody total-thickness surfaces.
They act as a barrier to decrease water, electro-
lyte, and protein losses, reducing the incidence of
infection and alleviating pain. For this reason,
they have also been applied to recover partial-
thickness wounds, although their suitability is
arguable in this kind of injury.

* Amniotic membranes (27,28). John S. Davies was
the first to introduce the use of the amniotic
membrane as a biological material to cover burns
in 1910, and three years later, Sabella described
its application in burns and ulcers. In 1952, Dou-
glas published the use of the amniotic membrane
for the temporal coverage of burns (29). Since
then, the advantages of the amniotic membrane
in this role are widely known (30–35). However,
the amniotic membrane is not suitable for dres-
sing total-thickness burns or granulation tissue,
because autolysis and disintegration takes place
in 48 hours. These membranes are obtained after
cesarea. They must be negative to hepatitis and
the AIDS virus and should not proceed from
pregnancy with premature membrane rupture,
with meconius or endometritis.

2.2. Soft Tissue Replacement

The reconstruction of soft tissue defects poses a challenge
for plastic surgeons and tissue engineers. The construc-
tion of a biologically, functionally, and cosmetically suc-
cessful replacement part will involve the combination of a
composite that contains endoderm, mesoderm, and ecto-
derm. It will be active in immune surveillance and func-
tion. It must be durable to withstand the stress and strain
encountered by the skin. Such a composite will involve the
use of blood vessels, nerves, connective tissue, dermis, and
epidermis (36).

Currently, the culture of autologous keratinocytes in a
fibrine matrix (37,38) is available for burn patients (Fig.
1). With this tissue grown in vitro from basement mem-
brane cells of the epidermis of the patient, total-thickness
large burns have successfully been treated. Cultured skin
sheets are ready 3 weeks after a 2 � 2 cm biopsy is taken
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from the patient. The burn has previously been unbridled
and prepared for receiving the graft. Keratinocytes over a
fibrin sheet are difficult to handle. They are transferred
directly to the unbridled burn wound, free of germs. After
15 days, 100% of the surface is already covered, and after 3
weeks, hypertrophic healing starts.

Despite the spectacular advances in this field, cultured
skin is still far from accomplishing the necessary tasks.
Among the detected problems, the following characteris-
tics may be emphasized:

* Thinness
* Fragility
* Absence of adjoining skin
* Abnormal coloration
* Pathological healing, retractions, instability, ten-

dency to ulcers
* Abnormal sensitivity
* Poor thermoregulation

Over the last 20 years, confluent sheets of cultured
epithelial autograft have been used for patients with
major burns. Problems with the lack of ‘‘take’’ and long-
term durability, as well as the time delay to produce such
grafts, have led to the development of delivery systems to
transfer keratinocytes to the wound bed (39). Ideally, in a
burn-traumatized patient, nonviable skin and tissues
should be excised early in the course of treatment and
replaced with a graftable material that mimics the proper-
ties of normal skin in function, texture, sensation, and
appearance. The difficulty in identifying indeterminate-
depth dermal injuries requires further studies to establish
the line between extending injury and delaying the pro-
gressive excision of nonviable tissue. Recent studies have
shown that, molecularly, the process of wound healing is
an interaction among multiple macromolecules and there-
fore requires in-depth studies of growth factor symptoms,
the extracellular matrix, and the immunologic response to
wounds. The survival of patients with major thermal

injuries has dramatically increased in recent years. There-
fore, greater emphasis must be placed on improving the
overall treatment process and the quality of the end result
for these patients. Surgically directed and laboratory-
based investigations into the cellular components of
wound repair and the development of alternative methods
of final wound closure are continuing to improve, and burn
specialists are optimistic that new alternatives will be-
come available for their patients (40). A search for a skin-
graft substitute began to reduce the autografting-related
trauma at the donor site. One entry was skin equivalence,
which contains 3 components: (1) living fibroblasts, sus-
pended in (2) a native collagen matrix, the surface of
which is covered with (3) viable keratinocytes. The tissue-
cultured dermal fibroblasts are derived from human fore-
skin. The fibroblasts are grown in cell culture dishes as a
monolayer and are retrieved by limited trypsin digestion.
The fibroblast suspension is mixed with a serum-supple-
mented culture medium and native acid-soluble collagen.
The entire mixture, called a dermal equivalent, is placed
in a bacteriological Petri dish before transfer to a 371C
incubator. The collagen rapidly polymerizes, trapping cells
in the dermal equivalent. During the initial 4 hours,
fibroblasts elongate and spread, causing a decrease in
the thickness of the dermal equivalent. After 6 hours,
the dermal equivalent undergoes a decrease in diameter
as a consequence of the reorganization of the collagen. A
freshly isolated suspension of human skin-derived kerati-
nocytes is seeded on the surface of a several-day-old
floating dermal equivalent. The keratinocytes proliferate,
covering the surface of the dermal equivalent. The kera-
tinocytes deposit basement membranes beneath them and
undergo epidermal cell differentiation, leading to the
formation of a basal layer beneath differentiated cell
layers. Both cell populations retain viability and release
cell factors that have a positive effect on wound closure
(41–47).

2.3. Emerging Technologies

The formation of scars is the objective in order to achieve
wound healing. Scar pathologies, hypertrophic scars, and
keloids are complications in the normal process of healing,
and occasionally lead to functional retractile alterations,
scars with unstable dressing, changes of sensibility, itch-
ing, anesthetical alterations, etc. These findings are very
common in burn scars.

Current treatments for pathological scars are:

* Surgery
* Pressotherapy, physiotherapy, and equivalent physi-

cal alternatives
* Anti-inflammatory steroids, either by topical applica-

tion or infiltration
* Silicon-gel poultices
* Radiotherapy
* Phototherapy

Results are still poor in pathological cases, which is an
issue under development. Experimental models based on
tissular cultures attract the interest of researchers. The

Figure 1. Cultured skin layers are ready three weeks after a 2 �
2 cm biopsy is taken from the patient.
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molecular and cellular mechanisms that maintain proper
collagen homeostasis in healthy human skin remain pri-
marily unknown. Fli1 is a physiological negative regulator
of collagen gene expression in dermal fibroblasts, in vitro
and in human skin in vivo. In cultured human and mouse
fibroblasts, Fli1 expression levels are inversely correlated
with the collagen type I expression levels. Significantly,
absence of Fli1 expression in individual fibroblasts corre-
lates with elevated collagen synthesis (48). Differences
between collagen molecules in normal and pathological
scars at the molecular level have been detected (49). Low-
density lipoprotein influences collagen synthesis and de-
gradation in fibroblasts as a potential mechanism of tissue
remodeling (50). Cultured skin substitutes are increas-
ingly important for the treatment of burns and chronic
wounds. Dermal regeneration of experimental full-skin
defects was significantly improved by treatment with
dermal substitutes containing high numbers of (precul-
tured) autologous fibroblasts (51). On the other hand, the
application of low-frequency electromagnetic fields (EMF)
is regarded as a promising therapy for pathological scars.
Differences between normal and pathological keloid fibro-
blasts have been observed in cell proliferation, collagen
synthesis, and transforming growth factor beta (52).
These results suggest that EMFs may have a useful
therapeutic potential for the treatment of pathological
scars.

We consider that further research should count on the
development of an in vitro model for pathological scars in
order to test different control strategies in such a common
problem for burn patients, including EMF efficacy assess-
ment, phototherapy effects, and other alternatives.

3. OTHER ISSUES IN THE DIAGNOSIS AND TREATMENT
OF BURN PATIENTS

3.1. Pathophysiology of the Burn Injury

The physiological alterations induced by acute inflamma-
tion present significant management challenges. Major
surgery, trauma, burns, and sepsis all have large inflam-
matory components. Acute inflammation is characterized
by vasodilatation, fluid exudation, and neutrophil infiltra-
tion. These processes are activated and amplified by a
series of intracellular and extracellular factors that
tightly coordinate the inflammatory process. The innate
immune system responds rapidly to infection or injury.
Macrophages, natural killer cells, CD8þ T-lymphocytes,
and neutrophils provide an early response to injurious
factors in an effort to contain and eliminate harmful
stimuli. The adaptive immune response requires prior
exposure to microbial antigens, is mediated primarily by
CD4þT-lymphocytes, and serves to further amplify acute
inflammation. Although acute inflammation is fundamen-
tally beneficial, severe inflammation can precipitate the
systemic inflammatory response syndrome (SIRS). This
syndrome is characterized by hyperinflammation and can
cause organ injury, shock, and death in its most severe
forms (53,54).

Thermal injury also induces an alteration of the capil-
lary dynamics that is characterized by an increase in the

fluid and protein shifts from the vascular to the inter-
stitial space. The protein loss leads to a decrease in the
plasma oncotic pressure, a fundamental factor in the
regulation of the fluid shift at the capillary level, and is
responsible for the appearance of oedema that is observed
in these patients. The exchange of fluids and proteins at
the capillary membrane level indicates the dynamic
change of the clinical situation of the burn patient. Burns
increase hematocrit concentration and decrease plasma
protein concentration as a consequence of fluids and
protein distribution alteration at the capillary level in
the burn zone. These alterations are proportional to the
burn surface area (55,56).

The use of mathematical models in the description of
biological systems is a common practice in medicine.
Digital simulation with burn patient mathematical mod-
els provides a vision from a macroscopic and overall point
of view of the dynamic capillary and fluid distribution
alterations in burn patients as a function of time. Further-
more, it allows a qualitative and quantitative knowledge
generation, including the determination of variables that
are very difficult to quantify in daily clinical practice but
are very indicative of the real situation during the shock
therapy of a burn patient. Therefore, modeling and simu-
lation techniques provide an excellent approach to analyze
the dynamic behavior of the burn patient in the presence
of different intravenous infusions of fluids, electrolytes,
and proteins, a situation that is very difficult to reproduce
in clinical and experimental environments (57).

In the United States, more than 1 million burn injuries
occur every year. Although the survival from burn injury
has increased in recent years with the development of
effective fluid resuscitation management and early surgi-
cal excision of burned tissue, the mortality of burn injury
is still high. In these fire victims, progressive pulmonary
failure and cardiovascular dysfunction are important
determinants of morbidity and mortality. The morbidity
and mortality increases when burn injury is associated
with smoke inhalation (58). Burn patients with inhalation
injury who survive to hospital admission face a difficult
and potentially prolonged course of treatment in the burn
center. Continuing survival and, especially, functional
outcome hinges on the patient’s receiving comprehensive,
well-coordinated care from an interdisciplinary team of
skilled health-care providers. The best care plan combines
close monitoring of vital organ/tissue perfusion indicators,
aggressive management of pulmonary compromise, and
scrupulous attention to all details of nursing care. Many
patients suffer complications from their injuries or treat-
ment, and not all survive (59).

Injuries from inhalation of smoke are relatively fre-
quent in burn patients and are one of the early causes of
death in these patients. The pathophysiology of injuries
involving pulmonary capillary dynamics as a result of
both smoke inhalation and skin burns is very complex.
Treatment and monitoring are often difficult in the clinical
situation. Animal experimentation is expensive and slow,
and these results may not be directly applicable in the
clinical situation. In this context, computer-based patient
simulators are powerful research tools (60). Figure 2
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shows a simplified causal model of the capillary dynamics
at the pulmonary level.

3.2. Hypovolemic Shock in the Burn Patient

The purpose of the initial fluid therapy in burn patients is
to avoid the onset of hypovolemic shock. Burn shock is a
complex process involving a series of intertwined physio-
logic responses to injury that require more rigorous inter-
vention than simply a change in fluid tonicity, fluid
composition, or fluid resuscitation volume. Controversy
ensues over monitoring techniques and resuscitation
goals, in part because the identification of true markers
of perfusion is clouded by intradependence of endpoints on
other metabolic processes. The persistence of cellular
hypoperfusion in patients who have been deemed ade-
quately resuscitated by global indices supports the grow-
ing realization that failure of conventional endpoint-
monitoring strategies to detect compensated burn shock
can lead to significant organ injury. Current endpoints
should be interpreted in the aggregate, because none have
yet been demonstrated to reflect tissue perfusion status

independently and accurately. Numerous technologically
advanced endpoints to predict patient outcome, which
may be useful in determining futility of treatment or
end-of-life decisions, are now available. Exciting new
research in tissue oxygenation and perfusion has revealed
that damaging mediator cascades and irreversible micro-
vascular changes may preclude complete resolution of
burn shock solely through restoration of oxygen delivery.
As burn patients now frequently survive the early resus-
citation phase, the focus should be on controlling derange-
ments in oxygen use and correcting occult hypoperfusion
to reduce later adverse patient outcomes from SIRS,
sepsis, and MODS. Burn-specific research on resuscitation
endpoints and monitoring strategies lags behind research
in other patient populations. Present standards and mon-
itoring guidelines for burn shock resuscitation should be
critically evaluated and based on true, scientifically vali-
dated data rather than on observational studies or perso-
nal beliefs. Future technologies targeted at
microcirculatory perfusion and cellular oxygenation offer
an exciting promise for less invasive, easily accessible,
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more accurate endpoints and treatments for burn shock
resuscitation (61).

The problem of burn patient resuscitation during the
first 24–48 hours after the injury revolves around the
quantification of the loss of fluids, electrolytes, and colloids
as a function of burn extent and depth and the time
interval since the injury (62). The variety of resuscitation
procedures in burn patients demonstrates the need to
formalize a strategy for fluid therapy during the initial
stage after thermal injury. In this context, an approxima-
tion based on a mathematical model could be complemen-
tary to conventional methods, as has successfully been
shown in other clinical applications. As an example, based
on a validated burn patient simulator, digital simulations
were used to ascertain the optimal fluid, electrolyte, and
colloid needs during the shock phase. The results obtained
were used to design, by simulation, a resuscitation proce-
dure called BET fluid therapy guideline (63) that has been
clinically validated (64).

3.3. Metabolic Response to the Burns

The response of the organism against the thermal aggres-
sion is very complex and embraces issues related with the
systemic inflammatory response, metabolic response, and
the nutritional treatment of the patient, together with the
immunologic response (65).

In the immediate post-burn phase, a decrease occurs in
nutrient flow and oxygen delivery to cells. The pyrocate-
chol discharge and the glucagons, insulin, and corticos-
terol release are part of the response to injury.
Carbohydrate metabolism is altered in burns patients
during the shock phase in relation to the severity of the
injury. Although glucose production increases and periph-
eral uptake is normal, the entrance of glucose into the
Krebs cycle is reduced. In stress states, the administration
of excess glucose can have detrimental metabolic effects. A
transition occurs from the immediate post-burn phase to
the flow phase. The latter is characterized by catabolism,
hypermetabolism, and a negative nitrogen balance.
Although the initial glucose intolerance begins to resolve,
hyperglycemia may still be evident. It has been demon-
strated that a change exists in the glucose stock in the
patient interstitial compartment depending on the sever-
ity of injury and on the type of resuscitation guideline
used (66). The interstitial compartment acts as a mattress
for the carbohydrates in a clinical situation where changes
in plasma and interstitial volume are frequent and con-
siderable.

The nutritional needs of the burn-injured patient are
exaggerated and change constantly with the patient’s
stage of convalescence. Working closely, all the members
of the health care team, specifically the nutritional spe-
cialist, can positively affect the patient’s survival by
optimizing the nutritional assessment, delivering enteral
feedings that meet established goals, minimizing the
negative consequences of hyperglycemia, and minimizing
unnecessary energy expenditures by the patient. Ade-
quate nutrition is required for wound healing, immuno-
competence, and, ultimately, patient survival (67,68).

3.4. Information Technology and Communications

Few references exist that can be mentioned about applica-
tions of information technologies and communications to
the burn patient. It is possible to attribute this lack to the
fact that both therapeutic conducts to follow and prescrip-
tion of treatments for a burn patient fundamentally
depend on extension and depth of the burn injuries, which
are usually determined by means of an exploration, which
is generally visual, that requires the presence of an expert
in burns next to the same patient and without other
sources of intermediate information that may be digitally
processed.

Notwithstanding, currently in medicine, it is increas-
ingly necessary to gain access to human and technological
resources regardless of their geographical location. Tele-
medicine is the use of modern telecommunications and
information technologies for the provision of clinical care
to individuals at a distance, and transmission of informa-
tion to provide that care to burn patients. Many applica-
tions have already demonstrated that a rational use of
telemedicine becomes a cost-effective solution in the treat-
ment of patients with atypical circumstances in the reg-
ular systems of care. The main impact is related to the
improvement of medical care in underserved areas and
where physicians require linkages to specialized experts.
Telemedicine has also been successfully applied to mon-
itoring chronic patients who do not need specialization. It
is also the case in the initial diagnosis and treatment, as
well as the classification of patients who have suffered
burns, which is a clear example of a patient whose
circumstances are not common in the ordinary health
channels, requiring the close collaboration with an expert.
Given the low number of burn units recommended by
WHO per 1 million inhabitants, the availability of geo-
graphically dispersed resources could be important, given
the administrative, economic, and planning benefits that
they would yield to health-care services. These resources
are even more important in catastrophic and emergency
situations, where, because of the high degree of complex-
ity, the life-threatening nature of the situation for a great
number of patients and the resulting social impact of such
situations, it is necessary to coordinate several different
resources, which are generally insufficient because of the
magnitude of the problem. As may be expected, burn
patients are frequently considered emergency situations.

As stated in the Skin Tissue Engineering section, the
immediate and effective attention of a burn patient is a
priority and is based on an accurate and prompt diagnosis
about the extent and depth of the injuries, which are
assessed mainly by visual inspection. Therefore, the im-
age of the burn plays a very important role in the
diagnosis of burn patients, in the selection of emergency
treatment and the place and the most appropriate method
for the patient’s evacuation. When an accident occurs, the
patients are first delivered to the nearest center (or field
hospital in emergency cases) where they undergo an
entrance examination. If the burns expert is not present,
this information is usually transmitted to the burn unit by
phone. The lack of experience of the initial medical team
in the area of burns and the difficulties derived from a
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telephonic description of the injuries have vital repercus-
sions on the prognosis of the patient. Considering the
continuous advances in information technology and com-
munications, burn treatment is a promising field to effi-
ciently apply telemedicine and take advantage of the
opportunities offered by collaborative environments.

From the methodological point of view, one of the main
challenges in the development of a telemedicine platform
is the integration of information technologies to meet the
requirements of the application. The collaboration of a
technical team and a group of experts in burns is essential
to make the best use of available resources. This highly
multidisciplinary workgroup is one of the main features
involved, together with the following key requirements
(69):

* The application of information technologies and com-
munications must be compatible with prevailing
clinical protocols.

* The solution must be a cost-effective optimum strat-
egy in the treatment of patients, especially in the case
of emergency situations.

* It should not increase the overload of the medical
staff by designing flexible and user-friendly inter-
faces.

* It should comply with current standards on security,
privacy, and confidentiality for medical data.

Four different issues require personalized attention for
developing such a telemedicine application:

* Image acquisition and compression
* Health Information Systems
* Communications
* Integration issues

3.4.1. Image Acquisition and Compression. An informa-
tion system for cases involving burns should be affordable,
easy to operate and purchase, and able to preserve the
characteristics defining the burn (i.e., color). It should not
increase the patient’s anxiety as information concerning
his/her clinical state is being acquired, and the informa-
tion obtained should be easily transferable at a distance
without any loss of quality. Images are capable of giving
an accurate representation of skin color and have been
used extensively in education and research on burn
therapy. Both digital cameras and webcams have been
used for burn image acquisition (70). In Serrano et al. (71),
the criteria for acquisition of a high-quality image were
uniform and similar to those advocated in other studies
(like dermatology):

* A distance between the camera and the burn of 15–
60 cm.

* The room must be appropriately illuminated to
clearly perceive the injuries, but light must not incide
directly over the wounds.

* The images should include some portion of unaffected
skin.

* A homogeneous background, preferably dark blue or
green in color, so as to provide an appropriate con-
trast with skin color.

* The camera is positioned parallel to the surface of the
wound.

These criteria, clinically validated, have been shown to
avoid shadows, illumination defects, anomalous reflec-
tions, and lack of image definition.

The advance from analog to digital imaging allows the
remote transmission of the clinical information contained
in the digital image of a burn wound. Increasing applica-
tions of telemedicine in areas of dermatology and pathol-
ogy are creating new demands, such as transmission of
archival color images. The large size of these image files
reduces transmission throughput and makes data com-
pression desirable. Lossless compression techniques are
essential in archival and communication of medical
images. The compression methods without losses are
based on the reduction of the statistical redundancy of
the image. Statistical redundancy is related to the simi-
larity, correlation, and predictability of the image pixel
values. This type of redundancy has the property that can
be eliminated, reducing the number of bits necessary to
represent the image without destroying any type of in-
formation present in the image. Although significant effort
has been directed toward the development of lossless
algorithms for compressing image data, most methods
have been oriented toward compressing grayscale or
two-tone (binary) images. It is commonly stated that a
red-green-blue color image can be easily compressed with
a grayscale image compression technique of each of the
three color components. However, such an approach does
not take advantage of the correlation existing between the
color planes.

Segmentation-based lossless compression methods like
SLCIC (72) have been proposed for color images, exploit-
ing the correlation existing among the three color planes
by treating each pixel as a vector of three components, and
performing region growing and difference operations with
the vectors. The SLCIC method, summarized in Fig. 3, has
been successfully applied to burn images, outperforming
standard lossless JPEG by an average of 4.13 bits/pixel
(73).

Higher compression rates can be achieved with lossy
algorithms. Compression methods with losses try to elim-
inate the subjective redundancy, in other words, the
information that may be eliminated without the human
viewer noticing the difference. The more usual compres-
sion methods of images with losses are based on the
discrete cosine transform (DCT), whose best example is
JPEG, those based on the wavelet transformation, and the
fractal compression methods. A prospective clinical study
has shown (74) that the application of the lossy JPEG
scheme over burn images yields a compression of up to 50
times the original size, with a success rate in the precision
in diagnosis close to 90% (i.e., maintaining a level of
clinical information appropriate enough to perform deci-
sion-making in the process of immediate attention to a
burn patient located in a site far from the specialist).
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3.4.2. Health Information Systems. The next step in the
development of a telemedicine platform for burn patients
is the design of the data structures exchanged between the
remote site and the burn unit. One of the critical issues in
the definition of the structure of the database is the
determination of the optimal granularity of the narrative
parts. The solution presented in Reina-Tosina et al. (75)
classifies the information relative to a patient into the
following groups:

* Personal data
* Examination files
* Image files
* Treatment files
* Small messages

Personal data contain information that does not change
over time. Whenever a patient is examined in a remote
location, a new examination file is added to the current
folder. In order to follow the prevailing clinical protocol,
this file is divided into five sections (see Fig. 4): accident
(place, date, etiology), history, burn (affected parts, state of
consciousness, pain), vital signs (hemodynamics, cardio-
pulmonary examination), and associated injuries (trau-
matisms, CO intoxication). In the same terms, a treatment
file can be filled in and generated in the remote scenario,
once the examination and attached images reach the
destination and the expert has made a decision about
the diagnosis. When the remote physician or the expert
requires additional information (a more detailed image,
for instance), they exchange small messages of nondelim-

ited text. In spite of the narrative parts of the health-care
record, most of the fields in the patient’s database can be
stored with a codification based on the International
Classification of Diseases.

With the advancement of the Internet and web-based
technologies, health information systems have improved
in portability and complexity, growing in parallel with the
development of open interfaces and standards, and caus-
ing an unavoidable change in the paradigm of the archi-
tecture of information systems that manage the electronic
health records. The new models, designed to support the
complexity and the changes in knowledge and in the
management of the information are based on the separa-
tion of responsibilities (middleware services), and in the
modeling of every one of these services in multiple layers:
separation of points of views and separation of informa-
tion and knowledge. The systems are built based on the
information models (reference models). The knowledge
models (whose instances are archetypes and templates)
are processed in execution time (76). In the field of medical
imaging, the most popular reference model is DICOM.
Conceived by the American College of Radiology and the
National Electrical Manufacturers Association to standar-
dize image transfer between heterogeneous radiology
equipments, the current version of DICOM (ver. 3.0)
includes several advantages compared with previous ver-
sions: It is applicable to networked environments, sup-
porting both OSI and TCP/IP; by the specification of
Service Classes, it is possible to define the semantics of
the different commands and associated information; it is
structured following ISO directives; new information ob-
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jects are introduced to handle biomedical signals, clinical
essays, reports, and data beyond the image content; and,
finally, information objects are identified in an unique
form. The availability of software development tools like
JDT (Java DICOM Toolkit) has eased the design of
DICOM-based picture archiving and communication sys-
tems (PACS). In the case of burn patients, an example of
such an application is detailed in Aguilar-Porro (70) for
the case of a teleconsult. Here, the objective was to per-
form the classification of patients appropriate for under-
going a minimally invasive surgerical procedure since the
initial evaluation in the primary health-care center. By
the exchange of the digital images with the expert in
burns, the number of first consults in the burn unit and
the delays for the patient can be decreased, while the
waiting lists for surgical treatment are optimally mana-
ged. The structure of the patient’s database is outlined in
Fig. 5.

3.4.3. Communications. The design of a telemedicine
network requires a precise knowledge of the available
infrastructures in order to make optimum use of their
resources (bandwidth, coverage, etc.). A great variety of
examples of reported platforms based on broad-band net-
works exist, but when the solution intends to cover an
underserved geographically vast area, those resources are
not generally available. The minimum infrastructure to be
taken into consideration is the plain old telephone system
(POTS), although it compels a serious inconvenience in
the case of catastrophe or emergency situations, because
of its point-to-point nature, low grade of service, and
blocking response. The Integrated Digital Services Net-
work, whose narrow-band generation is based on the use
of a 64-kb/s channel as the basic unit of switching, has
experienced great development over the last two decades.
The ISDN was intended to be a worldwide public tele-
communication network to replace existing public tele-

communication networks and deliver a wide variety of
services. A channel of 64 kb/s represents a valuable med-
ium for the transmission of voice, data files, and medical
compressed images with reasonable time delays. These
three resources are sufficient for the development of cost-
effective telemedicine applications where broad-band net-
works are not available. The use of an ISDN network
inherently leads to great advantages like high-speed
transmission (three times faster than POTS in the worst
case), videoconferencing and multiservice terminals, se-
curity and data confidentiality, or scalability (up to 8
terminals in a basic access). Considering that it is possible
to take full advantage of these benefits under the require-
ments of a burns patient telemedicine platform, it is
obvious that this technology offers a cost-effective solution.

The increasing demands of bandwidth together with
the explosion of Internet services has fostered invest-
ments in technology by telecommunications companies,
and competition in the market has lowered the costs. A
wide variety of low-cost options for medium- and high-
bandwidth Internet access is available today, ranging
from ADSL to 3G mobile communication systems. Infor-
mation services based on TCP/IP protocols are structured
around communication networks that are accessed by
Internet service providers (ISP) and endusers. Some tele-
medical platforms based on radio cell phone technology
have also been reported (77), which are especially inter-
esting because they allow mobility of the enduser, and, in
particular, for the treatment of emergency situations.

3.4.4. Integration Issues. The integrated management
of a hospital unit represents one of the most basic and
important tasks that directly affects the operation of the
unit. The application of information technologies can aid
the design of optimal strategies in management by provid-
ing services with greater efficiency, not only from the point
of view of management, but especially in health-care

Figure 4. Detail of the forms supporting the
health information system of the telemedicine
platform for burns patients described in Reina-
Tosina et al. (75) (with permission of the

authors).
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delivery. The integrated digital management of any unit
in a hospital should not be conceived without the existence
of a system with functionalities ranging from the conser-
vation and maintenance of the patient electronic record,
the complementary pharmacy prescriptions and tests
results, and patient booking and appointment to the
complete economic management of the unit. All should
be possible respecting an optimal interoperability between
the different modules and the strictest security and con-
fidentiality norms related to the information handled by
the system.

An approach to the integrated management of a burn
unit is detailed in Reina-Tosina et al. (78). Taking the
situation at the burn unit of the Virgen del Rocı́o Uni-
versity Hospital (in Spain), as a study case the average
time used in the management and handling of the infor-
mation in a hospital is in the order of 30% of the total,
which means that health-care professionals dedicate one
out of every three hours to administrative tasks and not to
the patient. Secondly, most of the information is collected
in paper records and although a part of this record is saved
in electronic format, it is done in a nonsystematic way,
with diverse formats only comprehensible by the author.
These circumstances make impracticable any approach to
the aggregated processing of this information. On the
other hand, health-care records are made up of multiple
documents, basically in paper records, generated through-
out the stay of the patient in the unit. The result is a large
folder that is transferred to the general archives of the
hospital once the patient has been discharged. Conse-
quently, any consultation, during or subsequent to the
stay of the patient, as well as comparative studies between
histories, are barren and complicated processes, some-
times impossible.

From the management point of view, the inventories of
the unit have a weekly rotation rate. The replacement
orders are sent by the supervisor nurse based on his/her

accumulated experience. In these conditions, the correct
supplying of the unit is related exclusively to this profes-
sional, with the problems derived from a sure vacational
absence or possible vacancy. Finally, at the moment, a
general calculation of the daily cost is only possible by
stay. This cost is obtained by dividing the total cost by the
number of annual stays. This procedure distributes the
cost equally between the patients, independently of the
type and gravity of their injuries, and therefore it is an
insignificant parameter. In light of these problems, the
following key requirements are established for the design
of an integrated management application:

* Reduction of the time dedicated to the administrative
activities in order to efficiently operate the health-
care potential of the staff in the unit.

* Storage, avoiding duplicity, of all the information
generated by the health-care activity in a format
suitable for its optimal management.

* Generation of health-care records in a format that
allows its consultation and update in real-time.

* Optimal management of the pharmacy inventories
and fungible material in the unit.

* Management of the economic cost that the stay of
each patient in the unit represents.

Methodological issues and benefits of the integrated man-
agement approaches are summarized in Fig. 6.

In that study case, the application is built around five
fundamental work documents: prescription form, clinical
course form, infirmary control form, surgical sheet, and
report of discharge. The information gathered by the first
four documents forms an important part of the clinical
history, whereas the fifth is equivalent to a partial dump of
the content of those, being regarded as an important
quality index. Preliminary validation results showed
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Figure 5. Skeleton proposed in Aguilar-Porro (70) for the patient’s database in a PACS for the
teleconsult of burn patients (with permission of the authors).
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that an average time reduction of 10 min/patient could be
achieved.
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1. INTRODUCTION

The skin is the largest organ and has many different func-
tions. It plays a crucial role in the interaction with the
surrounding atmosphere and covers the external body.
Skin loss remains one of the most evident problems in the
treatment of various clinical cases including burned pa-
tients, diabetic foot ulcers, venous leg ulcers, and wounds.
Loss of large skin areas is incompatible with sustained
life. Developing substitutes to restore and maintain skin
structure and function is the main goal of skin engineer-
ing. A number of commercially available products now ex-
ist that can be used to substitute the skin temporarily or
permanently.

2. SKIN DEVELOPMENT

Between the fourth and fifth week of the human embry-
ological life, the skin consists of ectoderm and underlying
mesoderm. Blood vessels begin to develop as simple en-
dothelium-lined structures that initially differentiate from
mesoderm. Originally, mammary buds develop as an
ectodermic down growth into the mesoderm. At the sev-
enth week, the ectodermal cells proliferate and form a
layer of squamous epithelium, the periderm, and a basal
germinative layer, which becomes the epidermal stratum
germinativum. The cells of the periderm keratinize con-
tinually and are replaced by cells from the basal layer. The
first signs of hair begin to develop around the ninth week.
At the tenth week, the epidermal and dermal ridges can be
identified with capillaries and sensory nerves ingrowth.
Toenails and fingernails follow in development. By the
eleventh week, cells of the stratum germinativum form an
intermediate layer. Cells in the mesoderm layer begin to
produce collagenous and elastic connective tissue fibers.
By the end of the third month, lanugo hair pierces the
epidermis of the eyebrows, upper lip, and chin. Each pri-
mary mammary bud gives rise to numerous secondary
mammary buds. Canalization is induced by placental sex
hormones. This process continues until birth when 15–20
lactiferous ducts are formed. At the seventeenth week,
epidermal ridges are permanently formed. The epidermal
ridges produce genetically determined grooves on the sur-
face of palms, soles, and digits, known as fingerprints.
Around the twentieth week, sweat glands begin to develop
as a down growth of the epidermal cells into the mesoderm
layer. At the twenty-first week, the periderm disappears
and is replaced by the stratum corneum. Between the
twenty-third and twenty-eighth week, neural crest cells
migrate into the mesoderm and differentiate into melano-
blasts. 40 to 50 days later, these cells migrate to the der-

mal-epidermal junction and differentiate into melanocytes
by forming pigment granules. The terminal part of sweat
glands coil to form the body of the gland. The central cells
of the sweat glands degenerate to form the lumen of the
gland. Later, the peripheral cells of the sweat glands dif-
ferentiate into secretory cells and contractile my-
oepithelial cells. Between the thirty-second and thirty-
sixth week, fingernails reach the fingertips and toenails
reach the toe tips, respectively. Finally, at birth, the multi-
layered skin is there.

Skin is a dynamic organ that undergoes continual
change throughout life. Thickness of skin varies among
anatomic place, age, and sex. This varying thickness is
caused by a difference in the dermal thickness. The thick-
est skin can be found on the palms and soles of the feet
(B1.5 mm thick), whereas the thinnest skin is found on
the eyelids and in the postauricular region (B0.05 mm
thick). Male skin is thicker than female skin. Children
have thin skin, which gradually thickens until the fifth
decade of life. Thinning of the skin is characterized by loss
of elastic fibers, epithelial appendages, and ground sub-
stance from the dermal layer.

3. SKIN’S COMPONENTS AND STRUCTURE

The surface of the skin is comprised of a conglomeration of
dead keratinocytes. Below the surface, two mutually sep-
arate layers exist, the epidermis and dermis, which rest on
a subcutaneous fat layer.

3.1. Epidermis

The epidermis is a stratified keratinized epithelium and
serves as the armor for the body. This layer is relatively
impermeable and self-replacing. These functional quali-
ties are conferred by the epidermis’ principal cell type, the
keratinocyte. Thickness varies from 0.04 mm to 1.6 mm.
Epidermis mainly consists of keratinocytes, which are
specialized epithelial cells responsible for epidermal re-
newal, cohesion, and barrier function. It consist as well of
pigment-containing melanocytes of neural crest origin,
antigen-processing Langerhans cells of bone marrow ori-
gin, epidermal T lymphocytes, pressure-sensing Merkel
cells of neural crest origin colonize the epidermis, and epi-
dermal stem cells, which are best characterized by their
capacity to self-renew and to maintain tissue function for
a long period of time (1,2). Skin stem cells are unipotent,
meaning that they generate a single lineage, or multipo-
tent, meaning that they generate multiple lineages. Skin
stem cells divide infrequently to generate either two
daughter stem cells that are identical to the founding
stem cell (symmetrical division) or a daughter cell identi-
cal to the founding stem cell and a daughter cell with dif-
fering capacity (asymmetrical division) (3). The epidermis
is separated from the dermis by a basement membrane.
The epidermis has no blood vessels and is nourished by
simple diffusion of nutrients from the dermis. The skin’s
capacity to retain water decreases with age, making the
skin more vulnerable to dehydration and wrinkles.

The epidermis displays several layers:
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* Stratum corneum: Cells of this cornified layer are
already dead, keratinized, and eventually they will
slough off.

* Stratum granulosum: Cells in the granule-cell
layer accumulate keratohyalin. The presence of this
layer is diagnostic for keratinized stratified squa-
mous epithelium.

* Stratum spinosum: Cells of the ‘‘prickle-cell’’ layer
are attached to one another by desmosomes and re-
inforced by tonofilaments.

* Stratum basale/stratum germinativum: Cells are
attached to the basement membrane by hemidesmo-
somes.

As the cells move upward, they begin to fill with a
granular substance called keratin, lose water, and flatten.
Their phospholipids change to glycolipids, cholesterol, and
ceramides. Dead cells accumulate on the skin surface.
Ceramides play a vital role in the skin’s water-retaining
capacity after being damaged from aging and sunlight ex-
posure. UV radiation, mainly the wavelengths of 290 to
320 nm (UVB), darkens the skin first by immediate photo-
oxidation of preformed melanin and second over a period
of days by stimulating melanocytes to produce more mel-
anin. UV radiation also thickens the epidermis by induc-
ing keratinocyte proliferation. Variations in racial
pigmentation are not because of differences in melanocyte
numbers, but are because of the number and size of
melanosomes produced. The primary function of the stra-
tum corneum is to retard evaporative water loss from the
aqueous interior. The stratum corneum also defends
against mechanical insults, foreign chemicals, and mi-
cro-organisms.

3.2. Dermis

The dermis contains cellular constituents, which are pri-
marily fibroblasts that produce proteoglycans, reticular,
and papillary compartments. It contains an extracellular
matrix made of collagen, reticulum fibers, elastin, and
glycosaminoglycan crossed by blood vessels, lymphatic
vessels, nerve fibers, and many sensory nerve endings
(e.g., Pacinian corpuscles and tactile corpuscles of Me-
issner, Krause’s end bulbs) in the dermis. The dermis is
highly vascularized and provides nutrients to the epider-
mis and the appendages. The collagen and elastin protein
fibers act as a structural support system for the nerve fi-
bers, hair follicles, blood vessels, and oil and sweat glands
located in this layer, and also provide the skin with
strength and elasticity. UVR exposure will damage the
Langerhans cells enough to reduce the skin’s immune ca-
pacities. With age, these cells also decrease in number,
which is one reason why the elderly have higher potential
rates of skin disease. Cells reproduce by subdivision in the
basal sublayer of epidermis. One cell divides into two cells
that are identical to one another and to the original parent
cell. The older one is pushed upward and the younger one
remains. Collagen fibers and resilient elastic fibers pro-
vide mechanical strength for skin. Lines of tension in the
dermis, called Langer’s lines, affect healing after surgical

incision. Cuts across these lines tend to disintegrate, with
attendant tendency toward scarring, more than do cuts
parallel to Langer’s lines.

Wound healing proceeds in three incorporated dynamic
phases with overlapping time courses. These phases are
clinically distinguished as an inflammatory or exudative
phase for the detachment of deteriorated tissue and for
wound cleansing, a proliferative phase for the develop-
ment of granulation tissue, and a differentiation or regen-
eration phase for maturation, scar formation, and
epithelialization. The distinction between wound healing
by first intention and wound healing by secondary inten-
tion refers, in comparison, to rather quantitative aspects
of wound repair. The best prognosis for successful wound
healing is found with smooth, closely adjoining incision
wounds without substantial tissue loss or presence of for-
eign bodies in well-vascularized regions. In these cases,
healing proceeds by first intention as long as wound in-
fections can be avoided. Wound healing by secondary in-
tention typically occurs in those situations when tissue
defects have to be refilled. Here, the wound surfaces do not
lie closely adjacent to each other. To close this wound, a
granulation tissue must be grown. Wound contraction is
the centripetal movement of wound edges that assists clo-
sure of a wound defect and is maximal 5–15 days after
harm. Contraction results in a decrease in wound size.
The maximal rate of contraction is 0.75 mm/d and counts
on the degree of tissue laxity and figure of the wound.
Loose tissues contract more than tissues with poor laxity,
and square wounds have a tendency to contract more than
circular wounds. Wound contraction counts on the my-
ofibroblast located at the periphery of the wound, its con-
nection to components of the extracellular matrix, and
myofibroblast proliferation. Keloids and hypertrophic
scars are characterized by an accumulation of excess col-
lagen and are distinguished from each other by their look.
Keloids grow beyond the borders of the original wound,
they are characteristically red, raised, rigid, itching, and
painful, and they do not have a tendency to resolve spon-
taneously whereas hypertrophic scars stay within the
limit of the original wound and regress spontaneously.
Hypertrophic scars are generally seen soon after tissue
injury, whereas keloids can form as late as a year after
injury. Hypertrophic scars tend to be associated with a
contracture across a joint surface. Keloids and hypertro-
phic scars differ from normal skin by a rich blood supply
and a thick epidermal layer. Hypertrophic scar formation
occurs only in humans, more common in the younger
adult. The reason for both keloid and hypertrophic scar
formation still remains unknown, but it is known that
they are more common in Afro-Caribbean individuals. Ab-
normalities in cell migration, proliferation, and inflam-
mation and in the synthesis and secretion of extracellular
matrix proteins, cytokines, and remodeling have been as-
sociated with keloid and hypertrophic scar formation. The
recurrence rate of these abnormal scars is high. Surgical
management is reserved for cases that are unresponsive
to conservative management. Pain with any scar move-
ment holds back activity and continued itching leads to
scratching and skin breakdown. The presence of a hyper-
emia indicates that active scar turnover still exists. The
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lack of hyperemia is a good sign that the scar is now ma-
ture and will remain in its present state, although the scar
may relax. The scar often splits with exercise, especially if
it becomes dry. Grafted wounds develop much less hyper-
trophic scarring than the deep dermal burn that heals
spontaneously. Both the contracture scarring process and
the hypertrophic scarring process peak between 3 and 6
months after injury. Between 12 and 18 months, a soften-
ing and flattening of the scar can be seen along with a loss
of scar hyperemia.

4. SKIN PHYSIOLOGY

Skin plays a crucial role in controlling temperature
through direct heat loss from its surface and evaporation
of sweat. Contraction and dilation of the dermal blood
vessels result in vast changes in blood flow. Under the
control of the sympathetic nervous system, arteriovenous
anastomoses shunt blood to the superficial venous plexus
to cause heat loss by convection and radiation. Langer-
hans cells in the epidermis play a major immunologic role.
Langerhans cells express human leukocyte antigen (HLA)
capable of activating the immune system. Skin eliminates
a number of harmful substances resulting from the met-
abolic activities of the intestine and the liver. The skin acts
as an external sensory organ and secretes hormones and
enzymes. The stratum corneum is important in prevent-
ing, among other substances, micro-organisms, water, and
particulate matter from entering the skin. The epidermis
prevents loss of vital body fluids.

The dividing basal cell on average replicates every 200
to 400 h, and the resulting cell takes 2 weeks to differen-
tiate and 2 weeks to be shed. The skin protects internal
tissues from exposure to trauma, temperature extremes,
toxins, and bacteria. Melanocytes are located in the basal
layer. In this location, they produce the pigment melanin
in elongated, membrane-bound organelles known as
melanosomes. Melanin is wrapped up into granules, which
are transferred by phagocytosis to adjacent keratinocytes.
In the inner layers of the epidermis, melanin granules
form a protective cap over the outer part of keratinocyte
nuclei. In the stratum corneum, melanin granules are
uniformly distributed to form a UV-absorbing blanket,
which reduces the amount of radiation penetrating the
skin.

Hair growth is cyclical and has three phases: anagen,
the growing phase; catagen, the resting phase; and lastly
telogen, the shedding phase. Sweat cools the skin by evap-
oration. The minimum daily insensible perspiration is 0.5
l. Maximum daily secretion is 10 l, with a maximum out-
put of 2 l/h. Ideally, the sweat gland produces an isotonic
sweat, which is then modified in the excretory portion of
the duct so that the fluid delivered to the surface of skin
has a pH between 4 and 6.8 and contains Kþ , Naþ , Cl� ,
lactate, ammonia, and amino acids.

5. SKIN ENGINEERING

The need for skin substitutes for the human body was the
driving force to establish a new field in biomedical science.

Surgeons, engineers, and cell biologists now work together
as a team. This field was established using a new tech-
nique that applies principles and methods of engineering
and life science to develop novel artificial and biological
skin substitutes. These substitutes resemble more closely
the normal regional microanatomy and physiology of the
skin. However, skin substitutes are still expensive.

5.1. Clinical Indications

Skin substitutes have a great impact on the treatment of
various clinical problems including venous leg ulcers, di-
abetic foot ulcers, surgical wounds, and posttraumatic
wounds, burned patient, inherited bullous disorders
(e.g., epidermolysis bullosa), connective tissue disorders,
and skin repair after excision of certain birthmarks (e.g.,
large congenital nevi).

5.2. Characteristic Features

The primary goal of tissue-engineered skin is to achieve
complete wound closure and restore normal skin function.
The skin substitute must provide a barrier function to
prevent water loss and infection, and it should contain a
dermis to restore normal skin architecture and avoid scar
contracture. The skin substitutes must be easy to use, du-
rable, and provide adequate cosmesis. The ideal tissue-
engineered skin should be bilayered (both epidermal an-
alogs and dermal analogs are crucial for successful skin
replacement), resistant, and drapable because it must
conform to the body’s contours. The tissue-engineered
skin must be nontoxic and minimally antigenic to reduce
the risk of rejection by the patient. Production and appli-
cation of the tissue-engineered skin must be achieved in a
cost-effective manner because it must be competitive with
the current standard of care. The perfect tissue-engi-
neered skin products should eliminate the need for donor
sites. Successful application should be achieved in a single
surgical procedure. To ensure success, the tissue-engi-
neered skin must be designed to promote rapid rev-
ascularization by stimulating the formation of new blood
vessels (angiogenesis), which is one of the most important
characteristic features.

5.3. Biologic and Synthetic Skin Substitutes

The first recorded use of skin grafting was in the Orient in
1000 BCE where full-thickness skin grafts (epidermis and
dermis) were applied to wounds in a primitive type of cos-
metic surgery (4). Techniques of skin grafts developed over
time. Autologous split-thickness grafts (epidermis and
partial dermis layer) were introduced in Europe in the
last few decades of the nineteenth century. Today, grafting
consists of surgical removal of injured tissue, choosing a
donor site, and harvesting. The graft is removed from the
donor site by the dermatome, an instrument that gently
shaves a piece of skin, about 10/1000 of an inch thick, off
the uninjured area. Finally, the surgeon places and se-
cures the skin graft over the cleaned wound.

Full- or split-thicknesses autologous grafts can be
taken from a variety of donor sites, have low metabolic
requirements, and cover the wound permanently. Full-
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thickness skin grafts are ideal for visible areas of the face
that are inaccessible to local flaps or when local flaps are
not indicated. Full-thickness grafts retain more of the
characteristics of natural skin including texture, color,
and thickness when compared with split-thickness grafts.
Full-thickness grafts also undergo less contraction while
healing. Blister formation and chronic inflammation are
complications with split-thickness grafts, which can toler-
ate less ideal conditions for survival and have a much
broader range of application. They are used to resurface
large wounds, line cavities, resurface mucosal deficits,
close donor sites of flaps, and resurface muscle flaps.

5.3.1. Naturally (Biologically) Occurring Tissues. Amnio-
tic membrane and allografts (allogeneic cadaver skin) pro-
vide temporary wound coverage for full-thickness wounds,
but their use in partial-thickness wounds is not practical.
Natural suppression of the immune system in burn pa-
tients temporarily inhibits rejection of cadaver skin, but
the rejection gradually and irreversibly occurs.

5.3.1.1. Amniotic Membranes. Amniotic membranes
need frequent replacement and need time to procure (5).
They adhere well and vascularize quickly. Difficulties with
obtaining the membranes, preparing, storing, and con-
cerns over transmittable diseases (e.g., human immuno-
deficiency virus, hepatitis) have limited their use.
Although very strict screening occurred, it is still possible
to harvest skin from an HIV-infected sero-negative donor.
Amniotic membranes need to be changed every 2 days and
disintegrate easily. They are not popular nowadays.

5.3.1.2. Allografts. Allografts (allogeneic cadaver skin)
are available in fresh, frozen, or lyophilized forms. The
lyophilized form has a long shelf-life compared with the
other skin-engineered products, but the epidermal layer is
lost. Human cadaver skin is currently the most commonly
used biologic temporary covering for surgically excised
thermal and chemical burns. The foremost drawbacks are
the insufficient supply and the epidermal sloughing.

Human tissue use as a skin substitute was reported in
the mid-nineteenth century but really became popularized
beginning about 1950. Cadaver skin and human amnion
have and continue to be used but not as much as before.

5.3.1.3. Xenografts. Xenografts (tissue from another
species, for example, pigs) are another alternative similar
to human allografts. The disadvantages include rejection
and the possibility of bacterial contamination. Xenografts
are more accessible than allografts but they cannot rev-
ascularize from the wound.

5.3.1.4. Alloderms. Alloderms are chemically treated
cadaver allografts composed of an acellular dermal ma-
trix to remove the risk of rejection and to serve as a bio-
logic scaffold for normal tissue remodeling and an intact
basement membrane. The use of alloderm began in 1992
for burn patients. Alloderm is found to facilitate re-
epithelialization and angiogenesis. Alloderm is freeze-
dried through a patented process that does not damage
the crucial elements of the tissue structure (collagens,

elastin, and proteoglycans) and package. It has a shelf-life
of 2 years.

5.3.2. Culture-Derived Tissues.
5.3.2.1. Cultured Epithelial Autografts (Epicel). In 1975,

Rheinwald and Green described a method of in vitro cul-
tivation of epidermal cells that produced viable keratin-
ocyte sheets (6). By 1979, in vitro prepared cells were
available for human transplant and, in 1988, cultured
epithelial autografts (CEA) became commercially avail-
able as Epicel (Genzyme Tissue Repair Corporation, Cam-
bridge, MA) (7). This product has been used extensively
for burns, leg ulcers, and wounds (8). The use of Epicel is
contraindicated in patients who have a history of previous
hypersensitivity or serious toxic reactions to penicillin,
streptomycin, or gentamicin. This process is expensive,
and can range from $6000 to $10,000 per 1% of the total
body surface area. The Epicel sheets are fragile and
should be handled with extreme care during and after ap-
plication. Healed epithelium can be very fragile and the
skin can be prone to contraction and breakdown. Using
cell culture techniques to grow small samples of patient’s
keratinocytes will increase the surface area up to 10,000-
fold. Epicel requires 2 to 3 weeks time frame of cultivation
before sufficient epithelium is available. This technique
provides permanent wound coverage to large areas with
no risk of rejection, acceptable cosmetic results, and min-
imal regeneration of the dermis. A small skin biopsy must
be obtained from the patient.

5.3.2.2. Cultured Allogeneic Keratinocyte Grafts. These
grafts do not require a biopsy specimen from the patient
(8). However, they will not provide permanent coverage
and are fragile and difficult to handle, making them un-
suitable for treating deep wounds. As with any allogeneic
transplantation, rejection is a big concern. When cells
reach confluence, they are transferred to gauze and either
grafted or cryopreserved (9). The first successful reported
application of allogeneic keratinocytes grafts in burn pa-
tients was in 1983 (10).

5.3.2.3. Apligraf. Apligraf (Organogenesis Inc., Can-
ton, MA), an off-the-shelf living bilayered skin construct,
represents the current state-of-the-art in tissue-engi-
neered skin and offers significant advantages over the
keratinocyte culture grafts (11). Apligraf contains well-
differentiated epidermis and a collagenous dermal layer,
which contains human fibroblasts (12,13). Thus, the need
for a donor site is eliminated. The product was constructed
to look and feel like human skin, but does not contain im-
mune cells, such as lymphocytes, Langerhans cells, me-
lanocytes, and macrophages, or structures, such as hair
follicles, sweat glands, and blood vessels (13). An investi-
gation by Eaglstein et al. evaluated Apligraf in the treat-
ment of surgical wounds caused by the removal of skin
cancers (14). The study consisted of 15 patients with an
80% graft take and showed no rejection or evidence of tox-
icity with Apligraf. Consistent with previous studies, no
signs of rejection were noted. Apligraf appears translucent
and similar in thickness to a split-thickness skin auto-
graft. Apligraf is strong and pliable; it conforms well to the
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irregular wound surfaces (13). It is the only bilayered liv-
ing skin equivalent approved by the FDA for use in the
treatment of venous and diabetic foot ulcers (14). Apligraf
is only available fresh and has a shelf-life of 5 days at room
temperature, it expresses cytokines and growth factors,
and it heals itself when it is cut. Apligraf, although its a
human skin equivalent, would not survive permanently.

5.3.3. Synthetic Skin Substitutes. Adherence to the
wound surface is the most important criteria in these sub-
stitutes.

5.3.3.1. Biobrane. Biobrane is a bilayered skin substi-
tute. The outer epidermal analog constructed is of a sili-
cone film with barrier functions comparable with skin.
Small pores are present in silicone to allow for exudates
removal and permeability to topical antibiotics. Inner der-
mal analog is composed of a 3-D irregular nylon filament
upon which collagen peptides are bonded. Biobrane ad-
heres firmly to the wound until epithelialization occurs. It
has a long shelf-life and is stored at room temperature.

5.3.3.2. TransCyte. TransCyte is a bilayered skin sub-
stitute that must be kept frozen until used. The epidermal
layer is a thin nonporous silicone film with barrier func-
tions. The dermal layer analog consists of multi-layered
human fibroblast products (e.g., collagen type I, fibronec-
tin, and glycosaminoglycans). TransCyte is removed after
re-epithelization. It was discontinued in January 2005.

5.3.3.3. Dermagraft. Dermagraft (Advanced Tissue Sci-
ences, La Jolla, CA) is a living dermal equivalent that
contains allogeneic neonatal fibroblasts on a bioabsorb-
able polyglactin mesh. It is a temporary cover to promote
faster healing in burn patients. The science behind this
product is similar to TransCyte because the fibroblasts
produce a dermal matrix of collagen, proteins, and growth
factors. TransCyte, however, does not consist of a bioab-
sorbable material. Three major production steps exist in
the manufacturing process. First, fibroblasts from human
neonatal foreskin are screened, enzymatically treated,
and either banked or cultured. Allogeneic dermal fibro-
blasts are then seeded onto a bioabsorbable polyglactin
mesh. Last, the cells proliferate and produce dermal col-
lagen, growth factors, glycosaminoglycans, and fibronec-
tin during a 2–3-week period.

5.3.3.4. Integra. Integra consists of dermal analog of a
biodegradable collagen-glycosaminoglycans copolymer
matrix and an epidermal analog that is a thin silicone
elastomer providing environmental barrier protection. Af-
ter neodermis formation, silicone is removed and replaced
with thin epidermal autograft or cultured epithelial cells.
Loss of dermal analog is caused by infection and shearing
with devascularization. It is stored in 70% isopropyl alco-
hol. Before being slowly biodegraded, the product provides
immediate wound coverage, promotes vascularization,
and prepares the wound for skin grafting. Integra has a
higher incidence of infection than normal skin grafts.
Other complications include loss of Integra because of

hematoma and wrinkling of the Integra especially over
the arm and lower leg.

By continually reviewing the options, one can use the
proper material in the adequate situation. As a result of
the limited resources, the need for comparisons of clinical
effectiveness and cost are more important than ever.

6. FUTURE OF SKIN ENGINEERING

Although scientific and technological advances have con-
tributed to the development of skin substitutes, continued
research has the potential to dramatically alter the field of
medicine. Improved anatomy and physiology of engi-
neered skin alternatives will result in substitutes more
similar to native skin autografts. Improvement of skin al-
ternatives will result from inclusion of additional cell
types and from modifications of culture media and scaf-
folds. Skin substitute materials may be able to stimulate
regeneration rather than repair, and tissue-engineered
skin may match the quality of split-skin autografts, the
present gold standard. With the recent advancement of
skin engineering, scientists currently seek a universal
skin product. They aim to achieve unlimited production
of anti-rejection skin. The introduction of specific design
modifications to tissue-engineered skin is important be-
cause the addition of such features will expand the use of
skin products beyond those of healing wounds. For exam-
ple, tissue-engineered skin could be used to treat a variety
of diseases by delivering growth factors or other thera-
peutic agents. Successful steps in this field have already
been taken; it is possible to transfect keratinocytes with
adenoviruses or retroviruses that can carry genes of in-
terest.
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1. INTRODUCTION

The main purpose of breathing is to bring oxygen into the
blood through the lungs and exhale the metabolic products
in the form of carbon dioxide (CO2). Even short cessations
of breathing produce an accumulation of CO2 and a drop
in the blood oxygen level. We spend about one-third of our
lives sleeping and, although we do not control our body
consciously during this time, vital functions such as
breathing need to be precisely regulated in order to
maintain homeostasis.

Diseases affecting the respiratory system are usually
present during the day and the night; however, sleep
apnea/hypopnea syndrome is a disease manifesting only
during sleep. It is defined as a cessation (apnea) or a
reduction of breathing (hypopnea) of 10 seconds or more
during sleep (1). Each of these apneas or hypopneas is
usually terminated when the person awakens for a few
seconds (2). Typically, patients do not remember these
transient awakenings.

There are two general categories of apnea: central and
obstructive. These categories are classified according to
the presence or the absence of respiratory effort. Central
sleep apnea is a result of the absence of nerve impulses
from the brain to the respiratory muscles and therefore
occurs in absence of respiratory effort. Obstructive sleep
apnea is much more common. This condition is caused by
repetitive obstruction of the upper airway (pharynx) dur-
ing sleep. Therefore, respiratory efforts are still present
during apnea and usually increase throughout the apnea.
The individual makes larger and larger respiratory efforts
until they arouse from sleep apnea and reopen their upper
airway so breathing can resume. As will be discussed,
some overlap exists between obstructive and central ap-
nea in both disease presentation (so-called mixed apnea)
and in pathogenesis.

In normal people, such cessations or reductions of
airflow may occur up to a rate of five times per hour.
However, about 4% of middle-aged men and 2% of middle-
aged women have symptoms resulting from an excess of
obstructive respiratory events (3,4). Central sleep apnea
has a much lower prevalence (B4% of sleep apnea pa-
tients have pure central apnea) and may be secondary to
congestive heart failure. Much less is known about central
sleep apnea. When apneas/hypopneas are significant en-
ough to cause daytime sleepiness, the presentation is
called sleep apnea hypopnea syndrome.

Obesity, age, male gender, menopausal status, alcohol,
and smoking are considered to be risk factors for obstruc-
tive sleep apnea. Some of these factors, such as male
gender and age, also increase the risk of developing
central sleep apnea. However, independent risk factors

for central sleep apnea such as congestive heart failure,
which is a major cause of a form of central sleep apnea
known as ‘‘Cheyne Stokes breathing,’’ also exist. The
causes and mechanisms leading to these two kinds of
sleep apnea syndromes are different and are discussed
separately below.

When obstructive apneas or hypopneas are frequent
(415/hour), two main consequences exist:

First, recurrent arousals from sleep (occurring after
each respiratory event) disturb sleep structure,
which leads to daytime sleepiness. People suffering
from sleep apnea/hypopnea syndrome (SAS) have a
compromise in daytime attention and an increased
risk of motor vehicle accidents compared with
matched controls (5).

Second, repeated awakenings and struggling to
breathe induce a stress response and hemodynamic
fluctuations (6). These factors, along with periodic
oxygen drops, have been associated with damage to
the brain and cardiovascular structures: People
suffering from SAS are at a higher risk of developing
arterial hypertension, for example. Hypertension
has been definitively linked to obstructive sleep
apnea based on rigorous mechanistic animal stu-
dies, large-scale human epidemiological studies
(prospective and cross-sectional) (7–9), and, most
recently, human interventional trials (10). Large
longitudinal studies are currently investigating to
what extent SAS is a risk factor for events such as
stoke or myocardial infarction.

The consequences of central sleep apnea are less well
studied, but may be similar to those associated with
obstructive sleep apnea.

SAS are common disorders with important conse-
quences. To minimize the effects of the disorders, patients
with SAS must be identified and treated. To diagnose the
presence of SAS, investigations must be performed during
sleep. In order to detect, count, and categorize (central or
obstructive) respiratory events, one needs to measure
airflow, oxygen level, respiratory efforts, and the sleep/
wake state. This review summarizes the different technol-
ogies used to achieve these goals and the technologies
used for treatment of SAS.

2. PATHOPHYSIOLOGY

2.1. Obstuctive Sleep Apnea (OSA)

As mentioned, the primary problem in obstructive sleep
apnea is the collapse of the upper airway during sleep. The
upper airway may be susceptible to collapse because of
anatomical abnormalities such as a small mandible or,
more commonly, a result of fat deposition around the
airway (in overweight persons). This susceptible anatomy,
when combined with the negative intrapharyngeal pres-
sure during inspiration, tends to promote upper airway
collapse (11). Conversely, activation of the pharyngeal
dilator muscles and increases in lung volume tend to
preserve upper airway patency (12–15). A critical balance
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of forces exists between those tending to collapse the
airway and those dilating it. During wakefulness, phar-
yngeal size remains patent as the collapsing influence of
negative intrapharyngeal pressure is counterbalanced by
the phasic activation of pharyngeal dilator muscles and
the increase in lung volume, which exerts a longitudinal
traction on the trachea. In sleep apnea patients, the forces
tending to dilate the airway are reduced during sleep and
are not sufficient to overcome the collapsing forces. Each of
the factors tending to promote or oppose airway collapse
are discussed in more detail below.

2.1.1. Upper Airway Anatomy. Several studies based on
computed tomography (CT) and on magnetic resonance
imaging (MRI) during wakefulness have reported reduced
upper airway size in patients with obstructive sleep apnea
compared with age- and weight-matched controls (16,17).
To determine the effect of anatomy without the effect of
pharyngeal dilator muscles, some investigators have as-
sessed pharyngeal airway size under paralysed, anesthe-
sized conditions (18). With endoscopic techniques, they
recorded a smaller pharyngeal airway and increased air-
way collapsibility in patients with obstructive apnea,
compared with controls, on the basis of anatomical factors
alone. These data suggest that the pharyngeal airway of
the OSA patient tends to close on a biomechanical basis,
independent of the influences of muscle activity. Conver-
sely, controls without sleep apnea tend to maintain upper
airway patency under these conditions. Thus, patients
with obstructive sleep apnea OSA clearly have smaller
and more collapsible upper airways compared with control
subjects.

2.1.2. Upper Airway Dilator Muscles and Lung Volu-
me. The upper airway (Fig. 1) requires more than 20
muscles to achieve its different tasks (breathing, speech,
swallowing, etc). The hypoglossal motor system, which
controls the genioglossus muscle (an important pharyn-
geal dilator muscle of the tongue), is the largest and best-
studied airway dilator muscle and can be affected by many
variables. Such variables include behavioral (cortical)
events, respiratory pattern-generating neurons (rhythmic
breathing), peripheral and central O2 and CO2 receptors,
neurochemical systems (cholinergic, adrenergic, seroto-

nergic, histaminergic, orexinergic), a changing state
(sleep/wake), and input from local mechanoreceptors pre-
sent in the upper airway. Thus, hypoglossal neural activ-
ity, and thereby genioglossal activation, can be precisely
modulated to meet the physical demands of the upper
airway. Other motor systems, such as the mandibular
branch of the trigeminal nerve, also have a role in
regulating pharyngeal patency.

During wakefulness, pharyngeal patency is carefully
protected by these pharyngeal dilator muscles. Negative
airway pressure (collapsing pressure) occurring during
inspiration is probably the most important local stimulus
to their activation (19–21). As a result of their compro-
mised pharyngeal anatomy, patients with obstructive
sleep apnea have higher upper airway dilator muscle
activation during wakefulness in order to stabilize their
smaller and more collapsible airway such that they main-
tain pharyngeal patency. With a quantitative electromyo-
graphic technique (referenced to the percentage of
maximum activity), a substantially greater genioglossal
activation was recorded during wakefulness in patients
with sleep apnea than in healthy controls. This increase in
genioglossus muscle activity occurs not only during in-
spiration (phasic) but the basal, noninspiratory (tonic)
activity is also greater in sleep apnea patients (22).
Thus, protective reflex mechanisms exist that allow the
patient to maintain pharyngeal patency during wakeful-
ness despite anatomical compromise.

If an increase in upper airway dilator muscle activity
can prevent pharyngeal collapse, then why do these
patients have apnea during sleep? This state effect is
probably mediated by a loss of neuromuscular reflexes
during sleep: The ability of the pharyngeal muscle to
respond to negative pressure is substantially attenuated
during sleep, even in healthy people (23,24). As a result of
their compromised upper airway anatomy and their de-
pendence on pharyngeal dilator muscle activity to pre-
serve pharyngeal patency, patients with obstructive sleep
apnea develop upper airway obstruction when sleep at-
tenuates these protective neuromuscular reflexes.

Despite the importance of pharyngeal dilator muscles
in the pathogenesis of OSA (obstructive sleep apnea),
other variables are also important: Sleep-induced decre-
ments in lung volume can lead to important reductions in
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Figure 1. Magnetic resonance image (MRI) of
a normal subject.
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longitudinal traction on the upper airway, yielding an
increasingly collapsible pharynx (13–15). Some indivi-
duals may be quite dependent on this mechanism to
maintain upper airway patency while awake and lose it
during sleep. Some have targeted lung volume therapeu-
tically by attempting to maintain lung volume at the onset
of sleep and thus preserve pharyngeal patency (25). As
yet, no convincing data exists that this technique is
effective; but ongoing efforts may prove fruitful.

If airway neuromuscular reflexes and lung volume are
constantly decreased during sleep, then why are there
periods during which patients with obstructive sleep
apnea breathe normally and periods during which we
observe repetitive upper airway obstructions? It appears
unlikely that the upper airway anatomy would change
substantially during the night. However, it is possible that
the upper airway dilator muscles or lung volume may
change throughout the night such that they can counter-
balance the collapsing forces at some times during sleep.
Currently, it is unclear which of these mechanisms are
responsible for the ability of sleep apnea patients to have
some periods of sleep free of apneas or hypopneas.

2.1.3. Respiratory Control. Increasing evidence exists
that the stability of breathing patterns may also play a
role in OSA. Loop gain describes the propensity of a
feedback control system to oscillate (become unstable) on
the basis of its intrinsic proprieties. In the case of breath-
ing, a high-loop gain describes a propensity for marked
fluctuations in breathing, whereas a low-loop gain implies
relatively stable breathing. For the respiratory control
system, extending the circulation time for blood leaving
the lung to reach the receptors that detect CO2 and O2,
reducing lung volumes and raising ventilatory drive (re-
sponsiveness to hypoxia, hypercapnia, or both) tend to
destabilize the system and thus increase loop gain.
Although a cause-and-effect relationship has not been
clearly established, unstable ventilatory control may con-
tribute to sleep-disordered breathing in some patients.
Given that the upper airway dilator muscles are partially
controlled by the output from the central respiratory
pattern generator, unstable central respiratory drive
would also lead to variable activity of pharyngeal dilator
muscles. Those patients who are anatomically susceptible
to collapse would tend to experience it when upper airway
muscle activity is at its nadir, which is consistent with
what is observed clinically where upper airway obstruc-
tion typically occurs during periods of low respiratory
drive. Thus, ventilatory control instability may be me-
chanistically important in obstructive sleep apnea patho-
genesis, at least in some patients.

2.1.4. Arousal from Sleep. An arousal from sleep
usually accompanies the termination of each apnea or
hypopnea by the re-establishment of pharyngeal patency
(26). The pharyngeal dilator muscles can increase their
activity during the course of the apnea; despite this, an
arousal is generally required to re-establish airway pa-
tency, which may speak to the importance of lung volume,
which continues to fall during the apnea. However, it may
also reflect that the pressure required to open the closed

airway is higher than the pressure at which the airway
collapses. Thus, the airway dilator muscles may simply
not be capable of reopening the closed airway. This effect
may be related to surface tension forces acting in the
airway. However, what is known is that arousals from
sleep are common as the patient re-establishes airway
patency. The precise stimulus to arousal is still debated,
but most investigators suggest a combination of increas-
ing respiratory efforts in association with hypoxemia or
hypercapnia as the cause (27). Following arousal, the
patient hyperventilates to return blood O2 and CO2 levels
to normal. Arousal may, however, promote further upper
airway obstruction because if the hyperventilation follow-
ing arousal is excessive, then hypoventilation will occur on
return to sleep, and as previously mentioned, upper air-
way collapse is more likely during hypoventilation. The
role of arousal in sleep apnea pathophysiology is still
unclear but currently under investigation by several
groups. The fact that most apnea patients have some
periods of stable breathing during sleep speaks to the
ability of the various mechanisms (e.g., pharyngeal dilator
muscle activity, lung volume, respiratory control stability,
or changing arousal threshold) to compensate for impaired
anatomy at some time such that pharyngeal patency is
preserved (28).

2.2. Central Sleep Apnea (CSA)

CSA with a high level of blood carbon dioxide (CO2): If the
respiratory drive is reduced, this will become even more
marked during sleep, and a reduction in breathing will
occur. These patients will have prolonged hypoventilation
during both wakefulness and sleep and may lead to
apneas or hypopneas, which is called hypercapnic CSA.
The central feature here is the reduction in ventilation
associated with sleep; the complete cessation of airflow
being a particularly severe phenomenon. An abnormal
increase in blood CO2 during sleep is a consequence of
hypoventilation. The oxygen desaturation episodes may
thus be prolonged (up to several minutes).

There are several forms of CSA with normal or low
blood CO2 levels. These are ‘‘idiopathic’’ CSA, Cheyne–
Stokes respiration, and high-altitude sleep apnea. Idio-
pathic CSA is a relatively uncommon condition in which
subjects have an increased ventilatory response to CO2

and thus hyperventilate. The resultant partial pressure of
carbon dioxide (pCO2) is thus closer to the level at which
breathing stops during sleep. Cheyne–Stokes breathing is
typically associated with congestive heart failure and is
characterized by marked fluctuations in the breathing
amplitude. Breathing alternates between periods of pro-
gressive hyperventilation and periods of hypoventilation
in a characteristic crescendo-decrescendo pattern. Central
apneas often occur during the nadir of breathing. Periodic
breathing at a high altitude can be considered as a normal
physiological response to the lack of oxygen but may lead
to sleep apnea. However, these events may have detri-
mental pathophysiological consequences (29). Several re-
view articles exist explaining with more detail the
mechanisms underlying each of these CSA types (30,31).
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3. CONSEQUENCES

3.1. Obstructive Sleep Apnea

3.1.1. Acute consequences. The frequent arousals from
sleep interrupt sleep and prevent patients with sleep
apnea from reaching deep sleep stages, making them
sleepy during the day. As mentioned in the introduction,
an increase in car accidents in this population exists
compared with matched controls (5,32). Other well-estab-
lished neurocognitive consequences of recurrent arousals
also exist, such as reduced performance in neuropsycho-
logical tests, lengthened reaction times, reduced creativ-
ity, and decreased quality of life (33). Furthermore, results
of randomized controlled trials have recently shown a
substantial improvement in cognitive performance after
treatment with continuous positive airway pressure
(CPAP) delivered nasally (34–36).

Acute consequences of sleep-disordered breathing also
occur on the cardiovascular system. Many mechanisms
probably contribute to the hemodynamic response to ob-
structive apnea. Reductions or cessations in breathing can
be associated with large reductions in the partial arterial
pressure of oxygen (PaO2), increase in partial arterial
pressure of carbon dioxide (PaCO2), and increase in
sympathetic activity. In addition, ongoing respiratory
effort during pharyngeal collapse can lead to a substantial
decrease (i.e., more negative) in intrathoracic pressure.
Negative intrathoracic pressure contributes to increases
in cardiac preload and left ventricular afterload. Left
ventricular afterload can be considered from the stand-
point of the Law of Laplace, with venctricular wall stress
(or wall tension) being determined by left ventricular
transmural pressure, the radius of curvature of the ven-
tricle, and (inversely related to) left ventricular wall
thickness. During obstructive apneas, the increase in
preload increases the radius of curvature of the ventricle,
contributing to increased left ventricular afterload. Simi-
larly, the fall (more negative) in extra-cardiac pressure
(intrathoracic pressure or cardiac surface pressure) leads
to an increased left ventricular transmural pressure and
thus a higher left ventricular afterload. At the termina-
tion of an apnea, increased stroke volume (augmented
preload) in the setting of a vasoconstricted circulation
(from sympathetic activation) (6,37) can lead to profound
surges in systemic blood pressure during the night. Eleva-
tions in pulmonary artery pressure have been reported as
well (38), presumably as a result of the hypoxemia,
hypercapnia, acidosis, and catecholamine surges, all of
which contribute to pulmonary vasoconstriction.

3.1.2. Chronic Consequences. Until recently, consider-
able controversy had existed regarding the issue of the
link between sleep apnea and hypertension. Some authors
had argued that sleep apnea was an epiphenomenon, with
the high prevalence of hypertension being attributable to
common risk factors, such as obesity, hypertension, male
gender, etc. (39). More recently, several large-scale epide-
miologic studies have definitively linked sleep apnea with
systemic hypertension in middle aged and older people,
controlling for all relevant confounding variables (9,10).

Moreover, a large prospective study (the Wisconsin Sleep
Cohort Study) has clearly demonstrated that even people
with only two or three respiratory events per hour (tradi-
tionally considered normal) are at higher risk to develop
hypertension over the next four years than controls with
no events (7). The treatment of sleep apnea with nasal
CPAP has also been shown to be effective in lowering blood
pressure, especially in severe sleep apnea patients with
hypertension (10,40,41).

Animal studies have demonstrated that intermittent
repeated hypoxemic episodes during the night can induce
sustained pulmonary hypertension in mice (42). In hu-
mans, the prevalence of pulmonary hypertension is in-
creased among sleep apnea patients (43). One recent
paper has shown mild to moderate pulmonary hyperten-
sion in sleep apnea patients with otherwise normal cardi-
opulmonary status (44). An Australian study has recently
shown that CPAP can reduce daytime pulmonary hyper-
tension into the normal range (45). However, a causal
relationship between sleep apnea and pulmonary hyper-
tension remains controversial.

In patients with severe pulmonary hypertension and
right ventricular dysfunction, sleep apnea probably plays
a contributory role in adding to parenchymal lung disease
or other daytime blood gas abnormalities. In other words,
severe pulmonary hypertension should not be attributed
to sleep apnea alone.

The occurrence of myocardial infarction and cerebro-
vascular accidents could be increased in sleep apnea
patients because of the combination of oxygen drops,
sustained sympathetic excitation, reduced parasympa-
thetic tone, release of endothelin 1 (46) and increase in
blood-clotting factors (47). Although cross-sectional stu-
dies do support some association between sleep apnea and
myocardial infarction, stroke, and congestive heart failure
(48), we will have to wait for the results of some large
ongoing epidemiologic studies to know the exact impor-
tance of sleep apnea in these disease states.

3.2. Central Sleep Apnea

Consequences of central apneas share common features
with those of OSA. This concerns changes in blood gases
and also cathecholamine (stress hormone) secretion,
which may accompany arterial oxygen destruction and
sleep fragmentation. CSA has also been shown to induce
daytime sleepiness (49).

Hemodynamic consequences of CSA are less well es-
tablished than their obstructive counterparts. However,
experiments in dogs in which both central and obstructive
apneas were experimentally induced, the effects of CSA on
heart rate were proportionally greater than obstructive
apneas induced (50). During Cheyne–Stokes breathing,
cerebral blood flow has also been shown to oscillate in
phase with ventilation (51), with possible consequences in
patients with compromised cerebral blood flow supply.
Chronic consequences of CSA have not been extensively
studied, but some authors have reported poor outcomes
among patients with heart failure and Cheyne–Stokes
breathing (CSB) compared with those without CSB (52).
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4. DIAGNOSIS

An apnea, defined as cessation of airflow for at least 10
seconds, is classified as obstructive or central on the basis
of the presence or absence of respiratory effort. A hypop-
nea is a substantial reduction in airflow (450%), moder-
ate reduction in airflow (o50%) with blood oxygen
desaturation (43%), or moderate reduction in airflow
(o50%) with electroencephalographic evidence of arousal.
In order to detect, count, and categorize (central or ob-
structive) respiratory events, airflow, oxygen level, and
respiratory efforts during sleep are typically measured.
The apnea hypopnea index (apneas plus hypopneas per
hour of sleep—AHI) has been a controversial metric for
the severity of sleep-disordered breathing, because its
correlation to OSA complications has been modest at best.

A frequently used strategy for diagnosis of obstructive
sleep apnea is overnight polysomnography in a sleep
laboratory (Fig. 2), which generally incorporates the re-
cording of airflow, pulse oximetry, snoring (microphone),
chest and abdominal movements, electroencephalography,
electrooculogram, and chin electromyogram. Portable de-
vices are also used to diagnose sleep apnea, which can be
used for outpatients. Three different types of portable
recording devices have been defined:

Comprehensive portable polysomnography: These de-
vices incorporate a minimum of seven channels,
including EEG, electrooculogram, chin electromyo-
gram, electrocardiogram or heart rate, airflow, re-
spiratory effort, and oxygen saturation. This type of
monitor allows for sleep staging and, therefore, for
the calculation of an AHI.

Modified portable sleep apnea testing: This type of
device incorporates a minimum of four monitor
channels, including ventilation or airflow (at least

two channels of respiratory movement, or respira-
tory movement and airflow) heart rate or ECG, and
oxygen saturation.

Continuous single or dual bioparameters: These moni-
tors usually measure a single parameter or two
parameters, for example, oxygen saturation or air-
flow.

These portable devices are more convenient but less
precise than full polysomnography (53). Supervised in-
laboratory polysomnography remains the gold standard
for the diagnosis of sleep apnea; however, the use of
portable devices to diagnose sleep apnea may increase in
the future for economical reasons.

Different methods can be used to record each of the
parameters required to diagnose sleep apnea hypopnea
syndrome:

4.1. Methods to Detect Airflow

4.1.1. Pneumotachography. Although pneumotachogra-
phy is the gold standard method for measuring flow, it is
not used in routine diagnostic studies because it requires
the application of a sealed mask to the patient during
sleep, which is somewhat impractical. It is, however, used
in sleep research applications when a precise measure-
ment of airflow is required.

Different types of pneumotachographs exist based on
different physical principles such as ultrasonic flowmeters
and hot wire anemometers, but the most widely used is
the differential pressure airflow transducer; in this latter
technique, airflow is directed through a cylinder; before
exiting the cylinder, air passes through a small resistive
field, usually small parallel tubes or a grill that promotes
laminar flow. When flow is laminar, a linear relation exists
between flow and the pressure differences.

Channels

EEG

EEG

EOG

EOG

EMG (chin)

EKG

Microphone

Thermistor

Nasal pressure
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Figure 2. Example of a polysomnographic
recording showing an obstructive sleep ap-
nea. Note the arousal at the end of the apnea.
Arrows point at the paradoxical movements
of the thorax and abdomen (discussed in
‘‘Methods to detect changes in lung volume’’
section).
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However, because the pressure/flow relationship is
altered by changes in gas density, viscosity, or tempera-
ture, the calibration should be performed when the pneu-
motachograph is heated (in order to prevent condensation
in the resistive element). The flow signal may be inte-
grated electronically or digitally to obtain volume. Some
new positive-pressure treatment devices have a built-in
pneumotachograph.

4.1.2. Thermistor. A large temperature difference
usually exists between air coming from the respiratory
system (body temperature) and air going into the respira-
tory system (atmospheric). A thermistor measures tem-
perature in front of the nose and mouth in order to detect
expiration and inspiration. It is simply made of a ther-
mally sensitive resistor supplied with a low constant
current. Expired airflow heats the sensor, increasing its
resistance, and inspiratory airflow cools the sensor to
ambient temperature, resulting in a relative decrease in
resistance. The use of a low current is important to reduce
the tendency of the thermistor to heat itself. Care must be
taken to ensure that the operating temperature of the
thermistor is below body temperature (it should not be in
contact with the skin), otherwise expiratory airflow may
not always be detected. Conversely, an unheated thermis-
tor cannot accurately differentiate prolonged inspiratory
activity from a respiratory pause. The thermistor is
relatively insensitive to subtle fluctuations in inspiratory
airflow.

4.1.3. Nasal Airway Pressure. A negative airway pres-
sure exists during inspiration and a positive airway
pressure exists during expiration. Measurement of these
pressure changes in the nasal airway has been shown to
resemble the signal obtained with a pneumotachograph
(54). Breathing flow can be assessed by nasal prongs
connected to a pressure transducer. Airflow limitation is
suggested when a plateau is present on pressure trace
during inspiration. Signal conditioning is important: To
obtain an optimal signal, the transducer should be con-
nected to a DC amplifier with a low-pass filter with a cutoff
frequency greater than 10 Hz. The sampling rate should
be high enough (e.g., greater than 30 Hz) to detect the
details of the flow signal, particularly during flow limita-
tion. The offset of the transducer signal should be adjusted
so that zero signal corresponds to no flow.

Although a (quadratic) relationship exists between
actual flow and nasal pressure, the scale factor in this
relationship critically depends on geometric characteris-
tics such as the position of the prongs inside the nostrils
and the size of the patient’s nostrils. As the position of the
prongs may vary throughout the night, it is not possible to
reliably calibrate the signal in flow, which, however, is of
minor importance because the main aim is to detect
changes in the breathing pattern (and not to measure
absolute minute ventilation during the night).

The nasal pressure signal appears to be much more
sensitive in the detection of subtle flow limitation than the
thermistor (55,56). What remains unclear, however, is if
the specificity of this device is also better. Some have
questioned whether these subtle events detected only by

measurement of nasal pressure are clinically important.
Further work is clearly needed to assess if these subtle
events contribute to daytime consequences of SAS.

As mentioned above, the relationship between nasal
pressure and the actual airflow is nonlinear but quadratic;
therefore, some authors have proposed to use the square
root of the nasal pressure signal to provide a more linear
estimate of actual airflow (57). However, other investiga-
tors found that the square root linearization of the signal
does not improve inter/intrarater agreement for the detec-
tion of apnea or hypopnea and suggest, therefore, that it is
unnecessary in routine clinical practice (58,59).

Sources of misinterpretation of the nasal pressure
signal also exist, such as mouth breathing, occlusion of
the prongs by nasal secretions, or displacement of nasal
prongs outside the nostrils. Therefore, a combination of
oronasal thermistors in addition to nasal prongs is some-
times used in order to avoid potential misinterpretation of
the signal. Nasal pressure is also relatively insensitive to
distinguishing apneas from hypopneas. As the clinical
consequences of these events are similar, it remains
unclear whether this distinction is clinically important.
For research purposes, pneumotachometry, thermistor, or
end-tidal CO2 is recommended to distinguish apneas from
hypopneas.

4.1.4. Expired Carbon Dioxide Sensing. CO2 produced by
human metabolism is excreted through the lungs. Atmo-
spheric air, on the other hand, is relatively devoid of
carbon dioxide. Therefore, the air leaving the lungs has
a much higher concentration of CO2 than ambient air.
Thus, simply measuring CO2 in front of the mouth and
nose with an infrared analyzer can detect expiration.
During the early phase of expiration, the catheter sam-
pling contains a mixture of room air and expired air. At
the end of an expiration, however, the sampling should
reflect primarily alveolar concentration of CO2 (indicating
that true pCO2 is even higher). Therefore, an elevated end
expiratory CO2 pressure should suggest hypoventilation.
Thermistor and nasal pressure do not give this kind of
information. We generally recommend a confirmatory
arterial blood gas measurement for the diagnosis of hypo-
ventilation.

4.2. Monitoring Blood Gas Changes

As a result of its low sampling rate and its invasiveness,
an arterial catheter would be inappropriate to monitor
rapid changes in blood oxygen caused by sleep-disordered
breathing. This technique is therefore never used in
routine diagnostic procedures. However, two noninvasive
techniques allowing a continuous monitoring of the oxy-
gen saturation of arterial blood exist:

4.2.1. Pulse Oximetry. This technique uses spectropho-
toelectrical principles to determine oxygen saturation of
arterial blood (SaO2). A two-wavelength light transmitter
is placed on one side and a receiver is placed on the other
side of a pulsating arterial vascular bed (finger, ear, etc.).
The magnitude of the change in arterial pulse, the wave-
length transmitted through the arterial vascular bed, and
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the oxygen saturation of hemoglobin influence the ampli-
tude of light detected by the receiver. This device is
sensitive to pulsating blood vessels, which prevents it
from measuring oxygen saturation from other tissues. It
also measures heart rate.

Many different manufacturers of such devices exist,
which differ from one another by their sampling frequency
and their averaging rate. Some take several readings and
average them over 3–12 sec. An averaging rate of 3 sec
(fast setting) results in 90 samples in an oximeter with 30
samples/sec moving time as opposed to 360 samples for an
averaging rate of 12 sec (slow setting). The average value
per time is then plotted every 1/3 sec for the fast setting as
opposed to every 4/3 sec for the slow setting. The desatura-
tion indices captured are thus likely to be more accurate
with the fast setting, which has been confirmed in a
clinical study (60). Others report values at frequencies
up to 10 Hz (61). Some authors have used automated
analysis of oxygen saturation. A study compared auto-
mated analysis algorithm based on dips and recovery of
oxygen saturation with polysomnography and showed
high correlation (R ¼ 0.97), good sensitivity (98%), and
specificity (88%) (62). A recent study (63) compared home
oximetry with laboratory polysomnography in children.
Desaturation index agreed poorly with AHI, and the
authors concluded that oximetry alone is not adequate
for identifying OSA in otherwise healthy children. In
other studies (64,65) more than 90% sensitivity and
specificity have been reported, which represents a chan-
ging area, as the data are quite mixed. Some authors
believe that, with improvements in oximetry technology,
adequate sensitivity and specificity will be obtainable.
However, until the technology improves, overnight in-
laboratory polysomnography remains the gold standard
diagnostic technique.

4.2.2. Transcutaneous CO2. Although a transient rise
in carbon blood level is induced by each apnea, the
estimation of the pCO2 in the arterial blood is not routi-
nely used in sleep studies. However, when a chronic
hypoventilation is suspected, this measurement is re-
quired.

The reference method for monitoring CO2 remains
arterial blood gas sampling, but it requires an invasive
procedure and provides only intermittent estimates of
what is frequently a continuous changing value. The
most common technique to noninvasively monitor pCO2

is end tidal measurement (described above). However,
sampling errors and patient-related issues (ventilation
perfusion mismatch, patient positioning, or decrease in
pulmonary blood flow) may influence the accuracy of this
method.

Transcutaneous carbon dioxide (TcCO2) measurement
provides a continuous noninvasive estimation of pCO2. It
consists of an electrode applied on the skin (forearm or
subclavian area). TcCO2 measurement requires dilatation
of the local vasculature in the upper dermis, which is
achieved by heating it to 43–45 degrees Celcius. To avoid
skin burns, the electrode location is usually changed every
2–4 hours. However, some authors report no skin damage

with an electrode placed at the same location for 8 hours
(at 43 degrees) (66).

As the accuracy of this technique depends on the
oxygen flux through the skin and diffusion barrier of the
skin, this measurement was initially used in neonates
whose skin is thin, but it has now been shown reliable in
adults as well.

4.3. Methods to Detect Respiratory Effort and Changes in
Lung Volume

The detection of changes in respiratory effort/lung volume
is important to determine the apnea type: In CSAs there
will not be any thoracic or abdominal movements, whereas
in obstructive sleep apnea, paradoxical rib movements can
be detected with abdominal and rib cage motion changing
in opposite directions, which occurs because, during ob-
structed respiratory movements, the diaphragm contracts
and increases the abdominal volume, which creates a
negative intrathoracic pressure; but the upper airway is
occluded, and thus rather than resulting in air entering
the lungs, the thoracic volume is reduced. Strain gauges
are the most common devices for diagnostic purposes, but
other techniques such as inductance plethysmography,
impedance pneumography, magnetometers, or pneumota-
chography are also available (mainly for research pur-
poses).

4.3.1. Strain Gauges. A strain gauge consists of a sealed
elastic tube filled with an electrical conductor, such as
mercury, through which an electric current is passed.
Stretching the strain gauge changes the length and area
of the fixed volume conductor, resulting in proportional
increases in resistance. Current varies inversely to the
length of the gauge and cross-sectional area of the mer-
cury column, thereby becoming an index of gauge length.
Conversely, when the length is constant, current and
resistance are constant.

In clinical settings, only qualitative signals are re-
quired to determine the type of apnea (whether respira-
tory efforts are present or not). However, when calibrated
against an independent volume-measuring system, strain
gauges can also allow measurement of dynamic volume
changes (67). The number of gauges may vary depending
on the application: For diagnostic procedures such as
polysomnography, one or two strain gauges (abdominal
or thoracic) are usually used to characterize sleep apnea;
but when more exact volume measurements are required,
more gauges may be used.

The optimal working range of a mercury-filled gauge is
narrow. An understretched gauge may not produce a
measurable change in resistance with change in its
length. An overstretched gauge produces a constant high
level of resistance. It is therefore suggested that an
unstretched gauge, if placed circumferentially, should be
at least 20% smaller than the circumference of the torso.

Piezoelectric movement sensors or transducers made
with piezoelectric wires can also be used for recording
chest movements. The recording of respiration shows
highly similar curves with both methods (68).
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4.3.2. Inductance Plethysmography. Inductance is the
propriety of electrical conductors characterized by the
opposition to a change of current flow in the conductor.
Transducers consisting of an insulated wire sewn into the
shape of a horizontally oriented sinusoid onto an elasti-
cized band are placed around the rib cage and abdomen.
Respiratory efforts (against an occluded airway) and
changes in lung volume alter the cross-sectional areas of
the rib cage and abdomen with a proportional change in
the diameter of each transducer. These changes directly
affect the self-inductance of the transducer.

4.3.3. Impedance Pneumography. The conductor used
for impedance pneumography is the thorax. Impedance
is measured by applying a small current across the thorax
with a pair of electrodes placed at the site of maximal
thoracic excursion. The thorax is composed of conductive
(blood, tissues, interstitial fluids) and nonconductive (air)
elements. Changes in transthoracic impedance are related
to variations in the amount of conductive and nonconduc-
tive materials between the electrodes.

Unlike strain gauges, a precise measurement of re-
spiratory volume cannot be determined with this techni-
que because variations in pulmonary blood volume may
change independently from lung volume. Moreover, elec-
trical interferences caused by other electrical devices may
affect the signal.

4.3.4. Magnetometers. The magnetometer technique
consists of two pairs of magnetometer coils placed ante-
riorally on the sternum and just above the umbilicus, and
posteriorally over the spine at the same horizontal level,
with the coils horizontal and parallel to each other. A weak
oscillatory magnetic field is used to measure the distance
between pairs of sensor pads. The special accuracy is on
the order of 0.1 mm (for distances up to 300 mm). After
calibration, this technique can be used to precisely moni-
tor dynamic lung volume changes (69). This technique
likely represents the gold standard measurement for
changing lung volumes in the research setting.

A CSA is usually diagnosed by the absence of thoracic
and abdominal movement reflecting the absence of re-
spiratory efforts. However, very subtle respiratory effort
changes can be missed by these indirect techniques.
Therefore, a measurement of the esophageal pressure
(reflecting pleural pressure) or respiratory muscle electro-
myogram is sometimes used as a more precise index of
respiratory efforts.

4.3.5. Esophageal Pressure. An inspiratory effort in-
duces a proportional negative esophageal pressure, which
resolves at the end of inspiration. Esophageal balloons can
be used to measure esophageal pressure during sleep, but
they can be poorly tolerated by patients. Newer catheter-
tip piezoelectric transducers are much easier to use. These
techniques are sometime used to document the absence of
respiratory efforts in CSA or to diagnose upper airway
resistance syndrome. This syndrome is characterized by
episodes of progressive negative intrathoracic pressure
ending usually with an arousal.

4.3.6. Respiratory Muscle Electromyography. Recording
the electrical activity of respiratory muscle with electro-
des placed in an intercostals space can be used as an
indirect measure of effort. However, this technique is not
quantitative and electrical interferences with other re-
cording devices may exist. The technique of surface re-
cording of diaphragmatic EMG is particularly problematic
in the obese patient, and thus is problematic in the clinical
sleep laboratory population (70).

4.4. Methods Used to Monitor Sleep

4.4.1. Electroencephalography. Electroencephalogra-
phy (EEG) is the recording of the electrical activity of the
brain. EEG, in conjunction with electrooculography (EOG)
and submentalis electromyography, is used to determine
sleep stages and sleep depth. The frequency and the
amplitude of electrical waves (classified as Beta, Alpha,
Theta, and Delta) are the main criteria used to define the
different sleep stages.

Electrodes are placed on very specific locations at the
surface of the skull. Unlike the EEG technique used to
detect neurological diseases such as epilepsy, only one to
four skull electrodes are usually used to score sleep stages.
The most common electrodes are left (C3) and right (C4)
central and left (O1) and right (O2) occipital referenced to
an indifferent electrode placed on the contralateral mas-
toid (bone located under the ear lobe) or on the ear lobe.
These electrodes are called A1 (left ear) or A2 (right ear).
C3/A2, C4/A1, O1/A2, and O2/A1 are the most common
derivations.

4.4.2. Electrooculography. The rapid eye movement
(REM) sleep stage (or ‘‘dream sleep’’) is defined by a
characteristic brain electrical activity but also, as sug-
gested by its name, by rapid eyes movements. Moreover,
slow-rolling eye movements are frequently recorded dur-
ing the transition between wakefulness and sleep. There-
fore, EOG recording is essential to monitor sleep stages.
The EOG recording is based on the small electro-potential
difference from the front (cornea) to the back (retina) of
the eye. Movements of the eye ball (globe) can therefore be
recorded by electrodes placed beside the eyes. The electro-
des should be placed slightly above and slightly below the
horizontal plane in order to detect horizontal and vertical
eye movements.

4.4.3. Electromyogram. The electromyogram (EMG) of
a muscle beneath the chin is used in standard polysomno-
graphy (submentalis). Two or three electrodes are usually
placed beneath the chin to record muscle activity. A
decrease in muscle activity is one of the criteria used to
score REM sleep. Other muscles can also be recorded:
Intercostals (respiratory muscle) to assess respiratory
efforts, masseter (cheek) muscle to detect bruxism (teeth
grinding), or anterior tibialis muscle to detect periodic leg
movements during sleep.

4.4.4. Electrocardiogram. A standard recording of heart
electrical activity is common during polysomnography
because sleep apnea may induce an irregular, slow (bra-
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dycardia), or rapid (tachycardia) heart rhythm. This re-
cording requires at least three electrodes placed on the
chest skin around the heart. Arousals from sleep of any
cause are frequently associated with a burst of tachycar-
dia. In addition, the concept of subcortical arousals has
been introduced in which individuals may experience
tachycardia without evidence of arousal based on the
standard cortical EEG. Although controversial, some stu-
dies suggest that these subcortical arousals may contri-
bute to daytime sleepiness. Thus, EKG can be useful in
judging arousals that do not meet standard EEG criteria.

EKG can also be used for heart rate variability analy-
sis. Considerable research has been done in this area,
including frequency power spectral analysis, temporal
analysis, long-term trend analysis, etc.

Sleep apnea is accompanied by a characteristic cyclic
variation in heart rate or other changes in the waveform of
the ECG. A method for the detection of obstructive apnea
using automatic processing of the ECG has been tested
with interesting results (71,72). The method screens
nighttime single-lead ECG recordings for the presence of
cyclic variations suggestive of repeated autonomic varia-
tion resulting from apnea or hypopnea. If, in the future,
this technique is proven to be reliable (compared with
polysomnography), it could be an easy and inexpensive
way to screen SAS.

4.4.5. Systemic Arterial Blood Pressure Measurement
During the Night. A device consisting of a miniature cuff
that fits the finger (Portapres) can be used to continuously
monitor systemic blood pressure during sleep. It can be
used for prolonged periods because the measurements are
obtained alternately from adjacent fingers, minimizing
the risk of injury to the digits. Automatic self-inflating
arm cuff sphygmomanometer cannot be used during sleep
because the patient may arouse when the cuff inflates.

4.5. CPAP Machines as Diagnostic Tools

Occasionally, when a sleep study has a borderline result or
cannot clearly demonstrate sleep-disordered breathing
events in a patient presenting with all the symptoms of
SAS, some clinicians would prescribe a CPAP trial. If all
the symptoms improve or disappear after a few weeks of
CPAP treatment, the diagnosis of SAS can be strongly
suspected. However, this approach should not be recom-
mended for routine use, but only in unclear cases when no
other diagnostic option is available. The interpretation of
such a therapeutic trial is also complicated by the placebo
effect, which has been substantial in many trials.

Some new CPAP machines are able to measure mask
pressure, respiratory airflow, and snoring sounds. They
have an integrated pneumotachograph allowing them to
detect subtle flow limitations and adjust breath-by-breath
the pressure they deliver. They use the shape of the
inspiratory waveform to detect partially obstructed
breaths and adapt the pressure they deliver (73). Some
machines can also be used in a ‘‘diagnostic mode’’ where
they just count the number of apneas and hypopneas per
hour according to the same algorithm.

5. TREATMENT

5.1. Obstructive Sleep Apnea

Sleep apnea needs to be treated because patients with
sleep apnea have a higher mortality (74), a possible
increase in cardiovascular disease, and daytime sleepiness
leading to road traffic accidents and decreased quality of
life. Different techniques have been developed to treat this
disease.

Although conservative measures such as weight loss
(75) and abstinence from alcohol and tobacco should be
discussed with every patient, the results from these inter-
ventions are frequently unsatisfactory. Therefore, the
treatment of choice for obstructive sleep apnea is nasal
CPAP based on recent randomized trials. Other treatment
options are also available for those who do not tolerate
CPAP, such as dental appliances or upper airway surgery.

Some forms of CSA can also be treated with CPAP.
Other treatment options are oxygen, respiratory stimu-
lants, and cardiac medication for CSA caused by cardiac
failure (Cheyne–Stokes type).

5.2. Continuous Positive Airway Pressure (CPAP)

CPAP applied through a nasal (or oronasal) mask is the
standard treatment for obstructive and some forms of
CSA. It acts as a pneumatic splint to prevent collapse of
the upper airway and to increase the transmural pressure
across the pharyngeal airway. Moreover, the increase in
lung volume observed under CPAP produces longitudinal
traction on the trachea, making the upper airway more
rigid and preventing its collapse. Thus, CPAP likely raises
the transmural pressure of the pharyngeal airway as well
as reduces its collapsibility.

CPAP is effective in eliminating sleep apnea, hypopnea,
and related daytime symptoms (76,77). Results of rando-
mized trials have shown substantial improvements in
both sleepiness and neurocognititive performance of pa-
tients on nasal CPAP compared with those of placebo or
subtherapeutic CPAP (34,36). Moreover, decrements in
blood pressure and improvement in cardiac function in
patients with congestive heart failure have been shown
with CPAP treatment (40,78).

However, several side effects of CPAP exist: nasal
congestion, oronasal dryness, skin abrasions (because of
the mask), and conjunctivitis from air leak (79). Therefore,
CPAP adherence is still a potential problem in many, but
several strategies, such as heated humidifier, nasal de-
congestants, or nasal steroids, can be used to help patients
tolerate CPAP.

Recently, newer positive pressure devices have gained
popularity and include bilevel airway pressure devices
(different inspiratory and expiratory pressure) and auto-
titrating devices, which provide variable pressure levels
based on flow limitation, snoring, or vibrations (73).
Randomized trials have not supported the routine use of
bilevel positive airway pressure over CPAP (80). However,
bilevel positive airway pressure is often preferred by
patients who need high CPAP pressure or by those who
complain about the expiratory work of breathing with
CPAP. Results of studies assessing autotitrating devices
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have shown improved adherence in only a few trials
(81,82), with most finding little to no effect. A recent
meta-analysis suggested no important benefit to the rou-
tine use of auto-titrating devices over standard CPAP.
Thus, simple CPAP remains the mainstay of apnea treat-
ment.

5.2.1. Surgery. The resection of uvula and redundant
tissue of the soft palate called uvulopalatopharyngoplasty
(UPPP) used to be the most common surgical procedure
for obstructive sleep apnea. Unfortunately, only 41% of
patients who undergo the procedure obtain an AHI under
20 events per hour (83), which is, in addition, not always
judged an adequate outcome. One group (84) has reported
better success with more aggressive surgery (e.g., genio-
glossal and maxillomandibular advancement), but the
generality of these results is unclear. Thus, these proce-
dures have not gained widespread acceptance. Laser-
assisted palatal surgery and radio-frequency ablation
techniques are useful in treating snoring (85), but neither
of these techniques has been effective in the treatment of
obstructive sleep apnea. Snoring could also be reduced by
placing tiny inserts in the soft palate, which support and
stiffen the palate tissue. The inserts, made of a polyester
material, are supposed to promote fibrosis and tissue
ingrowth, which should further stiffen the palate tissue.
This device has been cleared by the FDA; but to our
knowledge, no published data confirming its efficacy ex-
ists.

Gastric stapling, used to treat obesity, has shown long-
term improvement in AHI, but despite its increasing
popularity, the role of this surgery in the management of
obesity and obstructive sleep apnea is still unclear.

5.2.2. Oral Appliances. Oral appliances are intraoral
devices designed to enlarge the pharyngeal airway during
sleep by an effect on mandibular position. Two main
categories of oral appliances exist: those who hold the
tongue forward and those which reposition the mandible
forward during sleep. The tongue is affected by all appli-
ances, either by direct forward movement of the muscle
itself or by changes secondary to an advancement of the
mandible.

For the devices pulling the mandible forward, a dentist
has to determine the correct jaw position. Some are
adjustable allowing a titration of the mandibular position
over time. They are usually made of acrylic resin material.
New devices are made of a more comfortable thermosen-
sitive resin, which can be heated in hot water before
insertion and harden intraorally.

There are about 55 oral appliances currently on the
market, but only a few (B14) have received FDA market
clearance for both snoring and obstructive sleep apnea.

Although CPAP is clearly more effective than such
devices, oral appliances have a role in the treatment of
obstructive sleep apnea. When directly compared with
CPAP in randomized trials, patients sometimes prefer
oral appliances, even when they are only partly successful
in eliminating disordered breathing events (86). Thus oral
appliances are essentially used for patients who have
failed or refused CPAP treatment, for those with snoring

or mild obstructive apnea and those who do not respond to
surgery. One other population is the UPPP failures be-
cause the surgery targets the palate, whereas the man-
dibular device targets the retroglossal airway. This
combination may have efficacy (87). Side effects of oral
appliances are common and usually include jaw discom-
fort, excessive salivation, and sore teeth.

5.3. Central Sleep Apnea

For CSA with hypercapnia, the most appropriate approach
is nocturnal ventilation with an intermittent or bilevel
pressure-cycled ventilator (88) and a nasal mask (similar
to a CPAP mask).

For CSA with normal or low CO2 level, when it is
caused by heart failure (HF), the first consideration is to
optimize cardiac drug therapy, which may reduce the
severity of CSA. CPAP can also be used for CSA with
heart failure (89), and it not only decreases the severity of
CSA but it also improves cardiac function (90). For
Cheyne–Stokes breathing, a special type of CPAP that
can adapt to the breathing pattern has been developed
(91).

For the individual with insomnia, restless sleep, wak-
ing hypersomnolence, and mild-to-moderate nocturnal
hypoxemia secondary to CSA, nocturnal supplemental
oxygen has been shown to abolish apnea-related hypoxia
and alleviate CSA (92). Drug-stimulating ventilation,
such as Theophillin (93) or Acetazolamide (94), have also
been shown to reduce the severity of CSA, but are not
commonly used clinically.

6. CONCLUSION AND FUTURE DIRECTIONS

Sleep, and sleep apnea in particular, is a very exciting and
fairly new research domain. Considering the impact of
sleep-disordered breathing on the health and quality of
life of millions of people over the world, it is imperative to
better understand the mechanisms underlying this dis-
ease and find new ways to treat it. Many developments in
the diagnostic procedure and treatment strategies are still
needed. Here are some of the most promising research
domains in which new developments are expected.

6.1. Pulse Transit Time

A subtle increase in respiratory effort even without an
apnea or a hypopnea may lead to an arousal. The methods
described above to measure respiratory efforts such as
esophageal pressure or respiratory muscle electromyo-
gram are not convenient for routine clinical diagnostic
procedures. Pulse transit time (PTT) is a noninvasive
measure that reflects autonomic function and respiratory
effort. This technique takes its name from the time needed
for the pulse wave to travel from the aortic valve to the
periphery. It measures the delay between ‘‘R’’ wave of the
ECG and the arrival of the pulse wave at the periphery
(finger) detected by pulse oxymetry. The decreases in blood
pressure that occur with inspiration (pulsus paradoxus)
correspond to lengthening in PTT: Increased oscillations
in the pleural pressure caused by increased inspiratory
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efforts induce acute changes in arterial pressure that can
be detected by this technique. PTT can therefore give a
quantitative measurement of respiratory efforts. PTT also
changes dramatically with arousal from sleep because of
the autonomic changes that accompany arousal.

Studies comparing esophageal pressure with PTT have
shown an excellent correlation between the size of the
swings in pleural pressure and the size of the swings in
PTT (95). However, the interpretation of PTT signal is
often ambiguous and a significant interobserver variabil-
ity exists, even when well-defined scoring criteria are
employed (96).

6.2. Sympathetic Tone Measurement

Increases in respiratory efforts, drops in oxygen, and
repeated arousals induce acute and chronic increases in
sympathetic tone (which is one of the pathways leading to
hypertension in sleep apnea patients). As the heart reacts
rapidly to sympathetic tones changes, algorithms analyz-
ing changes in heart rate and blood pressure during sleep
have been proposed as an indirect measurement of arou-
sals and sleep-disordered breathing. These algorithms
have not been validated in large studies yet; but this
technique could be, in the future, an easy and inexpensive
way for screening SAS.

6.3. Electrostimulation of Upper Airway Muscle

Different attempts have been made to stimulate upper
airway dilator muscles. Intra- or extra-oral devices, hypo-
glossal and intramuscular (genioglossus muscle) stimula-
tors or pacemakers coordinated with inspiration have
been attempted (97–99). However, all these devices are
still experimental and none has yet been validated as an
efficient treatment alternative for obstructive sleep apnea.

Variability exists in the pathogenesis of this disease
based on anatomy, upper airway muscles, and loop gain; so
treatments addressing any one of these areas are likely to
only benefit a subset of the disease. Thus the development
of a classification of the various phenotypes may help
stratify the patients will benefit from specific strategies.
For example, a subgroup of apnea patients may exist that
benefit from lowering loop gain in particular.
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1. INTRODUCTION

Apnea has been recognized as a clinical problem by re-
searchers for years and considerable investigative and
clinical attention has been directed toward this condition
(1–6). Although remarkable progress has been made and
certain categories of apnea have been traced, causes of
apneas remain unclear in many situations. In addition,
the condition is common in certain populations such as
infants, children, adolescents, and adults. Whether an
apnea occurs independently or in association with a patho-
physiologic process or environmental factor, concern exists
about possible effects of interrupted breathing.

Apnea is defined as an absence of respiratory move-
ments for a period of time. These respiratory movements
may be categorized as central (no respiratory effort), ob-
structive (respiratory effort with absent airflow), or mixed
(central pause greater than 2 seconds with obstructed re-
spiratory efforts) (7).

Apneas of short duration are common in infants and
children, mostly central, and more frequent during rapid
eye movement (REM) sleep (8). On the other hand, ob-
structive or mixed apneas are considered to be most fre-
quently associated with anatomic abnormalities such as
bone malformations, soft tissues infiltration, and neuro-
logic lesions that reduce the patency of the upper airways.
Therefore, obstructive or mixed apneas are rare in healthy
control infants and normal children (3,8).

The control of breathing during infancy encounters
dramatic changes with the maturation of neurophysiolog-
ical, metabolic, and mechanical components of the respi-
ratory system. For example, blood oxygenation suddenly
increases as the infant, whose age varies from birth to 12
months, begins to exchange air in its lungs and completely
meet its own metabolic demands (9). After birth, infants
usually have sighs during epochs of quiet sleep, called
saturation, because of this transition. If the infant is a
healthy term infant, meaning the birth date was at or near
the estimated date, these sighs are heavily reduced as the
infant grows up. On the other hand, about 40–50% of the
infants born before their estimated dates might have pe-
riodic breathing during the neonatal period.

Periodic breathing can be defined as a breathing pat-
tern in which three or more respiratory pauses of greater
than three seconds duration exist with less than 10 sec-
onds of respiration between pauses (10). The fetus begins
to practice breathing movements in the uterus in an ir-
regular pattern; therefore, the periodic breathing may be
considered as a normal event (11). However, it has been
stated that full-term and especially premature infants
may have oscillatory patterns corresponding to periodic
breathing patterns, and these patterns might cause apneic
episodes (12). With these considerations, the present

study is concentrated on infant sleep apnea and the de-
tecting and classifying central apnea patterns.

1.1. Apnea Monitoring

Measurement of normal and abnormal physiologic pro-
cesses such as breathing patterns is facilitated by devices.
Monitors have emerged in the laboratory and hospital and
have contributed to the discovery of new knowledge and
management of abnormalities, of which an apnea monitor
can be considered from the standpoint of a general bio-
medical electronic system. Such a system is composed of
three major sections: sensor, signal processor, and data
display and storage.

The sensor serves as the interface between the elec-
tronic circuits and biological system. The signal processor
section of the system takes the raw signal from the sensor
and modifies it so that data can be determined from it and
this information can be displayed and recorded. The data
display and storage function represents another type of
biological interface that provides information from the in-
strument to the people responsible for the care of the pa-
tient. In apnea monitors used in the home, this interface is
the alarm function, and in monitors that have the capa-
bility of recording pneumograms or providing hard copy,
this section of the system would include the memory and
recording apparatus as well.

An infant cardiorespiratory monitor must meet essen-
tial criteria to be of clinical value. Primary among these
criteria is the ability to recognize central, obstructive, or
mixed apnea or bradycardia (heart rate o60 beats/min) as
they occur. In addition, apnea monitors must be safe, non-
invasive, and easily used by unskilled individuals. They
must accurately identify alarm conditions with a mini-
mum of false alarms. The alarms must alert the individual
responsible for the infant’s care, and monitors must be
capable of monitoring their own essential functions such
as battery conditions and electrode viability to be certain
that they are functioning properly (13).

Respiratory movements can be sensed in some cases
using direct or indirect methods. The direct methods are
those in which the sensor is placed directly to the subject’s
mouth or nose. When the sensor is coupled with the air-
way or with the air being moved into or away from the
lungs, the breathing efforts, based on the volume and the
airflow, and the properties of the air inhaled into and ex-
haled out of the lungs can be measured. The direct meth-
ods of sensing respiration, such as pneumotachograph,
spirometry, airway carbon dioxide sensor, nasal/oral
thermistor sensor, and airflow sound sensor are not ap-
propriate for home monitoring because they involve direct
connections to the subject’s airway through placement of a
mask over the mouth or the nose, or another type of sensor
in the nasal-oral area. These connection can be success-
fully applied to infants and children of any age; however,
they require appropriate equipment and well-trained
staff. Therefore, these methods can be used for recording
respiratory movements in the hospital and as research
instruments.

On the other hand, many more indirect methods exist
of sensing breathing than the direct methods. Indirect
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methods such as whole-body plethysmograph, strain-
gauge displacement, air-filled capsule or vest, displace-
ment magnetometer, inductance respirometry, motion-
sensing pad, electromyography, breath sounds, esopha-
geal pressure, and transthoracic electrical impedance
have the advantage that attachment to the subject is eas-
ier than the direct measurements and less likely to inter-
fere with breathing patterns.

Drawbacks exist that need to be considered for select-
ing the appropriate indirect method. As the whole-body
plethysmograph is bulky and awkward, it is strictly a re-
search instrument. The strain-gauge displacement often
become unstable after being used for several days, thus
requires frequent replacement. The pressure-transducer
system that is used to measure the pressure via an air-
filled capsule or vest is expensive. The displacement mag-
netometer is sensitive to infant limb movement or to
movement of the infant on the pad upon which the infant
is placed. The inductance respirometry is also sensitive to
moving electrical conductors or magnetic material in the
vicinity of the infant. On the other hand, the motion-sens-
ing pad can respond to movements that are not associated
with the infant at all. The electromyography is affected
because the muscles in the vicinity of the electrodes pro-
duce electromyographic signals especially when the infant
is moving. The microphone, placed over the chest while
applying breath sounds, may pick up other sounds in the
body and the environment. Although the esophageal pres-
sure is accepted as the gold standard for evaluating re-
spiratory effort, inserting a pressure transducer is
considered to be slightly invasive for the patient and not
really suitable for infant monitoring in most situations.
The transthoracic electrical impedance has the ability of
recognizing central apnea and is basically affected by card-
iogenic and motion artifacts. The advantages and disad-
vantages of the methods in terms of reliability,
invasiveness, relative cost, serviceable, etc., and perfor-
mance evaluations of the methods being applied to detect
apnea may be found in the literature (3,4,8,13–15).

The basic idea of apnea monitoring is to sense breath-
ing effort or apnea by using a method or device in the best
possible way and to process the information to determine
the type and length of the apnea, if applicable (13). The
methods have been successfully used to detect breathing
effort and apnea in many studies (14–18). In most of these
studies, direct and indirect methods were applied to a
group of infants or children who had apneic episodes, and
comparisons were made based on advantages and disad-
vantages of each method for detecting apnea. In order to
compare each method with the others, different sensors
were attached to the infants to record respiratory efforts
for a period of time.

Although the methods should be able to detect or dif-
ferentiate central, obstructive, and mixed apnea from each
other, the methods used to monitor respiratory efforts are
generally efficacious in identifying and alarming on cen-
tral apneas. In other words, most of the methods are ca-
pable of detecting central apnea.

For instance, the transthoracic electrical impedance
(TEI), placed on the infant’s chest or abdomen to monitor
chest wall movements by considering the principle that
volume changes within an induced electrical field, is not
capable of detecting the presence of obstructive apnea be-
cause chest wall movements continue during obstructive
apnea (19). On the other hand, this method has been
proven as reliable as the direct methods for detecting cen-
tral apnea and the length of apnea (20). Thus, the TEI is
by far the most frequently applied and has the widest
availability in the United States for hospital and home use
(21). As a result of the continuous deflections during ob-
structive apnea, the similar limitation is applied to strain-
gauge displacement (SGD); however, the SGD is also con-
sidered one of the reliable indirect methods and primarily
used for research purposes (22).

1.2. Difficulties in Apnea Recognition

The methods used to monitor respiratory signals might
recognize an apnea even though the infant is breathing, or
detect a breath during apparent apnea in some situations.
As the direct methods interfere with the infant’s activity,
the indirect methods are mostly preferred for practical
purposes. Thus, difficulties in apnea recognition will focus
on the indirect methods.

First of all, because each method has its own limita-
tions, the performance of these methods are dependent on
the infant’s activities and environment. Second, detection
of infant breathing or apnea is not a simple matter when
respiration waveforms are seen in unusual patterns. The
reliability of the methods is usually determined by testing
them with generated signals, like sine waves, in the lab-
oratory. However, in real life, those respiration signals do
not always appear as clean as sine waves. In this case,
differentiating a regular breath or a normal breath from
other patterns might be complex. The pattern given in Fig.
1 represents an irregular breathing effort.

Third, respiration signals are highly contaminated
with the background noise and the frequency varying
greatly each time because of the cardiogenic or motion ar-
tifacts. In other words, some situations exist where
‘‘breaths’’ are detected during apparent apneas (false neg-
ative) and other cases where apneas are indicated even
though the infant is breathing (false positive) because of
the cardiogenic or motion artifacts resulting from active or
passive infant movement. Those artifacts make the respi-

Figure 1. Examples of breathing patterns. The
left tracing illustrates an irregular breathing pat-
tern, whereas the right tracing illustrates a regular
breathing pattern similar to sine waves.
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ratory waveforms complicated and difficult to interpret or
reduce the reliability.

The cardiogenic artifact is best seen during the apnea
where it appears as small variations occurring at the
heart rate. It is also present, however, during the breath-
ing and appears as a modulation of the respiration wave-
form. In Fig. 2, the cardigenic artifact is relatively small
compared with the impedance changes caused by breath-
ing, and it is possible to differentiate between breathing
and apnea by observing the record.

On the other hand, Fig. 3 shows periods of breathing
and 5 seconds of apnea where the cardiogenic artifact is
much stronger. Note that it is difficult to determine which
impedance variations are caused by breathing and which
are caused by cardiogenic artifact. It is only to possible to
identify these two sources of TEI variation when the re-
cording is compared with simultaneous recordings of other
respiration sensors, such as SGD, nasal thermistor, and
motion-sensing pad. Note, in this case, that the card-
iogenic artifact consists of two components during each
cardiac cycle.

Finally, as apnea can be created by different factors
that may vary among infants, it is possible to say that de-
tecting breathing effort or apnea is infant-dependent. In
other words, as is given in Fig. 4, no two infants are alike
in their breathing patterns, or it is very unlikely that two
infants produce the same breathing pattern. These diffi-
culties make the detecting apnea or breathing effort task
complicated.

As a result, in recent years, artificial intelligence tech-
niques, especially neural networks have gained attention

in terms of finding a reliable and alternative way to ana-
lyze respiration signals whether an apnea exists and, if so,
the length of apnea. Taktak et al. (23) used neural net-
works to interpret sleep monitoring signals obtained from
infants who have apparent life-threatening episodes. Ana-
gun (24) applied a backpropagation neural network to
apnea recognition. Groote et al. (25) used the neural net-
work approach to detect apnea events in sleeping infants
from thoracoabdominal movements. Várady et al. (26) pro-
posed a neural network-based innovative signal classifi-
cation method that is capable of online detection of normal
breathing, hypopnea, and apnea in the respiration signals
consisted of polysomnographic records. Sazonov et al. (27)
applied neural networks for scoring sleep/wake states of

Transthoracic electrical impedance Nasal thermistor

Motion sensing padStrain gauge displacement

Figure 3. Cardiogenic artifact with amplitude
nearly as great as the breathing signal can ap-
pear on TEI, while not appearing on simulta-
neously recorded SGD, nasal thermistor, and
motion-sensing pad.

Figure 4. Examples patterns for breathing: Solid line represents
irregular breathing pattern with lower level of amplitude,
whereas dashed line represents regular breathing pattern with
higher level of amplitude.

Figure 2. Examples of cardiogenic artifact. The
left tracing illustrates how cardiogenic artifact
makes low-amplitude breathing signals difficult to
interpret, and the right tracing illustrates the ap-
pearance of cardiogenic artifact during a short du-
ration of apnea.
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infants based on activity measurements. As mentioned,
because the results of the studies are very promising, the
respiratory signals, recorded via different sensors, could
be analyzed and effectively interpreted using neural net-
works or hybrid systems (a combination of neural net-
works and expert systems) in some cases, to make a
decision about the infant’s situation in terms of apnea
and the length of apnea.

2. DATA ACQUISITION

The most obvious presentation of the signal is in the time
domain, with the amplitude of the signal displayed as a
function of time. Another important presentation of the
signal is in the frequency domain. When the signal is pre-
sented in the frequency domain, a Fast Fourier Transform
(FFT) analysis is used to expand the signal waveform into
a series of sine waves. Power spectrums, given in Fig. 5,
are then formed to find the amplitudes of the sine waves.

The power spectrums density function describes the
general frequency composition of the data. The frequency
composition of the data bears important relationships to
the basic characteristics of the physical or biomedical sys-
tem involved. These analyses can be performed using sig-
nal processing techniques (28). However, if a large number
of examples can be obtained, a neural network, one of the
artificial intelligence techniques, can adapt itself by using
these examples as a training data file to eventually carry
out the desired information or signal processing operation.
In those instances, the neural networks essentially elim-
inate software and algorithm bottlenecks and provide
high-speed mapping (29).

The data used in this study are obtained from infants
who had apnea episodes. The TEI, mostly used for apnea
monitoring, is selected to record the respiratory signals.

In order to decide the proper frequency level to digitize
the recorded data, FFT analysis should be conducted. For
the FFT experiment, a certain numbers of data points, say
the first 5000 data points from the data file digitized at
different frequency levels, may be used as inputs. Soft-
ware, such as Matlab, can be used to perform an FFT
analysis. The proper frequency level is then decided by
interpreting the results obtained from this experiment. In
theory, the data digitized at higher frequency level repre-
sents all the information in terms of variations, better

than the ones digitized at lower frequency levels. With this
consideration, the FFT analysis is performed for each fre-
quency level separately, from the lowest, 10 Hz, to the
highest, 50 Hz, to determine which frequency level repre-
sents the necessary information. The results showed that
the frequency level at 20 Hz or higher was proper to cover
all the variations. The number of data points in a certain
time period increases as the frequency level gets higher.
As the number of data points is a critical issue for most of
the techniques, especially for neural network’s training,
the frequency level is selected as 20 Hz.

As a result of dissimilarities of the infants’ respiratory
signals, the task of selecting patterns needs special atten-
tion. For example, if one considers that breathing episodes
resemble regular sine waves, recognizing the respiratory
signals as breathing when those are seen in unusual pat-
terns would be difficult. In order to overcome this diffi-
culty, the ones with higher or lower amplitude, or the ones
appearing differently, must be included.

The digitized respiratory signals are recorded in the
time domain. A wide variety of patterns obtained from TEI
sensor should be selected from different infants’ data files
to include all the possible patterns. The patterns can be
categorized into two groups, apnea and nonapnea, by ex-
amining the patterns recorded via TEI. An example of the
selected apnea pattern for TEI is shown in Fig. 6. As in
Fig. 6, in general, an apnea pattern can be viewed as a flat
tracing with small fluctuations because of motion and
cardiogenic artifacts for TEI patterns. A respiratory pat-
tern is also given in Fig. 6 as a reference signal that is
obtained from SGD, one of the reliable methods applied for
apnea monitoring. Different apnea patterns could exist
depending on the locations and the shapes of the patterns
other than the one given and they should be considered.

Any periodic processes, similar to sine waves, regard-
less of the magnitude of the respiratory signals, are con-
sidered as breaths. The regular breathing patterns
obtained from TEI and SGD are depicted in Fig. 7.

Patterns exist that could not be classified as apnea or
regular breathing. Some of the patterns that appeared in
the recording could be completely different from the given
patterns. Patterns may exist, similar to apnea ones, that
occur for only TEI when the respiratory signals are not
strong enough to be picked up by a sensor. At this stage,
the respiratory signal may be similar to an apnea, al-
though the infant is regularly breathing (false alarm). As
depicted in Fig. 8, this kind of pattern, called a low-am-
plitude pattern, also appears as a flat tracing pattern;16000
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Figure 5. Power spectrums of the respiratory patterns obtained
from infants who have apneas.

Figure 6. Simultaneously recorded apnea patterns of an infant:
solid line for TEI, dashed line for SGD.
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however, respiratory signals are viewed as irregular fluc-
tuations in contrast to apnea patterns.

Nonperiodic processes such as discrete random pulses
may be interpreted as saturation patterns. These types of
patterns appear when an infant makes sudden move-
ments or takes a deep breath, and most importantly, usu-
ally right after or before this moment apnea occurs. In
order to determine when the apnea started and the length
of the apnea period, the saturation patterns should be
considered. Examples of saturation patterns for TEI and
SGD are illustrated in Fig. 9.

3. INTRODUCTION TO NEURAL NETWORKS

The power of the human brain comes from a fairly large
variety of types, varying in size, structure, and function, of
identical processing elements or neurons that perform all
of the computational and communication functions within
the brain.

Neural networks are basically mathematical models of
theorized mind and brain activity. The primary aim of
neural networks is to explore and reproduce human in-
formation processing tasks such as speech, vision, knowl-
edge processing, and recognition. According to Hecht-
Nielsen (30), neural network theory is derived from
many disciplines, including psychology, physics, engineer-
ing, computer science, neuroscience, biology, mathematics,
philosophy, and linguistics, and because of the interdisci-
plinary approach, neural networks have been successfully
applied in a wide variety of modeling situations.

3.1. Elements of the Neural Networks

A neural network consists of three elements: organized
topology, dynamics of computation, and dynamics of learn-
ing (31).

A topology, structure, or architecture of a neural net-
work is composed of a number of layers with neurons at-
tached and connections among neurons in the same layer
or layers. With each connection in the network, an asso-
ciated attribute exists called the weight, representing the
strength of the connection. These types of connections
might be used to connect neurons in the same layers, in-
tralayer connections, neurons in the different layers, in-
terlayer connections, or each neuron to itself in the same
layer, recurrent connections. The interlayer connections
can be either feed-forward, with information flowing from
input through hidden (if applicable) and output layers, or
feedback, where information flows in the opposite direc-
tion. The connections types applicable for neural networks
are given in Fig. 10.

The neurons in the network change their activation
values in some order according to some rules. The dynamic
behavior of the network is that each neuron applies a
transition rule to enter a new state. In this behavior, neu-
rons are updated in an order called flow of control. The
flow of control can be asynchronous or synchronous. In
order to determine the new activation values of the neu-
rons in the network, activation functions are either deter-
ministic or stochastic, also called threshold functions or
signal functions, are used.

Learning in neural networks requires training the net-
work by presenting training patterns. The learning pro-
cess is a search in weight space. In this space, after a
training pattern is applied to the network, the network
makes a move according to a learning rule, until the
weights gradually converge to values such that each train-
ing pattern yields the desired output. A wide variety of
learning rules, either supervised or unsupervised, have
been developed, each with its own strengths and weak-
nesses (32). The desired information about the neural net-
works in terms of structures, principles of computations,

Figure 8. Example of a low-amplitude pattern obtained from
TEI (solid line) and simultaneously recorded breathing pattern
for SGD (dashed line). TEI represented an apnea-like pattern
while the infant is breathing regularly in regard to the signals
obtained from the SGD.

Figure 9. Simultaneously recorded saturation patterns: solid
line for TEI and dashed line for SGD, respectively. The infant
makes a movement at the beginning, because of the movement
inhales a deep breath to reach the needed oxygen level during the
9-second time period, then the apnea period of about 8 seconds
occurs.

Figure 7. Simultaneously recorded breathing patterns of an in-
fant: solid line for TEI, dashed line for SGD.
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learning algorithms, and related applications may be
found in the literature (28,30,32).

3.2. Backpropagation Neural Network

The backpropagation neural network (BPNN), a multilay-
ered Perceptron with interlayer connections that uses a
generalized delta rule that performs as a steepest descent
algorithm, has been independently developed by several
researchers. The BPNN has been successfully used for
pattern recognition and classification in the areas of im-
age; speech; handwriting; character; and biomedical, fore-
casting, and signal processing (33).

In the learning process of the BPNN, the summed input
for each neuron in the hidden layer is determined by mul-
tiplying current values of each training pattern with cor-
responding weights from the neuron in the input layer to
neuron in the hidden layer. Then, an activation value for
each neuron in the hidden layer is determined by applying
the sum to a sigmoid function (14). The same procedure for
the output neurons is applied and the total error, E, is
computed as:

E¼
1

2

X

p

k¼ 1

ðck � dkÞ
2; ð1Þ

where ck is the actual value of the kth output neuron and
dk is the desired output value of the kth neuron of a par-
ticular training pattern. Essentially, the determination of
error in the BPNN is a recursive process that starts with
the output neurons. After passing training patterns for-
ward and calculating total error, weights are adjusted as
follows:

Dw¼ aðoutputÞdþ bDwprev; ð2Þ

where Dw is the change of the connection between two
neurons that are in different layers and a is the learning
rate varied in the range of [0, 1]. Output is the current
output of a neuron regardless of its layer. The term d rep-

resents the error for the connection and lies between neu-
rons that are in different layers. b is called momentum
term, which gives a direction to determine the next step in
a way of minimizing error.

Parameters such as learning rate, momentum term,
number of hidden layers, and numbers of neurons in the
hidden layer(s) exist that affect the performance of the
neural networks. For instance, although selecting a large
learning rate will speed up convergence, for problems with
steep and narrow minima, a small value of learning rate
should be chosen to avoid overshooting the solution (34).
Fewer numbers of hidden neurons in the hidden layer not
only impairs the network but also prevents the network
from ever correctly learning relationships between inputs
and outputs. On the other hand, too many neurons in the
hidden layer allow the network to memorize the patterns
presented without extracting features.

In conclusion, although some rules are proposed re-
garding to improvement of performance of the neural net-
works, in general, the optimal values of such parameters
are application-dependent and are experimentally inves-
tigated.

4. IMPLEMENTATION OF NEURAL NETWORKS

A layered network provides more potential alternatives
than traditional pattern recognition techniques (35). As
indicated in Pao (36), a pattern recognition technique, de-
fined as a classification model, is concerned with perform-
ing feature extraction, learning the transparent mapping,
and classifying the patterns. In pattern recognition using
layered networks, inputs correspond to features, connec-
tions between layers correspond to mapping, and outputs
correspond to pattern classes. In addition, a layered net-
work may contain one or more hidden layers, as in BPNN,
which represent the domain knowledge and help to per-
form feature extraction.

In this study, a BPNN consisted of three layers, input,
hidden, and output, was designed for apnea recognition.
The network has 40 neurons (representing a 2-second pe-

Inter-layer
connections

Intra-layer
connections

Recurrent
connections

Output layer

Hidden layer

Input layer

Figure 10. The connection types for neural net-
works.
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riod) in the input layer and two neurons (representing
pattern classes) in the output layer. The number of neu-
rons in the hidden layer may be varied to improve network
performance in terms of generalization, the ability to cor-
relate a pattern with previously used patterns.

Before applying the designed BPNN to apnea recogni-
tion, a set of respiratory patterns were selected from the
different infant data files, and the selected patterns were
individually examined to classify them into the categories
of apnea, breathing, saturation, and low-amplitude pat-
terns and to determine the desired output values for each
pattern. The output of a BPNN may have either real val-
ues or binary values. As the purpose of the study is to de-
termine whether an apnea exists, the outputs are coded as
binary values. The desired output values of each neuron
placed in the output layer are given as follows: (1,0) for
apnea, (0,1) for breathing, (0,0) for saturation, and (1,1)
for low-amplitude patterns obtained from TEI.

A total of 400 respiratory patterns recorded via TEI
were selected from 10 infants who had apnea. The data
were randomly divided into two parts: one for training the
neural network (300 patterns) and one for testing (100
patterns). To train the BPNN, the training data selected
was adapted. A learning rate and momentum term were
arbitrarily set to 0.1 and 0.5, respectively. A margin value
of 0.05 was used to terminate the training. After a certain
number of iterations, 275 out of 300 patterns were cor-
rectly classified, meaning that a recognition accuracy of
91.7% was obtained for the neural network trained with
the data obtained from TEI. After training, the testing
data file consisted of patterns of each category was fed to
the BPNN and the actual outputs for each pattern were
recorded. It has been observed that 89 patterns out of 100
(recognition accuracy of 89.0%) were correctly classified.

During training and testing, it was observed that all of
the apnea patterns were correctly recognized, and, most
importantly, the BPNN is able to identify the low-ampli-
tude patterns. A couple of breathing patterns were mis-
recognized as saturation because of their amplitudes and
shapes, and vice versa. Most of the saturation patterns
were correctly identified. Additionally, the BPNN is able to
differentiate an apnea pattern from a low-amplitude pat-
tern.

5. FURTHER REMARKS

The BPNN successfully recognized central apnea as well
as other patterns, and, most importantly, the BPNN de-
tected low-amplitude patterns that cannot be identified by
human beings without having reference signals recorded
simultaneously. Although the performance of the BPNN
was promising in terms of recognition accuracy obtained,
the designed neural network could be re-examined in re-
gard to its structure, training algorithm, or values of the
parameters. In addition, a different type of neural network
may be implemented for apnea recognition.

The effectiveness and convergence of the BPNN depend
significantly on the values of the parameters, such as
learning rate, momentum term, number of hidden layers,
and number of hidden neurons of each layer, appear in the

learning algorithm. As no optimal values of the parame-
ters exist, before testing phase, several designed experi-
ments may be conducted to determine a combination of
parameters that optimizes the performance of the BPNN.
In addition, different algorithms, such as delta-bar-delta,
quickprop, and resilient propagation, may be integrated
with training a multilayered neural network instead of
backpropagation.

As far as presence of apnea and the length of apnea are
concerned, in order to make the approach valuable and
effective for a real application, a sequential testing proce-
dure may be employed in the neural network for apnea
recognition. A set of respiratory movements could be con-
tinuously fed to the neural network, and the response of
the network may be recorded with the order of patterns
being observed in terms of apnea, breathing, etc., with
which a history for the data that provides a measure for
the length of apnea and the frequency of apnea may be
produced by the neural network. By examining this infor-
mation provided by the neural network, one can deter-
mine the seriousness of apnea, based on the length and
frequency, and use this information as a tool to interpret
respiratory efforts efficiently.

The BPNN’s performance on other types of apnea, ob-
structive and mixed, can be verified by training the BPNN
with the proper data, which could be obtained from differ-
ent sensors. Finally, neural networks can be combined
with expert systems to be able to recognize and interpret
central, obstructive, and mixed apnea in the same way
that a well-trained human does.
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1. INTRODUCTION

Humans spend one third of their life asleep. Sleep has a
restorative function in terms of physical recreation and
mental recreation with sleep-specific changes of the vege-
tative and endocrine systems (1). Sleep plays an important
role in memory consolidation with specific contributions to
procedural and declarative memory (2). The sleeping
brain sorts what has to be kept for longer and what does
not need to be memorized further. New investigations
confirm the idea that sleep supports problem-solving
thoughts (3).

Sleep is not a steady state of unconsciousness, but has
an internal structure with a cyclical time course (1). At the
very beginning of the sleep period, when the person is still
awake but sleepy, we can observe characteristic brain
waves, alpha waves with 8–12Hz in the electroencephalo-
graphy. At the onset of sleep, about 10–20minutes after
relaxed wakefulness, muscle tone decreases and the
brains waves show slower frequencies, theta waves (4–
7Hz) with some specific patterns. The eyeballs begin
rolling. This period is called light sleep. If a person is
awakened from light sleep, usually he does not report that
he slept at all but only relaxed. After another 10–20min-
utes of light sleep, muscle tone drops further and deep
sleep starts. During deep sleep, the brain waves become
even slower. Delta waves (0.5–4Hz) are observed with
high amplitudes (up to 150 microvolts). To wake a person
out of deep sleep is difficult and it usually takes several
minutes to get full consciousness and orientation again.
After 20–40minutes of deep sleep, a period of paradoxical
sleep follows for 5–15minutes. Today, paradoxical sleep is
called REM sleep (rapid eye movement sleep). It had been
called paradoxical sleep because the brain waves resemble
wakefulness and, at the same time, the person has the
lowest muscle tone. To wake a person out of REM sleep is

as difficult as out of deep sleep. In 80% of all cases, the
person reports dreaming when taken out of REM sleep.
Usually, vivid and colorful dreams are reported. When
waking subjects from nonREM sleep, only in 20% of all
cases are dreams reported. Dreams are usually less color-
ful and less emotional. As mentioned, the brain waves
during REM sleep are similar to wakefulness, which
means mixed frequency and small amplitude, indicating
high cerebral activity. At the same time, very rapid eye
movements are frequently visible and muscle tone is
inhibited actively. This sequence of sleep stages forms
one sleep cycle with a normal duration of 80–110minutes.
Four to six sleep cycles are observed in a normal sleep
night (Fig. 1). There is a gradual change of sleep stages
within the sleep cycles. Whereas the first sleep cycles have
more deep sleep, the later sleep cycles have more REM
sleep. Over the night, the total percentage of wakefulness
is less than 5%; light sleep is 45–55%; deep sleep is about
20%; and REM sleep is 20–25%. Total duration of sleep
varies between 7.5 and 8.5 hours.

Sleep changes with age (1). Very small children sleep
up to 16 hours with 50% REM sleep (called active sleep at
that age). At the age of 15, sleep duration is only a little
longer than in adults of 20 years or older. At the age of 60
years and older, the percentage of deep sleep deceases
steadily, but the total sleep duration does not change
much. Often, night sleep becomes shorter, but, together
with some daytime naps, it adds up to the same total
duration. Sleep is heavily dependent on the mental and
physical workload prior to sleep time. Physical work
increases deep sleep and mental work increases REM
sleep percentages. Sleep is also dependent on the circa-
dian phase. There is an ‘‘opening window’’ in the late
evening, accompanied with a drop in body temperature,
when sleep is best started. Another less-pronounced
‘‘opening window’’ for sleep is in the early afternoon. To
start sleep at other times is more difficult unless a person
is sleep deprived.

Complaints about sleep quality and sleep disorders are
very common in industrialized societies. Surveys do dis-
tinguish between complaints of insomnia and complaints
of excessive sleepiness. The prevalence of current insom-
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Figure 1. Sleep profile of a young healthy person. The cyclic sleep periods do a have a duration of
roughly 90minutes. At the beginning of sleep, more deep sleep occurs, and at the end of sleep, more
REM sleep occurs.
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nia was 32% and of excessive sleep was 7% among 1006
households (4). Up to 20% of persons at 40 years and older
report frequent or regular sleep problems. Complaints of
insomnia and excessive sleep both increase with age.

Sleep medicine was established as a discipline in the
late 1970s with the recognition of the disorder of obstruc-
tive sleep apnea, its implications on cardiovascular dis-
orders, its high prevalence, and its potential to be treated
if recognized at an early stage of the disease (1). Since
then, many sleep centers were founded that systemati-
cally diagnose and treat patients with sleep disorders.
Sleep physiology evolved to sleep medicine as a clinical
discipline. In 1990, an International Classification of
Sleep Disorders (ICSD) was established (5). This classifi-
cation gives definitions and severity criteria for 88 distinct
sleep disorders. With revisions in 1997 and 2001, the
classification is the basis for diagnostic coding of sleep
disorders (Table 1). The classification applies categories of
pathophysiology to the symptoms observed in patients
with sleep disorders.

Dyssomnias are the largest group of sleep disorders
and are those disorders where sleep itself is disturbed.
They are viewed on as the core sleep disorders. Many of
them occur for intrinsic reasons. The intrinsic dyssomnias
are insomnia (disorders of initiating and maintaining
sleep because of psychological reasons), hypersomnia (dis-
orders of excessive sleepiness during the day because of
genetic or unknown reasons), narcolepsy (a distinct dis-
order with sudden sleep-short attacks and severely dis-
rupted sleep at night), sleep-related breathing disorders
(obstructive, central sleep apnea, and central alveolar
hypoventilation), and finally specific movement disorders
(periodic leg movements during sleep and the restless-legs
syndrome). The extrinsic dyssomnias are caused by ex-
ternal reasons such as inadequate sleep hygiene, environ-
mental causes, using or abusing drugs, and other reasons.
The circadian rhythm sleep disorders include an irregular
sleep-wake pattern, sleep phase-advanced symptoms, and
sleep phase-delayed symptoms. They may be caused by jet
lag (transcontinental flights), shift-work, and other rea-
sons. Parasomnias consist of a large group of various
disorders associated with sleep and, as a result, disturb

sleep. Typical and common parasomnias are primary
snoring, eating during sleep, bruxism, sleepwalking dur-
ing deep sleep (slow-wave sleep), and REM sleep behavior
disorders (similar to walking during sleep but with less
coordinated movements). A number of arousal disorders,
such as sleep terror, are classified as parasomnias. Para-
somnias can be related to the use or abuse of drugs or
other psychiatric or organic disorders. The third major
group, according to the ICSD, are sleep disorders asso-
ciated with either medical, neurological, or psychiatric
disorders. They are grouped according to the underlying
origin. Mental disorders (depression, anxiety, alcoholism),
neurological disorders (parkinsonism, dementia, epilepsy,
sleep-related headache), and medical disorders (asthma,
gastroesophageal reflux disease, fibromyalgia, chronic ob-
structive pulmonary disease) do disturb sleep and can
cause severe sleep problems. Isolated symptoms, such as
short sleepers, long sleepers, and menstrual-associated
sleep disorders, are listed in a category called ‘‘proposed
sleep disorders.’’ The relevance and clinical significance of
this category is still being discussed.

Sleep centers and sleep laboratories present the actual
site for the diagnosis and treatment of sleep disorders. The
recording of sleep should reveal abnormal patterns and
sleep disturbances and should quantify the sleep stages
over the course of the night (Fig. 2). The essential equip-
ment in a sleep laboratory is a polygraph based on either
an analogue or a digital technique. The polygraph is able
to amplify and filter multiple physiological signals of
different origin, either electrophysiological in nature
(e.g., electroencephalogram, electrocardiogram) or dedi-
cated transducers (e.g., respiration), or other equipment
that provides electrical output signals (e.g., pressure,
transducers, oxygen saturation). The polygraph is able
to record the signals either on paper charts or by digitizing
the signals and storing them on mass storage. The poly-
graph has the means to visualize the signals with a good
resolution that allows monitoring of vital signs at record-
ing time. The polygraph has the means to playback signals
being recorded at earlier times in order to review past
recordings for comparison with new recordings to support
the medical decision. In order to support the evaluation of
data, many computer-based polygraphs provide programs
to analyze the sleep recordings with modules to determine
sleep stages; sleep disturbance; and cardiac, respiratory,
and movement disturbance events. The specific selection
of signals recorded in a sleep investigation depends on the
physiological function of interest. These are directly de-
rived from the disorders being diagnosed. Beside the
signals recorded, endocrine parameters may be derived
from blood samples taken at night, sometimes in regular
intervals. Audiovisual recording is performed using a
video camera and a room microphone in the sleep labora-
tory room, and notes on patient behavior are taken by the
attending personnel at night.

Additional duties of the sleep laboratory involve day-
time testing of drowsiness and sleepiness during mono-
tonous situations or at specific tasks (e.g., a driving
simulator, reaction time tests, performance tests).

Table 1. The International Classification of Sleep
Disorders (ICSD) is Organized in Several Subcategories of
Sleep Disorders (5)

I. Dyssomnias
A. Intrinsic Sleep Disorders
B. Extrinsic Sleep Disorders
C. Circadian Rhythm Sleep Disorders

II. Parasomnias
A. Arousal Disorders
B. Sleep–Wake Transition Disorders
C. Parasomnias usually associated with REM

Sleep
D. Other Parasomnias

III. Medical / Psychiatric Sleep Disorders
A. Associated with Mental Disorders
B. Associated with Neurological Disorders
C. Associated with other Medical Disorders

IV. Proposed Sleep Disorders
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2. THEORY OF SLEEP RECORDING

The sleep recording is performed with a test called cardi-
orespiratory polysomnography (Fig. 3). Cardiorespiratory
polysomnography consists of a set of established signals
recorded on a polygraph. Based on cardiorespiratory poly-
somnography, the most common sleep disorders can be
diagnosed. The success of treatment studies can be suc-
cessfully evaluated. Cardiorespiratory polysomnography
requires a minimum of 12 physiological signals (6). The
signals are indicated in Table 2 as mandatory. Mandatory
is a electromyogram of one leg. The separate recording of
both legs is much better in order to detect twitches and
movement disorders from both legs (7) (Table 2).

1. The recording of a cardiorespiratory polysomnogra-
phy always requires electrophysiological signals to
recognize the sleep stages. The minimum set of
signals has been described with full detail in the
recommendations by Rechtschaffen and Kales (8)
(see ‘‘Sleep’’). The minimum requires one EEG lead
with electrode positions placed either at C3-A2 or at
C4-A1 according to the 10–20 system for placement
of electroencephalography electrodes on the skull. It
is well established to have at least one second EEG
lead in order to have an alternative signal if one lead
loses quality during the night. Two EOG leads are
always needed. Often, they are abbreviated as ROC
(right outer cantus) and LOC (left outer cantus). The
electrodes are arranged in such a way that the eye
ball movements result in signals going in opposite
deflections, whereas head movement and EEG arti-
facts result in signals going in the same deflection.
One EMG on the chin is required. The chin muscles
present a perfect signal to record muscle tone in
general. Based on these signals, sleep scoring can be
done. The rules for sleep scoring are also given by
the recommendations of Rechtschaffen and Kales
(see ‘‘Sleep’’). According to this manual, it is possible
to distinguish the sleep stages: wake, REM sleep,
and nonREM sleep stages 1 to 4. NonREM sleep
stages 1 and 2 are summarized as ‘‘light sleep’’ and

stages 3 and 4 are summarized as ‘‘deep sleep’’ or
‘‘slow-wave sleep’’ because of the dominance of slow
delta waves in the EEG. Sleep scoring is performed
for time episodes of either 20 or 30 seconds duration
called ‘‘epochs.’’ An 8-hour sleep consists of 960 30-
second epochs to be classified visually. The visual
sleep stage scoring according to the rules of Re-
chtschaffen and Kales is regarded as the gold stan-
dard for sleep classification (8). Aside from the
scoring of sleep stages, interruptions of sleep, or
central nervous activations, so-called arousals from
sleep are evaluated and counted (9). An arousal is an
increase in EEG frequencies for at least 3 seconds
and less than 15 seconds. It may occur during any
sleep stage. During REM sleep, an additional in-
crease in EMG muscle tone occurs. A certain num-
ber of arousals, often associated with changes in
body position, are found during normal sleep. An
excessive number of arousals disturb sleep consider-
ably.

2. To detect sleep-related breathing disorders, it is
necessary to record oronasal airflow, respiratory
movements with two independent signals at the
ribcage and the abdomen, and the effect of respira-
tion expressed as blood gases (Fig. 4) (see ‘‘Sleep
apnea’’). The most convenient way to record blood
gases is pulse oximetry. The gold standard to record
respiration is the quantitative recording of airflow
using a pneumotachograph with a closed face mask
and the quantitative recording of respiratory effort
using intrathoracic pressure changes with an eso-
phageal pressure transducer (10) (see ‘‘Sleep ap-
nea’’). Both of these methods have the trade-off of
not being very comfortable to the patient and, in
addition, they may disturb sleep. Therefore, usually
less intrusive and less accurate methods are used for
the recording of respiration. Among the less intru-
sive methods, pressure transducers appear to be
best for airflow and inductive plethysmography for
respiratory effort. The pressure transducers do mea-
sure air pressure with nasal prongs. Between abso-
lute flow values and pressure, a quadratic
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Figure 2. Sleep profile of a patient suffering from sleep apnea. This patient has many awakenings
during sleep and, thus, complains about nonrestorative sleep. In addition, the sleep lost includes
almost all deep sleep phases and most of its REM sleep. As a consequence, this patient experiences
excessive daytime sleepiness.
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relationship exists that can be considered with
dedicated amplifiers or postacquisition correction
by algorithms. Inductive plethysmography is the

best noninvasive method for respiratory effort be-
cause the principle is based on frequency changes of
an induced high frequency (B150kHz) in a coil

Figure 3. An example of signals recorded in a sleep laboratory exactly as required by the
standards for cardiorespiratory polysomnography. The example presents 30 seconds corresponding
to one epoch. Looking at the EOG, it is visible that the epoch contains REM sleep with rapid eye
movements and an apnea event for more than half the epoch. The apnea is terminated with an
arousal in the second half of the epoch, respiration starts again and in the EEG, clear alpha waves
can be observed, which confirms the arousal. Heart rate increases with the arousal and blood
pressure increases with the arousal too.

Table 2. Signals Required for Cardiorespiratory Polysomnography

Function Signal
Mandatory/
Optional Method

1 Sleep Electroencephalogram EEG (2 leads) M Electrophysiological electrodes
Electrooculogram EOG (2 leads) M Electrophysiological electrodes
Electromyogram submentalis EMG

(1 lead)
M Electrophysiological electrodes

2 Respiration Oronasal airflow M Thermistor, thermocouple probe,
differential pressure

Ribcage and abdominal movement (2
leads)

M Piezo sensors, impedance or inductance
plethysmography

Snoring noise O Microphone, pressure swings, foil
sensors

Oxygen saturation M Pulse oximetry
Esophageal pressure O Pressure sensors
Blood gases, endtital pCO2 O Transcutaneous O2 and CO2 partial

pressure sensors, ultrared absorption
spectroscopy (URAS)

Mask pressure on ventilation O Pressure transducer
3 Cardiovascular ECG, heart rate M Electrophysiological electrodes

Arterial blood pressure O Pressure transducers, indirect
techniques

4 Movement Electromyogram tibialis EMG (2
leads for the legs)

M Electrophysiological electrodes

5 Position Body position M Switches, mechanical
6 Brain, neurology Electroencephalogram EEG O Electrophysiological electrodes

Gastrointestinal system Esophageal pH O pH sensor
7 Circadian system Core body temperature O Thermistor, thermocouple probe
8 Behavior Video, audio M Camera, microphone

Mandatory and optional signals are indicated.
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around the body. The change in signal is propor-
tional to the enclosed area, according to Thompson’s
law of inductance. Most other respiratory belts use
piezo-elements, which only assess changes in length
or circumference of the chest and the abdomen. In
addition, the small piezo-sensors pick up changes
only at a small part of the respiratory belt, and
therefore, these signals often have small amplitudes
and are confounded with artifacts (e.g., body move-
ments, cardiogenic movements).
The respiratory signals are used to detect events

of sleep-related breathing disorders such as apneas
and hypopneas. If the respiratory flow is reduced to
less than 50% of normal flow, then the event is
classified as hypoventilation or hypopnea. If the
flow is zero or less than 10% (for practical reasons),
then the event is classified as an apnea. After that,
the events are subclassified into obstructive, mixed,
or central events. Obstructive events do exhibit
respiratory cessation of airflow with ongoing re-
spiratory effort. This ongoing respiratory effort can
be recognized by respiratory movements in opposite
directions at the chest and the abdomen belt. Cen-
tral events do exhibit respiratory cessation of airflow
with no respiratory effort in either belt. If cessations
of airflow have some initial seconds without and
some subsequent seconds with respiratory effort
movements, then the event is called a mixed apnea
or hypopnea (Fig. 5).
A tracheal microphone or, as a less favorable

alternative, a room microphone to capture snoring
noise serves as an indirect way to detect partial
upper airway obstruction during sleep. A complete
obstruction cannot be detected because no sound is
produced. Simple piezo-microphones are sufficient to
capture snoring noise. For subsequent interpreta-
tion, the microphone recordings are only interpreted
in terms of relative loudness, and therefore, the
recording of this signal does not need to preserve
sound signal characteristics. As a consequence, a
low sampling rate of 100Hz, which is severe under-
sampling, is still sufficient. A better analysis of

tracheal sounds would evaluate the proportion of
low frequencies (below 800Hz) on total signal power
with the use of a hardware filter to discriminate
snoring from general breathing noise (see ‘‘lung
sounds’’). To preserve the full-frequency content of
snoring noise, a sampling rate of 5000Hz would be
needed.
The recording of blood gases is usually limited to

pulse oximetry. Pulse oximetry can detect changes
in oxygen saturation by evaluating light extinction
of hemoglobin either using transmission or reflec-
tion of red and infrared light (B660nm and
B940nm). In case of transmission oximetry, the
absorption is recorded over time and both signals
are analyzed. Both signals are composed of a con-
stant absorption component caused by tissue ab-
sorption and a pulsatile absorption component
corresponding to the heartbeat with the arterialized
blood. The pulsatile absorption component is used
for the calculation of oxygen saturation. This calcu-
lation cannot consider the contributions by meth-
hemoglobin and carboxy-hemoglobin. Dedicated al-
gorithms try to correct this systematic error by the
inclusion of device-specific calibration data. The
time course of oxygen saturation allows the easiest
detection of apnea and hypopnea events. Unfortu-
nately, results vary depending on the manufacturer
of the pulse oximeter and the device settings (11). In
a considerable number of patients, the interpreta-
tion of oxygen saturation is limited. As a result of
the oxygen-binding curve, oxygen saturation may
not show clear drops with apnea or hypopnea events
in a patient with a healthy lung and a very high
blood gas baseline. In patients with additional lung
diseases (e.g., chronic obstructive pulmonary dis-
ease) the baseline oxygen saturation may be low
even when awake. In these patients, it is difficult to
detect apnea-related desaturation events based on
the time course of oxygen saturation.
A better interpretation of the blood gases situation

is obtained by the investigation of CO2 in patients
with chronic obstructive pulmonary disease or with
alveolar hypoventilation during sleep. The recording
of CO2 is done with a capnography based on the
ultra-red absorption spectroscopy (URAS). The de-

Figure 4. The recording example demonstrates the respiratory
signals in a compressed visualization for better classification of
sleep-related breathing disorders. The example shows normal
respiration during sleep (NAF¼nasal airflow, RC¼ ribcage, Abd
¼abdominal movements). Inductive plethysmography has been
used for respiratory movement recording.

Figure 5. The recording example shows a sequence of mixed
sleep apnea events. The recording method and the signal labels
are the same as Fig. 4.
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rived readings are end-tidal CO2 values. This tech-
nique analyzes small amounts of air continuously
sucked out of a nasal mask to collect exhaled air. The
disadvantage of this method is impairment of pa-
tient sleep comfort because of the need for a mask or
a small tube inserted in the exhaled air. Another
disadvantage is that CO2 cannot be analyzed during
the course of an apnea because no airflow exists.
Only after the end of an apnea, when breathing is
resumed, can CO2 be determined.
In neonates and small children with respiratory

problems during sleep, the monitoring of blood gases
is very important. These children can be at risk for
sudden infant death. The recording of blood gases is
done best with transcutaneous O2 and CO2 partial
pressure electrodes (Severinghaus electrodes). The
technique uses heated electrodes on the skin. The
electrodes must be attached carefully because place-
ment and sensor temperature are important modi-
fiers for signal quality. If the sensor is placed
correctly, then the time course of the signal is very
reliable and it usually exhibits a constant offset
compared with invasive partial pressure O2 and
CO2 values because of diffusion through the skin.
As the electrodes are heated, their position needs to
be changed every 90minutes or, alternatively, two
electrodes are applied and the heating is switched
between the two. As a result of these limitations,
this technique is rarely used in adults.
Patients with sleep-related breathing disorders

are most often treated with a ventilator therapy
applied by a nasal mask (see ‘‘Sleep apnea’’). The
most common method is nasal CPAP (continuous
positive airway pressure). If patients have problems
accepting the continuous positive pressure (usually
applied with a pressure between 4 cm H2O and
18 cm H2O), then nasal BiPAP (bi-level positive air-
way pressure) with a slightly lower expiratory pres-
sure (usually 4 cm H2O lower than inspiratory
pressure) is applied. If a cardiorespiratory sleep
study is conducted as a ventilation therapy control
study in a patient using CPAP, BiPAP, or other
modes of ventilation, it is recommended to continu-
ously record the applied air pressure at the nasal
mask. The fluctuations observed in the air pressure
signals can serve as a very good alternative to a
thermistor or thermocouple respiration signal. In
addition, if the pressure transducer has a rapid
pressure response, which allows the detection of
high-frequency pressure fluctuations, then these
can be evaluated in terms of snoring persisting
under ventilation therapy.

3. The standard for cardiovascular signals is the re-
cording of one lead of ECG during cardiorespiratory
polysomnography. One lead of ECG can be used to
derive heart rate and may give hints on the presence
of arrhythmias. ECG and heart rate are also used to
investigate sleep-related transient tachycardia or
bradycardia. Some arrhythmias may be associated
to specific sleep stages (e.g., REM sleep). Heart rate

changes are very characteristic for sleep apnea.
Along with each apnea event, a relative bradycardia
followed by a relative tachycardia is observed. This
pattern has been described as a cyclical variation of
heart rate. Changes in heart rate also occur with
arousal from sleep (Fig. 3). Central nervous activa-
tions cause an increase in heart rate.
Even if guidelines exist for regular 12-lead ECG

and Holter ECG recordings, no established evalua-
tion guidelines exist for the recording of ECG during
sleep. It is possible to refer to general long-term
ECG analysis if sampling rate and leads are chosen
according to those criteria (see ‘‘ECG,’’ ‘‘heart rate,’’
‘‘heart rate during sleep’’), which would require the
recording of at least two leads of ECG.
The recording of blood pressure has major impor-

tance for sleep recordings because elevated blood
pressure presents the direct link to cardiovascular
consequences of sleep disorders. Several studies did
prove that obstructive sleep apnea is an indepen-
dent risk factor to develop daytime hypertension
with an increased morbidity and mortality. Blood
pressure shows immediate rises with events of
apnea and shows impressive changes with sleep
stages (Fig. 3). There are reports on REM-sleep-
associated hypertension with sudden nocturnal nose
bleeding. Unfortunately, most measurement meth-
ods either disturb sleep or are invasive. Therefore,
no method has been established as a gold standard
for sleep so far. The method used most is a blood
pressure reading using periodic arm cuff inflations.
These arm cuff inflations disturb sleep quite often.
As a consequence, the blood pressure readings do
present readings for nocturnal awakenings more
often than for continuous sleep. Also, the arm cuff
readings cannot keep track of such rapid blood
pressure changes, as they are observed in sleep
apnea and during arousals. The method of finger-
photoplethysmography provides a continuous blood
pressure signal derived from one (e.g., Finapres) or
two inflated finger cuffs (e.g., Portapres). In order to
obtain valid pressure traces, it is extremely impor-
tant to apply the finger sensors carefully and then
cross-check with arm cuff pressure readings in the
beginning. The signal proved to have high reliabil-
ity, but the finger cuffs create some discomfort
because the venous return of blood flow is reduced,
which may disturb sleep as well. The gold standard
for blood pressure is the invasive arterial line pres-
sure recording, which requires intensive care-like
settings and it is only used in few and very specific
sleep laboratory studies.

4. For limb movement recording, the gold standard is
to record the EMG at the tibialis muscle with two
ECG electrodes placed 5 cm apart on the skin of the
lower leg where the m. tibialis is found (12). Usually,
both legs will be recorded with two bipolar EMG
leads. The required minimum is one EMG leg re-
cording.
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5. The recording of body position is essential because
body position may modify many sleep disorders. In a
considerable percentage of patients, sleep-related
breathing disorders do occur in one body position
exclusively. Therefore, it is very useful to keep track
of this modifier and include the results in the sleep
laboratory report. Simple sensors make use of a
weight and a circular resistor to code the angle of
the body into a continuous voltage. Other transdu-
cers use miniature contacts in a small housing to
convert the angle of the body into a voltage or a
digital code. Switch or contact-based sensors are
usually able to code not only the angle but also
upright or supine position, which is very useful in
order to have an indirect indication for patient
behavior based on a biosignal.

6. The optional signals are selected according to the
disorders to be diagnosed in a particular patient.
Most often, additional EEG leads are used. Addi-
tional EEG leads are useful to see the spatial dis-
tribution of sleep-related EEG patterns. The
additional EEG leads are indispensable in the case
of sleep-related epilepsy or other neurological dis-
orders with sleep disturbance associated.
Some patients complain about gastroesophageal

reflux events during the night. With these patients,
it is useful to record the esophageal pH in order to
see whether more gastric acid reflux events occur
during the night and whether they are related to
nocturnal awakenings. A reflux event is defined as a
drop in esophageal pH below a value of 4 for at least
30 seconds. It is common to find nocturnal reflux
events in patients with such complaints. Few pa-
tients without complaint of esophageal reflux do
have such events during the night. The majority of
the nocturnal gastroesophageal reflux events are
observed during awakenings from sleep or are asso-
ciated with an arousal event during sleep. Very few
events are found during undisturbed sleep without
any arousal. The potential danger of nocturnal
reflux events is that the natural esophageal clear-
ance during sleep is much slower because of reduced
motor activity of the esophagus and because the
patient is lying horizontally.

7. If disorders of the circadian rhythm are investi-
gated, the recording of core body temperature can
give insights on the actual circadian phase of the
patient (1). Core body temperature is closely linked
to the circadian system and its recording will allow
conclusions on jet lag, delayed, or advanced sleep
phase problems. The normal difference between
maximum and minimum body temperature in the
diurnal rhythm are close to 0.51C. Rectal or ear
temperature probes are most appropriate. Body
temperature depends much on physical activity,
postural changes, psychological excitement, type of
food, and environmental conditions. Therefore, a
scientifically correct and undisturbed recording of
body temperature requires extremely standardized
settings that are not available in a sleep laboratory

with settings for clinical routine. High-quality body
temperature recording requires a ‘‘constant routine’’
protocol with a well-defined reduction of all external
‘‘zeitgebers,’’ which means a constant low level of
light, a protein-reduced food given at fixed intervals
during the day and night, isolation from external
light and external sound sources, and lying in bed
for at least 26 hours without any activities beside
questionnaires and psychophysiological tests. This
kind of recording condition for circadian phase is a
special variant of sleep laboratories, and it is con-
ducted by few specialized circadian sleep labora-
tories.

8. In addition to the physiological signals, a sleep
laboratory for clinical diagnosis and treatment of
sleep disorders should provide the possibility for
audiovisual recording of the sleeping subject. Video
recording is useful to document sleep apnea events,
movement disorders, epileptic seizures, or REM
sleep behavior disorders with uncontrolled move-
ments during sleep. Usually, patients are not aware
of any of the events occurring during sleep. Talking
during sleep can be recorded using an additional
audio channel. The presentation of these recorded
events to the patient by the physician the next
morning may be very helpful to explain the disorder
to the patient and to educate him about the need to
use the optimal therapy as recommended. This
education improves acceptance of therapy in many
patients.

3. THEORY OF DIGITAL SLEEP RECORDING

The digital recording of polysomnography follows the
requirements concerning sensors and signals as specified
above. In addition, some more issues need consideration
because of the digital recording and storage of signals (13).
A digital polysomnography system has to follow specific
rules in order to keep a high quality for digitized signals
for good presentation on computer screens and for analy-
sis by subsequent analysis algorithms. The sampling rate
and minimal sampling rate are given in Table 3. When a
particular sampling rate is chosen, it is important to obey
the antialiasing filter in addition to the usual electrophy-
siological filter settings. The digital range of the A/D-
converter should provide a range of 12 bit or 16 bit.

In order to present signals to a sleep expert on the
computer screen, one should follow the standards for
interpretation by Rechtschaffen and Kales (8). Sleep inter-
pretation can be done in either 20- or 30-second epochs.
For a thumb calculation of the visible computer screen
resolution, we chose 30-second epochs. If a screen resolu-
tion of 1280� 1024 pixels is used and some signal label
and frame information is subtracted, we might have 1200
pixels for the display of 30 seconds of EEG, which equates
to 40 pixels per second. A sleep spindle has a frequency
range of 14–16Hz and beta waves have frequencies be-
tween 16Hz and 25Hz, which is already almost impossi-
ble to distinguish on a screen with this limited resolution.
Therefore, it is recommended to use at least 1600� 1400

SLEEP LABORATORY 7



pixel resolution for computer monitors installed for sleep
EEG monitoring and evaluation.

4. THEORY OF COMPUTER-BASED SLEEP ANALYSIS

The primary purpose of digital polysomnography is:

1. monitoring of data from different electrodes and
sensors during sleep for unexpected events and
continuous quality control;

2. recording of data on digital media with appropriate
resolution;

3. visualization of recorded data for review and classi-
fication purposes, support of classification task (e.g.,
visual marking of events and scoring of sleep
stages); and

4. archiving of recorded sleep data as well as archiving
of reports.

Almost all currently available sleep recording systems are
computer-based, usually PCs, and provide more or less
help for automatic or at least partial automatic analysis of
the sleep recording (14). Some parts of the signal analysis
are straightforward in terms of algorithms, whereas
others are much more complicated and their results are
often not satisfying for the medical user.

4.1. Sleep Analysis

Automated sleep analysis primarily focuses on the sleep
EEG signal. Several analysis algorithms restrict them-
selves to the analysis of one EEG only. The definition of
sleep stages, according to the recommendations of Re-
chtschaffen and Kales, do require the interpretation of
EOG and EMG in addition (8). Therefore, some, but not
all, sleep analysis software also evaluates EOG, and only a
few programs evaluate EMG. The adding of EOG analysis
in terms of slow and rapid eye movements improves
automatic sleep analysis considerably.

The analysis of the sleep EEG first requires the re-
moval of artifacts. Artifacts can occur as a result of many
causes. Electrode cable movements are a common cause.
Changes in electrode impedance do cause waves that can
be misinterpreted. Also, there may be ECG, EOG, and

EMG artifacts in the EEG signal. As much as possible,
these influences have to be removed. The analysis of
background sleep EEG activity can follow as a first step
to detect sleep stages. The analysis of background activity
will quantify the amount of alpha, beta, theta, and delta
waves. The analysis of these waves can be any kind of
spectral analysis (e.g., Fourier transform, filter banks, or
time-domain wave analysis). The result of this part is
usually power in the defined frequency band. The next
step is the detection of distinct patterns in the sleep EEG.
Such sleep patterns are the K-complex, the sleep spindle,
and the vertex wave. The recognition of these patterns is
important because the occurrence of sleep spindles and K-
complexes is essential for the definition of sleep stage 2
according to Rechtschaffen and Kales recommendations.
Aside from that, the number of sleep spindles increases
with some specific sleep medications (e.g., benzodiaze-
pines), and therefore, their occurrence may be of high
interest in the later sleep report. After having identified
waves and patterns at a high time resolution (a resolution
of 1-second appears to be appropriate), the next step is to
map these high time and component resolution results to
the low time and stage resolution sleep classification, as
defined by Rechtschaffen and Kales, which means a re-
duction to five sleep stages (stage 1–4, REM) and a
reduction to 30-second epochs. In order to achieve this
reduction, many different methods had been applied and
tested against each other. No optimum method has been
identified. The methods are based on either rules, neural
networks, or fuzzy logic approaches. All methods try to
mimic the visual classification of Rechtschaffen and Kales.
The accuracy of the automatic sleep staging is measured
against the visual sleep staging and may come as close as
90% in some studies. Algorithms based on sleep EEG
alone do have difficulties to distinguish wake, sleep stage
1, and REM sleep. Many algorithms do have difficulties
distinguishing sleep stage 3 and 4, as this is just a gradual
difference in the amount of delta wave. The biggest
advantage of automatic sleep analysis is that it can
provide objective and quantitative measures of spectral
power in specific frequency bands, by which it is possible
to observe small influences on sleep EEG that may not be
reflected by rough sleep stages evaluation. A good and

Table 3. Minimal Requirements for Digital Recording of Sleep Data

Signal Quantification per bit Sampling Rate Filter Settings

EEG 0.5uV (1.0) 200Hz (100) 0.3–40Hz
EOG 0.5uV (1.0) 200Hz (100) 0.3–40Hz
EMG 0.5uV 200Hz 10–75Hz
ECG 10uV 250Hz (100) 0.3–100Hz
blood pressure 1mmHg 100Hz (25) 0.0–40Hz
esophageal pressure 1mmHg 100Hz (25) 0.0–40Hz
respiration Arbitrary 25Hz 0.1–10Hz
SpO2 1% 4Hz (1) -
pO2, pCO2 0.1mmHg 4Hz (1) -
temperature 0.05 C 4Hz (1) -

Minimal values are given in brackets. Common filter settings are specified. A low frequency of 0.0Hz indicates that the amplifier must preserve the D.C.

component. A ‘-’ indicates that the D.C. component is most interesting and that the frequency content is not of interest. Internal antialiasing should be

respected for the acquisition.
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important example is the added information described as
sleep spindle density (Fig. 6).

Currently, the definitions for the sleep stages, accord-
ing to the recommendations of Rechtschaffen and Kales,
are being reassessed by an American Academy of Sleep
Medicine Committee. The revision will include changes for
visual interpretation and for digital sleep recording based
on published literature.

4.2. Analysis of Respiration

The analysis of respiration is essential for the recognition
of sleep-related breathing disorders. The main issue is to
identify events of sleep apnea and hypopnea and to
distinguish the different categories, such as obstructive,
mixed, and central apnea. In addition, the drops in oxygen
saturation must be evaluated. Recognition and removal of
artifacts is the first step in the analysis of respiratory
signals. The type of analysis depends much on the type of
signals, because signal characteristics vary significantly
with the type of sensors used for respiration. Flow mea-
surements with pressure transducers produce completely
different signals compared with thermistor or thermocou-
ple sensors. The same is true for respiratory movements.
Esophageal pressure, inductive plethysmography, impe-
dance plethysmography, and piezo-belt sensors produce
completely different signals. Therefore, the respiratory

signal analysis is usually optimized for a specific set of
sensors. After this has been specified, the analysis itself is
straightforward. The first task of the analysis is to recog-
nize the individual breath and to calculate its amplitude.
Based on amplitude criteria, it is possible to define an
apnea (amplitude drops to zero or below 10% of normal
value) and to define hypopnea (amplitude drops below
50% of normal value) (10). The minimum event duration is
10 seconds. The calculation of ‘‘normal value’’ is usually a
tricky issue solved by different approaches. One possibility
is to use the mean amplitude of 2minutes preceding the
apnea event. The recognized respiratory events are
usually checked by a trained sleep expert in order to
adjust amplitude criteria in the specific patient and to
reject artifacts caused by movement, changes in posture,
and signal quality. The result of the analysis is the total
number of apnea and hypopnea events, sometimes split
according to sleep stages, split according to different body
positions, and the calculated apnea/hypopnea index (AHI),
which is the number of apnea and hypopnea events per
hour of sleep.

4.3. Analysis of Cardiovascular Signals

Based on a one-lead ECG recording only, little analysis is
possible. The crucial task is a very reliable R-wave detec-
tion with proper treatment of artifacts and ectopic beats.

Figure 6. The automatic sleep evaluation of one night shows the visual sleep staging according to
Rechtschaffen and Kales (original R&K) and the automatically determined sleep staging (recon-
structed R&K). Below are continuous parameters calculated from the sleep EEG. These are
measures for sleep spindles, for wakefulness or arousal, for slow-wave sleep, and finally the
residuum calculates as 1.0 – wake – slow-wave-sleep. This residuum is called nonslow-wave sleep
in this analysis.
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After that, the analysis is usually limited to the calcula-
tion of heart rate. Based on the heart rate, periods with
low and high heart rate are detected and counted. The
thresholds should be set by the user of the analysis system
in order to adjust for age and for specific concomitant
disorders, such as diabetes. An acoustic alarm during the
monitoring phase associated to very low and high heart
rate is often implemented in order to alert the attending
personnel at night to check the situation. This alarm is
similar to alarms provided by pulse oximetry devices. In
patients with sleep apnea, an additional analysis that
identifies the cyclical variation of heart rate associated
with sleep-related breathing disorders is very useful. The
cyclical variation of heart rate consists of relative brady-
cardia during each apnea followed by relative tachycardia
during each compensatory hyperventilation. Time-fre-
quency presentations of heart rate variability over the
course of the night are very useful to identify this char-
acteristic pattern.

Blood pressure in normal subjects shows a drop in
systolic, mean, and diastolic values during the night,
which is called the nocturnal blood pressure dip. Analysis
to recognize this dip in blood pressure has been imple-
mented in ambulatory blood pressure recording software.
No currently available sleep analysis system has such a
blood pressure analysis implemented.

4.4. Analysis of Movement and Optional Signals

The analysis of nocturnal movements in terms of periodic
leg movements is straightforward and very reliable be-
cause the definitions for scoring of leg movements are
unambiguous (12). Leg movements of at least 0.5 second
duration have to be detected from the EMG tibialis. Trains
of leg movements with at least 4 events separated by 4 to
90 seconds are called periodic leg movements. The analy-
sis of muscle tone in order to support sleep staging is
difficult, and no reliable method has been established for
this purpose. Only relative changes in the amplitude of
the EMG can be evaluated, and the EMG amplitude is
often confounded by ambient noise or by ECG artifacts or
other movement artifacts. Degrading electrode impedance
over the course of the night significantly affects EMG
signal quality, which is difficult to recognize with auto-
matic analysis.

5. EQUIPMENT

The equipment for polysomnography has undergone big
changes in the last 10 years. From analog equipment, it
moved toward digital recording equipment and then, by
making use of miniaturization, the equipment developed
toward small and portable sleep recording systems. The
use of portable systems outside of sleep laboratories are
still not the common practice because no supervision and
no ability for interventions exists, and therefore, financial
reimbursement schemes have not been clarified until to-
day.

5.1. Analog Sleep Recording Equipment

Among analog equipment, the systems with the highest
reputation are the Grass polygraph machines. Some are
still in use. The systems had analog amplifiers and analog
filter settings. The recording was performed on paper with
ink. Thus, the resolution of recorded signals was limited to
the width of the ink line and the speed of the paper. Some
specific recording artifacts such as ‘‘pen blocking’’ or
curved traces at high amplitudes because of the pen angle
do not occur any longer in a digital recording system. The
main advantage of the paper-based system compared with
computer-based systems is the possibility to get a quick
overview on a recording, because an experienced person
can browse through a pile of paper and catch the most
important features, whereas it takes considerably longer
to page through a digital recording in front of a computer
and find the relevant spots to have a closer look.

5.2. Computer-Based Sleep Recording Equipment

Today, all systems sold for sleep labs are computer-based
polysomnography systems. Many systems do have pro-
grammable amplifiers and filters. With this technique, the
electronic hardware can be simple and similar for all
channels. Most systems use a small body-worn preampli-
fication box, usually including a body position sensor to be
attached on the chest of the patient, and one long cable to
the sleep computer or a bedside amplification unit. The
bedside unit can be connected to a hospital network with
PCs using standard TCP/IP protocols. The sampling rate
of the amplification unit can be set in a range of different
rates and complies with usual user needs (Table 3). Data
are displayed on a computer screen and are often stored on
a hard disk with just antialiasing filters and no further
signal-related filtering. Many systems use configurable
digital filters for the visual presentation of the signals on
the computer screen or paper page. Data are often stored
using proprietary data formats. In practice, the biggest
advantage of digital sleep recording is the little space
required to archive the recordings compared with huge
piles of printed paper. Other advantages are easy accessi-
bility to archived recordings because CD-ROMs with raw
data may be at hand, the ability to print out data, and to
reproduce reports as often as required. A very big advan-
tage is the possibility to process data in order to obtain
quantitative and comparable sleep analysis results.

Throughout the sleep laboratories, a raw data inter-
change format has gained a high acceptability. This data
format has been developed within a European Community
funded project on sleep in 1989, and therefore it is called
European Data Format – EDF (15). The data format is
simple and stores raw data in a binary format with a
global data file header and signal-specific headers for each
single channel. Most systems allow a conversion of their
proprietary data format to this exchangeable data format.
Few sleep analyzing systems also allow importing of EDF
files. Supportive software for the Matlab and Labview
programming environment and free viewing software for
the EDF format are available at different websites (http://
www.hsr.nl/edf/index.htm).
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5.3. Portable Equipment

Sleep laboratories are settings near a bed with fixed
installed polysomnography equipment. Miniaturization
has reached a stage where polysomnographic equipment
has become small enough to be portable. In addition,
power consumption is now low enough to manufacture
portable recording of many channels of raw digital data on
large mass storage. Portable polysomnography can record
16 or 32 channels of electrophysiological signals including
respiratory signals. The sensor that requires the most
energy is oximetry because of its LEDs. Portable sleep
recording is used in research studies under extreme
circumstances (e.g., space missions). In a systematic re-
view on portable equipment for sleep recording and in a
resulting recommendation paper, four levels of recording
were defined (16,17). Level 1 is cardiorespiratory poly-
somnography, as described above, with attending persons
and the possibility to intervene. Level 2 is cardiorespira-
tory polysomnography, as described above, but without
attending persons and without the possibility to inter-
vene. Level 3 is a sleep apnea recording system with at
least four channels, consisting of two respiratory channels
for flow and effort, one heart rate or ECG, and one oxygen
saturation. Level 4 is a one- or two-channel system only,
such as long-term ECG, long-term blood pressure, activity
monitoring, or nasal pressure recording. A pulse oximetry
with sufficient memory as a screening test for obstructive
sleep apnea falls exactly in this category and proved to
confirm the disorder of sleep apnea but not to rule out
patients reliably (18). The latest recommendation paper
states that medical evidence for correctly ruling in or
ruling out patients with suspected sleep-related breathing
disorders or doing both exists only for level 1 systems and
not for any of the portable systems without attending
persons (19).

5.4. Assessment of Daytime Sleepiness

A sleep laboratory must provide methods to test daytime
sleepiness. Low daytime sleepiness and the ability to react
adequately to given tasks is the desired outcome of
restorative sleep. The generally accepted assessment of
daytime sleepiness is the multiple sleep latency test. For
this test, a person is instructed to come to the sleep
laboratory every two hours, lay down in the dark room,
relax, and try to fall sleep within 20minutes. Using the
EEG, EOG, and EMG with the rules of Rechtschaffen and
Kales, the latency to fall asleep is determined. This test
consists of at least four to five such 20-minute sessions
separated by 2 hours each after having spent one night in
the sleep laboratory. A latency above 15minutes is re-
garded as normal, a latency between 10 and 15minutes is
regarded as a little sleepy, between 5 and 10minutes as
moderately sleepy, and less than 5minutes as severe
sleepiness. In sleep disorders such as narcolepsy, patients
may show immediate REM sleep during this test, which is
called ‘‘sleep-onset REM.’’ Otherwise healthy persons may
only show sleep-onset REM in the case of extreme sleep
deprivation. Daytime sleepiness is also tested with a
number of different tests not established in sleep medi-
cine. Examples include reaction time test, flicker fusion

test, computer-based tracking tasks, computer-based
drive simulators, or pupillography, a test to measure the
fluctuations of the pupil of the eye. These tests are usually
short (e.g., 5 to 30minutes) and many of them depend on
the motivation of the tested person. Objectivity versus
motivation remains to be the biggest problem in the
assessment of daytime sleepiness under test conditions.

6. EVALUATION

6.1. Reliability of Visual Sleep Analysis

Evaluation studies have tested the reliability of the gold
standard for sleep stage scoring, respiratory event scoring,
and periodic leg movement scoring. Reliability studies can
test the reliability of one human scorer for repeated
scorings (intrarater reliability) and the reliability of a
human scorer against another human scorer (interrater
reliability). Experienced scorers with much training are
able to produce very similar scorings even after long
breaks between a repetition. In these cases, interrater
reliability is usually above 90% and may reach 96%
matching of previous results (20). Often interrater scoring
is much lower. Only if experienced scorers work closely
together and frequently train each other may they reach
an interrater reliability similar to intrarater reliability. If
they only had one common training session and just
applied the same published Rechtschaffen and Kales
criteria, then interrater reliability has a mean value of
76% (range 65–85%) in healthy subjects and is lower in
patients with sleep-related breathing disorders with a
mean value of 71% (range 65–78%) if sleep stages are
compared on an epoch-by-epoch basis (21). The highest
agreement is found for REM sleep followed by wake, slow-
wave sleep (stages 3 and 4), sleep stage 2, and it is worst
for sleep stage 1 (22). The agreement between scorers also
decreases the older the subject being investigated is (22).
Comparative studies therefore underline the need to
develop computer-based quantitative sleep analysis with
clear and validated criteria. Reliability in apnea and
hypopnea scoring is similar to sleep scoring because the
definitions for apnea and hypopnea are fuzzy because of
having ‘‘normal breathing’’ as the reference of amplitude
criteria. Reliability in the scoring of leg movements is
much better because the definition of leg movements is
rather simple.

6.2. Limitations of Computer-Based Sleep Analysis

As the visual classification of sleep stages according to the
recommendations of Rechtschaffen and Kales has its
limitations and has a considerable subjective component,
any computer-based algorithm to mimic these rules can
only come as close as an experienced sleep expert can come
(14). A new automatic sleep staging algorithm is usually
trained by one sleep expert, and therefore comes close to
this person but not to other sleep experts (20). Therefore,
the training of an automatic sleep analysis algorithm is
crucial for later approval by sleep experts (22).

As a result of the fact that considerable differences
between visual sleep scoring and automated sleep analysis
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are always reported, none of the current methods has been
accepted as an alternative for visual sleep analysis.

6.3. Limitations of Current Definitions

The limited acceptance of automatic methods for the
detection of sleep stages and sleep-related breathing dis-
orders is caused by the fact that the current definitions of
sleep stages and apnea/hypopnea have inherent limita-
tions. In order to overcome these limitations, research
must be performed by applying automated methods and
by proving that their results are better suited to solve the
medical problems in the patients with sleep disorders.
Sleep medicine, as a relatively young discipline, is still in
the process of refining current definitions, and therefore, a
great potential to improve definitions exists. Sleep disor-
ders happen at night. However, their consequences, slee-
piness and not being refreshed, are experienced during
the daytime. Better definitions are found if better correla-
tions between daytime functions and nighttime or sleep
features are discovered. The current values derived from
Rechtschaffen and Kales sleep stages, from counting
arousals, apnea and hypopnea events, and periodic leg
movements, do have their limitations. There are some
correlations, but they are not especially high. Therefore,
any method that improves this correlation will catch
major attention in sleep research and sleep medicine.

6.4. Sleep Laboratory Accreditation

Despite all of the limitations, sleep laboratories present an
established entity in the diagnostic process of sleep dis-
orders. Medical associations were established not just for
sleep research but also for sleep medicine during the last
10 to 15 years in many industrialized countries. In order
to ensure the quality of the medical services, guidelines
and recommendations were developed. Training courses
and qualifications for physicians and technicians were
established. To approve the quality of the sleep laboratory
itself, a number of countries (e.g., the United States,
Canada, Germany, Switzerland, Austria, France) estab-
lished a process for accreditation of sleep laboratories.
This process comprises first the review of a written
application with a full description of all facilities (23).
The sleep laboratory must be able to perform attended
cardiorespiratory polysomnography (6), visual sleep scor-
ing, and daytime vigilance testing with all criteria de-
scribed above. The sleep laboratory must have a dedicated
medical director, physicians, and technicians according to
the number of beds serviced. The personnel must be able
to recognize and diagnose all sleep disorders according to
the ICSD (5). After a review of the written application, the
accreditation includes a site visit by a commission. The
members of the commission cover the areas of neurology,
psychiatry, internal medicine, and methodology (23). They
inspect the rooms, the equipment, previous sleep record-
ings, sleep evaluations, and they attend a test recording.
They perform interviews with the personnel in order to
test their expertise. After successfully passing all criteria,
a sleep laboratory is honored with a formal accreditation
by the medical society in the respective country. The
accreditation process requires regular renewal after sev-

eral years. The interval and the details for the accredita-
tion process differ between countries.

6.5. Future Developments

Sleep recording is currently performed in fixed installed
sleep laboratories for medical purposes. Sleep recording
has been performed under ambulatory conditions either
on expeditions, space missions, or on selected research
studies. The miniaturization of amplifiers and digital
storage memory and the advances in battery technology
made the production of ambulatory sleep recording feasi-
ble. The only signal that requires a considerable amount of
electrical power is pulse oximetry, and this signal may not
be needed in research studies on sleep regulation. The
major drawback of ambulatory sleep recording is the lack
of monitoring and intervention, which means that a loose
electrode or a loss in signal quality is often noticed only
after the recording. Or even if it is noticed at the time of
the recording, no trained person is available to correct this
problem. As a result of this limitation and because of the
fact that nobody could intervene if required, ambulatory
sleep recording is not used for medical purposes (19). To
make the difference clear, ambulatory recording is called
‘‘unattended sleep recording’’ in contrast to ‘‘attended
sleep recording,’’ because the attendance of trained per-
sonnel is the key issue for medical applications of poly-
somnography.

New wireless recording techniques are now investi-
gated for sleep laboratories in order to free the patient
from the leads between the body and a head-box or a
bedside box. Efforts are underway to develop sensors with
integrated wireless data transmission, which allows even
less wires on the body. Efforts are being made to improve
sensors and electrodes (e.g., dry electrodes) in order to
minimize artifacts caused by movements and low impe-
dance.

7. CROSS-REFERENCES

Automatic sleep analysis. See Sleep laboratory
Esophageal pH. See Sleep laboratory
Esophageal pressure. See Sleep laboratory
Finapres. See Sleep laboratory
Heart rate. See Sleep laboratory
Polygraph. See Sleep laboratory
Polysomnography. See Sleep laboratory
Portapres. See Sleep laboratory
Sleep recording. See Sleep laboratory
Heart rate during sleep: See Sleep laboratory
Sleep Apnea: See Sleep laboratory
Sleep: See Sleep Laboratory
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SLEEP
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1. INTRODUCTION

Sleep is a reversible, periodical state of quiescence, in
which processing of sensory information is reduced, coor-
dinated behavior is abolished, and cognitive activities
(thinking, planning, reflection) are suspended. During
sleep, wake-state-related activities are stopped. However,
sleep is more than the absence of being awake—sleep is a
regulated process. Prolonging wakefulness increases sleep
propensity (sleep pressure) (i.e., the need or readiness to
sleep). Excess sleep has the opposite effect. Sleep must be
important considering the time spent in this state (about
one-third of life in humans). Nevertheless, the purpose
and functions of sleep have not yet been identified. Un-
raveling its essence constitutes a major challenge for ne-
uroscience and biology. A promising avenue is the
exploration of regulatory features of sleep.

In the past 50 years, much has been learned about the
structure of sleep and circadian and homeostatic processes
in the regulation of sleep, and their interaction were iden-
tified. No human or other mammal has been shown to be
able to dispense entirely with sleep, although sleep need
varies considerably within and between species (1). The
drive for sleep is impressively manifested in sleep depri-
vation experiments when ‘‘sleep pressure’’ becomes over-
whelming and the maintenance of waking is practically
impossible.

Adult humans sleep typically during the night hours
and are awake during the day, which is not only an adap-
tation to the time structure of society where work, school,
and most other activities are scheduled to the daytime
hours, but it is also because of biological factors. The cir-
cadian pacemaker, which generates a rhythm with a pe-
riod close to 24 hours, modulates many functions of the
organism. This endogenous rhythm is synchronized by the
external 24-h cycle, in particular by light. Core body tem-
perature is one of the physiological variables that under-
goes a distinct circadian modulation with a maximum
situated in the late afternoon and a minimum in the early
morning hours. Some hormones are secreted with a 24-
hour (circadian) pattern and, therefore, may serve as fur-
ther markers of circadian phase. The pineal hormone me-
latonin begins to be secreted during the late evening
hours, reaching a maximum level during the night and
declining in the early morning to its low daytime level. It
is known that sleep propensity undergoes a marked cir-
cadian variation, which is roughly the inverse of the core
body temperature rhythm. The maximum of circadian
sleep propensity occurs in close proximity to the minimum
of core body temperature.

Two main hypotheses about the purpose of sleep, al-
though not mutually exclusive, have generated much in-
terest: (1) sleep is restorative for brain metabolism and (2)
sleep serves for memory consolidation.

The focus of this chapter is on human sleep. Neverthe-
less, investigation of sleep in animals is indispensable to
elucidate the function(s) of sleep.

2. PHENOMENOLOGY OF SLEEP

Typical patterns of the electroencephalogram (EEG) in
conjunction with the electrooculogram (EOG) and the
electromyogram (EMG) serve to discriminate sleep and
waking (Fig. 1; see also ‘‘Electroencephalography,’’ ‘‘Sleep
laboratory’’). Since the classic studies in the 1920s and
1930s, it is known that human brain waves increase in
amplitude and decrease in frequency during the transition
from waking to deep sleep. Slow waves have proven to be
valuable markers of sleep intensity and indirectly of sleep
need. Rapid-eye-movement (REM) sleep (Figs. 1 and 2), a
sleep state that occupies 20–25% of adult human sleep was
discovered only in 1953. A reason for the late discovery
was that the EEG signs of this sleep state are inconspic-
uous and resemble the more superficial stage 1 sleep that
typically occurs after sleep onset. Unlike stage 1, REM
sleep exhibits rapid eye movements, which occur phasic-
ally under the closed eyelids in conjunction with a loss of
muscle tone. In addition, autonomic nervous activity
shows increased variations during REM sleep that are
manifested by fluctuations in heart rate, blood pressure,
and respiration, as well as by penile erections (see also
‘‘Sleep laboratory’’). The traditional part of sleep that was
known long before the discovery of REM sleep is presently
referred to with the somewhat deprecatory designation
‘‘nonREM sleep.’’ Other terms for nonREM and REM sleep
are orthodox and paradoxical sleep or quiet and active
sleep (in infants), respectively. NonREM sleep is com-
monly subdivided into stages 1 to 4. The cyclic alterna-
tion of the two basic sleep states (nonREM sleep and REM
sleep; Fig. 2) is one of the hallmarks of sleep. In the adult
human, the nonREM-REM sleep cycle exhibits a period-
icity of 90–100mins.

A set of standard rules for scoring the vigilance states
in humans was established in 1968 (2). The EEG (C3A2 or
C4A1), EOG (left and right eye against one mastoid), and
mental or submental EMG (on or below chin) are the min-
imal configuration to reliably classify (score) the sleep
stages (see also ‘‘Sleep laboratory’’). Epochs of 30 or 20 s
duration are recommended as a basis for defining stages.
A brief characterization of the stages is provided in Table 1
and typical examples are illustrated in Fig. 1. The per-
centage of slow waves (frequency, r2Hz; minimum peak-
to-peak value, 75 mV) is the major criterion for scoring hu-
man nonREM sleep into the stages 2, 3, or 4 (2). Stages 3
and 4 are commonly referred to as slow-wave sleep (SWS).
The conventional sleep scoring method, however, is inad-
equate for a quantitative EEG analysis, because the sleep
stages are based on rather general and arbitrary criteria.
Presently, EEG variables are increasingly assessed by
computer-aided methods of signal analysis. One of the
most important functional EEG variables is referred to as
‘‘slow-wave activity’’ (SWA). It is equivalent to ‘‘delta ac-
tivity’’ and encompasses components of the EEG signal in
the frequency range of approximately 0.5–4.5Hz as ob-

1
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Wake

REM sleep

Stage 1 Stage 4

Stage 3

Stage 2

EEG

EMG

EOG

EEG

EMG

EOG

EEG

EMG

EOG

spindleK-complex

Figure 1. Typical examples of the vigilance states. For a brief definition of the stages, see Table 1.
Twenty-second epochs of each stage are illustrated. Black bar below upper left panel corresponds to
4 s; black bars to the right correspond to 75mV. EEG: derivation C3A2, filtered between 0.16Hz and
49Hz. EOG: differential derivation, filtered as the EEG. EMG: submental (below chin), filtered
between 15.6Hz and 54Hz. In addition, a 50-Hz notch filter was activated. REMS: REM sleep;
nonREM sleep: stages 1 to 4.

st
ag

es

4
3
2
1
R

MT
W

0

1000

2000

E
E

G
 s

lo
w

-w
av

e 
ac

tiv
ity

 [µ
V

2 ]

ra
tio

 E
O

G
/E

E
G

0

1

2

3

4

time [h]

0 1 2 3 4 5 6 7 8

1

10

E
M

G
 a

m
pl

itu
de

 [µ
V

]

Figure 2. Sleep profile, EEG slow-wave activ-
ity (SWA; derivation C3A2), ratio of mean EOG
and EEG amplitude, and mean EMG ampli-
tude of a healthy male subject, age 24.5 years.
Sleep stages were visually scored for 20-s ep-
ochs (W: waking; MT: movement time; R: REM
sleep; 1 to 4: nonREM sleep stages 1 to 4). Data
were sampled with 128Hz. SWA (EEG power
in the 0.75- to 4.5-Hz band) was calculated for
20-s epochs. Mean amplitudes (EEG, EOG, and
EMG) were determined based on the standard
deviation (SD) of the signals of consecutive 20-s
epochs. (mean amplitue¼

ffiffiffi

2
p
� SD).
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tained by spectral analysis (Fig. 2) or other methods of
EEG analysis. Quantitative measures provide a clear
overview of the structure of a sleep recording. Figure 2 il-
lustrates the sleep profile (hypnogram), SWA (power in
the 0.75–4.5Hz range), the ratio of the mean EOG and
EEG amplitudes, and the mean EMG amplitude. Mean
amplitudes of EEG, EOG, and EMGwere calculated as

ffiffiffi

2
p

times the standard deviation (SD) of the signals deter-
mined for consecutive 20-s epochs
ðmean amplitude¼

ffiffiffi

2
p
� SDÞ. SWA is modulated by the

nonREM-REM sleep cycle and exhibits a declining trend
in the course of the night (Fig. 2). High values of the EOG/
EEG ratio, in combination with low EMG amplitude, are
typical for REM sleep episodes. At the very beginning of
the recording, high values of the ratio are because of eye
movements during waking and sleep onset.

3. QUANTITATIVE ANALYSIS OF THE SLEEP EEG

Computer-aided methods of signal analysis are the basis
to investigate the sleep EEG and to gain insights into
sleep regulation. Quantitative EEG analysis has its origin
close to the discovery of the EEG by Hans Berger. In 1932,
Dietsch (3) performed the first Fourier analysis of short
EEG segments at the suggestion of Berger. He measured
enlarged EEG curves manually and calculated the har-
monic components with mathematical tables. It is difficult
to imagine the enormous amount of calculation and time
that was required for such an analysis manually. Knott et
al. (4) performed the first systematic spectral analysis of
the sleep EEG. Power spectra of six subjects were deter-
mined for ‘‘traditional categories of electrical activity dur-
ing sleep (low voltage, spindles, spindles plus random).’’
They reported that electrical activity of the brain is pre-
dominantly slow (1–3Hz), and that total power decreases
with time asleep. They also observed transient activity in
the 12–14Hz band. It has to be kept in mind that REM
sleep was not yet discovered and sleep stages were not
standardized.

These pioneers were far ahead of their time because
this type of analysis was too laborious for routine appli-
cation. Furthermore, digital computers and fast algo-
rithms were not yet available, and a solid theoretical
basis was not established. Spectral analysis of the EEG
was widely adopted when digital computers became avail-
able and after the invention of the fast Fourier transform

(FFT). At present, spectral analysis is frequently applied
in sleep research. Parametric and nonparametric methods
may be used to calculate spectra (5). Parametric methods
are based on statistical models of the signal (e.g., AR or
ARMA models); nonparametric methods are based on the
FFT. For a comparison of the different approaches and
their background, see Kay (5). It is important to note that
spectral analysis is a mathematical approach to quantify
the EEG and does not provide a biophysical model of EEG
generation.

The sleep EEG is a nonstationary signal with typical
changes in total power as a function of the nonREM-REM
sleep cycle (Fig. 2). Nevertheless, by selecting short epochs
in which the parameters of interest vary little, the re-
quirements for stationarity may be fulfilled (quasi-sta-
tionarity). The choice of the epoch length is a compromise
between frequency resolution and stationarity. For spec-
tral analysis, epochs of 2 s to 10 s usually are used.

Figure 3 illustrates color-coded power spectra of an en-
tire night. Spectral activity is modulated by the nonREM-
REM sleep cycle. SWA, spindle frequency activity (SFA;
12–14Hz), and alpha activity (8–12Hz) in the first non-
REM sleep episode can be identified in the color plot by
presence of warm colors. All-night average EEG power
spectra in nonREM and REM sleep are depicted in Fig. 3
(bottom left). In the nonREM sleep spectrum, most power
is observed in the delta range and a clear peak is present
in the spindle range. To visualize the differences between
nonREM and REM sleep spectra, their ratio is calculated
(Fig. 3, bottom right). This relative spectrum revealed
peaks in the delta, alpha, and spindle range that are typ-
ical for nonREM sleep. Below 15Hz power in nonREM
sleep usually exceeds power in REM sleep.

Coherence spectra, a further spectral analytic ap-
proach (6,7), may be used to measure the correlation be-
tween two simultaneous EEG records as a function of
frequency. High coherence in a particular frequency range
indicates the simultaneous and phase-locked presence of
this type of activity in the brain structures from which the
records are obtained. Coherence spectra calculated for hu-
man scalp EEG recordings may thus reveal large-scale
functional connectivities between brain regions or indi-
cate that some cortical regions receive common projections
from subcortical structures. Coherence spectra of the sleep
EEG yielded marked state-dependent differences (8): In
nonREM sleep, distinct peaks in coherence occurred in the

Table 1. Brief Summary of Stage Features According to Rechtschaffen and Kales (2)

Wakefulness (W) EEG contains low voltage mixed frequency activity and/or alpha activity
Movement time (MT) Scoring epoch obscured by movement of the subject
Stage 1 Relatively low voltage, mixed frequency EEG, no rapid eye movements (REMs)
Stage 2 Sleep spindles (12–14Hz) and K-complexes superimposed on background EEG with relatively low

voltage, mixed frequency activity
Stage 3 20–50 % of epoch with high amplitude (Z75mV peak-peak) slow-wave activity (r2Hz)
Stage 4 450% of epoch with high amplitude (Z75mV peak-peak) slow-wave activity (r2Hz)
Slow wave sleep (SWS) Stage 3 and 4 combined
NonREM sleep Stages 1, 2, 3, and 4; sometimes only stages 2, 3, and 4
REM sleep Relatively low voltage, mixed frequency EEG in conjunction with episodic REMs and low-

amplitude EMG (low muscle tone; muscle atonia)

For typical examples see Figure 1.
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low-delta, alpha-, and spindle-frequency ranges that were
not present during REM sleep. The picture emerging from
such an analysis is that coherent low-delta, alpha, and
spindle oscillations in nonREM sleep are superimposed on
basic coherence patterns that are shared by all sleep
states, which supports the conclusion that most of the
time most of the EEG is not obviously rhythmic and that
the state-dependent oscillations account for only a fraction
of the whole energy of the wide-band EEG activity.

An alternative approach to spectral analysis is the
analysis in the time domain. Salzberg et al. (9) introduced
period analysis of the EEG by classifying intervals be-
tween zero crossings into various frequency bands. In ad-
dition, to detect superimposed higher frequencies with low
amplitude, the first and second derivative of the signal
were analyzed. Feinberg et al. (10) published a detailed
description of an algorithm for period-amplitude analysis
(PAA), which promoted its application in sleep research.
PAA appears to be an attractive method because (1) its
concept is straightforward and easy to understand, and (2)
it provides separate measures for the incidence and am-
plitude of waves. Problems develop, however, if PAA is
applied to the raw EEG signal. The major problem is the
dependency of measures in higher frequency bands on
those in lower frequency bands. Particularly, the negative
correlation of the wave incidence measures may lead to
misinterpretations. The ‘‘first derivative method’’ does not
provide a solution, but only reverses the bias toward high
frequencies. Therefore, PAA should be applied only to
band-pass filtered signals. Signal distortion through fil-
tering can be avoided by using digital filters with zero or

linear phase-shifts. PAA after band-pass filtering can be
useful to analyze phasic events.

A shortcoming of spectral analysis is the loss of tem-
poral information. The frequency spectra do not indicate
the time point of a specific change within the analyzed
interval. In an effort to overcome this shortcoming, Gabor
(11) adapted the Fourier transform so that only short sec-
tions of the signal are analyzed at a time. This technique is
called short-time Fourier transform (STFT). STFT is a
compromise between time- and frequency-based views of
the signal; time and frequency resolution are fixed. The
color plot of Fig. 3 represents a STFT of an all-night sleep
EEG recording with a time resolution of 20 s and a fre-
quency resolution of 0.25Hz. A more recent approach of
time-frequency analysis is wavelet analysis, where a so-
called mother wavelet is scaled (stretched and com-
pressed) and shifted leading to a constant relative band-
width (see also ‘‘Electroencephalography’’). The strength
of wavelet analyses lies in its ability to localize events. So
far, the wavelet transform has not been used much in
sleep research (12).

Also, nonlinear approaches have been applied (see also
‘‘Electroencephalography’’). First attempts were based on
the framework of the chaos hypothesis. It was assumed
that the EEG within a particular brain state may be de-
scribed by a deterministic chaotic system, and therefore,
may be characterized by invariant measures such as the
fractal dimension of the corresponding attractor or by the
Lyapunov exponents. Various studies indicated that the
EEG might result from a low-dimensional chaotic process.
In particular, low correlation dimension values were re-
ported for SWS compared with waking, REM sleep, or
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Figure 3. Top: Sleep profile and color-coded
power spectra of consecutive 20-s epochs (av-
erage of 5 spectra calculated for 4-s epochs;
Hanning window). Spectra are color coded on a
logarithmic scale (0 dB¼1mV2). Sleep stages
were visually scored for 20-s epochs (W: wak-
ing; MT: movement time; R: REM sleep; 1 to 4:
nonREM sleep stages 1 to 4). Bottom left: Av-
erage spectra of nonREM sleep (stages 2, 3,
and 4; n¼988 20-s epochs) and REM sleep
ðn¼306Þ. Bottom right: NonREM sleep spec-
trum plotted relative to the REM sleep spec-
trum. Data were sampled with 128Hz. Spectra
were calculated for the derivation C3A2. Only
20-s epochs without artifacts were included in
the average spectra. Same recording as in Fig.
2.
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stage 2. Right from the beginning, these results have been
questioned. From a general point of view, it seems unlikely
that such a complex system as the brain would produce
activity that can be described by low-dimensional dynam-
ics. Moreover, if the existence of a low-dimensional attrac-
tor is assumed, certain requirements have to be fulfilled
for reliable estimates of the fractal dimension. The time
series (i.e., the EEG) has to be stationary, a sufficiently
large number of data points has to be available, and the
signal-to-noise ratio should be reasonable. These require-
ments rarely are fulfilled simultaneously in the case of the
EEG. In addition, correlated noise exhibiting power law
spectra may also result in low values of the correlation
dimension. Thus, spurious low correlation dimensions
may already result from linear stochastic processes. To
reduce spurious estimates, modifications of the algorithm
for the estimation of correlation dimension were proposed,
taking into account linear correlations. Re-examination of
EEG data showing low-dimensional dynamics with the
modified algorithm failed to confirm chaotic dynamics.
Furthermore, it is now common to compare original data
with surrogate data (i.e., data have the same power spec-
trum as the original data but are otherwise random).
Taken together, no convincing evidence for low-dimen-
sional chaotic behavior of EEG data was found. Thus,
many authors dropped the chaos hypothesis and use non-
linear measures such as dimension estimates, entropies,
or Lyapunov exponents as relative measures to quantify
certain aspects of the dynamics of the EEG. However,
without referring to low-dimensional deterministic cha-
otic dynamics, the interpretation of these measures re-
mains equivocal and needs further study.

Since the scoring sleep stages was established (2), var-
ious attempts were made to develop algorithms for auto-
mated sleep staging. Newer approaches are based on
artificial neural networks, fuzzy logic, wavelet analysis,
etc. So far, no standard algorithm has been established
that is accepted by the sleep community. The standard
sleep stages remain the basis for comparison of data be-
tween different laboratories (see ‘‘Sleep laboratory’’).

4. SLEEP REGULATION

Three processes underlie sleep regulation: (1) a homeo-
static process responsible for the rise of sleep propensity
during waking and its dissipation during sleep; (2) a cir-
cadian process that is basically independent of prior sleep
and waking, and is responsible for the alternation of pe-
riods with high- and low-sleep propensity; and (3) an ul-
tradian process occurring within the sleep episode and
representing the alternation of the two basic sleep states,
nonREM sleep and REM sleep.

The term ‘‘sleep homeostasis’’ (13) refers to the sleep-
wake dependent aspect of sleep regulation, because
homeostatic mechanisms counteract deviations from an
average ‘‘reference level’’ of sleep. They augment sleep
propensity when sleep is curtailed or absent, and reduce
sleep propensity in response to excess sleep.

The main characteristics of the homeostatic and the
circadian facet of sleep regulation are summarized in Ta-
ble 2. The major difference consists in the dependence of
the former on prior sleep and waking, and in the sleep-
wake independent property of the latter. Sleep intensity of
nonREM sleep, as measured by SWA, is the hallmark of
the homeostatically regulated process, whereas the REM
sleep fraction of sleep as well as total sleep time are factors
that are influenced by the circadian phase. The brain site
in which the sleep-related circadian rhythms are gener-
ated is known to be the suprachiasmatic nuclei (SCN). By
contrast, the neurobiological substrate of sleep homeosta-
sis is still unknown. Neither the brain sites nor the mech-
anisms underlying sleep regulation have been specified.

4.1. EEG Slow-Wave Activity: A Physiological Marker of
NonREM Sleep Homeostasis

The pioneering studies of Blake and Gerard (14) revealed
already in the 1930s that both the arousal threshold and
the predominance of slow waves in the EEG are high in
the initial part of sleep and then decrease progressively.
Thus SWS, the high intensity portion of nonREM sleep,
appears to be a valuable measure to serve as a physiolog-

Table 2. Homeostatic and Circadian Aspects of Sleep Regulation

Homeostatic Circadian

Influence of prior sleep and waking Yes No
Influence of the circadian phase No Yes
Sleep variables most prominently affected NonREM sleep intensity (physiological

correlate: EEG slow-wave activity)
REM sleep; total sleep time; sleep

fragmentation
Wake EEG variables affected:
Theta activity (eyes open) Yes Yes
Alpha activity (eyes open) No Yes
Nonsleep correlates Unknown Core body temperature; plasma level of

certain hormones (e.g., melatonin,
cortisol)

Regulatory structure in the brain Not yet identified Suprachiasmatic nuclei (SCN) of the
anterior hypothalamus

Effect of lesioning the SCN Still operational Disrupted
Effect of scheduled intensive light exposure

in humans
Time course of slow-wave activity not

affected
Evidence for phase-shift

SLEEP 5



ical indicator of sleep homeostasis. The use of all-night
spectral analysis of the sleep EEG made it possible to
quantify SWS and to delineate its time course with more
precision. Sleep intensity is a central part of the concept of
sleep homeostasis. The compensation of a deficit occurs
mainly by an increase in sleep intensity rather than by the
prolongation of sleep duration because of the constraints
of the circadian component.

Apart from exhibiting a global declining trend during
sleep, SWA is modulated by the nonREM-REM sleep cycle
(Fig. 2). The level of SWA in the first nonREM sleep ep-
isode is a function of the duration of prior waking (13).
Partial or total sleep deprivation gives rise to increased
SWS and SWA in the recovery night. A daytime nap coun-
teracts the rising trend of slow-wave propensity, and at-
tenuates SWA in the subsequent nighttime sleep episode.
An opposite effect is induced by shortening nocturnal sleep
that leads to increased levels of SWA in a morning sleep
episode. Thus, SWA reliably reflects the prior history of
sleep and waking. It appears to be an ideal marker to
quantify the dynamics of nonREM sleep homeostasis.

4.2. Spindle Frequency Activity

The term spindle frequency activity (SFA) is used to de-
note the power in the frequency range of sleep spindles
(12–15Hz; Fig. 3). There is a close correspondence be-
tween this spectral measure and measures based on the
occurrence of sleep spindles. The time course of SWA and
SFA differ in several respects. The typical global decline of
SWA does not occur in the spindle frequency range. Within
nonREM sleep episodes, SFA shows a bimodal pattern
with an initial and a terminal peak, giving rise to a U-
shaped curve within the episode and a partly inverse re-
lationship to SWA (15).

Sleep spindles are remarkable because of their high
intrahemispheric and interhemispheric coherence. The
question develops whether this episodic, high-coherent
activity is of functional significance for sleep and whether
sleep spindles may represent carrier frequencies on which
some relevant information is modulated. Sejnowski and
Destexhe (16) hypothesized that molecular events that oc-
cur in conjunction with sleep spindles may serve to pro-
mote neural plasticity and memory consolidation.
Recently, it was reported that the density of sleep spin-
dles was significantly higher after a learning task than
after a nonlearning control task (17).

4.3. Interaction of Homeostatic and Circadian Processes

Evidence is accumulating that the homeostatic and circa-
dian facets of sleep regulation are controlled by separate
mechanisms. In the course of a prolonged sleep depriva-
tion period, subjective alertness showed a prominent cir-
cadian rhythm. Conversely, in a study in which the phase
of the circadian process (as indexed by body temperature
and plasma melatonin) was shifted by morning bright
light, the time course of SWA remained unaffected. Fur-
thermore, the homeostatic response to sleep deprivation
persists even after circadian rhythmicity is disrupted or
abolished by lesioning the SCN.

Forced desynchrony is a useful paradigm for the sepa-
ration of homeostatic and circadian facets of sleep regula-
tion (18). In studies using this protocol, subjects were
scheduled to 28-h sleep-waking cycles. During one-third of
each cycle, the lights were turned off and the subjects were
encouraged to sleep. As the free-running circadian rhythm
has a period of 24.1–24.2 h (19) and cannot be entrained to
these experimental conditions, the sleep episodes occurred
at different circadian phases. The maximum of sleep pro-
pensity coincided closely with the minimum of rectal tem-
perature. Sleep propensity declined on the rising limb of
the rectal temperature rhythm and reached the minimum
16 hours after the temperature minimum. This circadian
phase corresponds to the habitual bedtime under normal
entrained conditions. When sleep was initiated at this
phase, sleep continuity was high. In contrast, poor sleep
continuity was observed when sleep was initiated after the
temperature minimum. SWA proved to be determined
mainly by homeostatic (i.e., sleep-waking dependent) fac-
tors.

4.4. NonREM Sleep Versus REM Sleep Homeostasis

Although the regulation of nonREM sleep is well estab-
lished, this has not yet been the case for REM sleep. One of
the problems in understanding REM sleep regulation is
the different response of the target variables (e.g., amount
of REM sleep recovered and number of interventions to
prevent REM sleep) to experimental challenges. Further-
more, no obvious marker of REM sleep intensity exists. If
an intensity dimension of REM sleep does not exist, then
an increase in ‘‘REM sleep pressure’’ must manifest itself
exclusively in an increased REM sleep duration.

Alternatively, if REM sleep is homeostatically regu-
lated, this implies that REM sleep propensity accumulates
in the absence of REM sleep (i.e., during both wakefulness
and nonREM sleep). Benington and Heller (20) advanced
the hypothesis that the homeostatic buildup of REM sleep
propensity occurs solely during nonREM sleep. To resolve
the contradiction, Franken (21) postulated that two pro-
cesses underlie REM sleep regulation: a ‘‘long-term’’ pro-
cess that homeostatically regulates the daily amounts of
REM sleep and a ‘‘short-term’’ process that determines the
nonREM-REM sleep cycles. Further experiments are
needed to resolve this issue.

4.5. Homeostatic Markers in the Waking EEG

Theta (5–8Hz) and alpha activity of the waking EEG are
associated with sleepiness. Total or partial sleep depriva-
tion led to an increase in power in these frequency bands.
Spectral analysis revealed that the largest changes oc-
curred in the theta band [for review, see (13,22)]. These
changes undergo a circadian modulation in addition to the
waking-duration-related changes. An analysis of individ-
uals subjected to 40h sleep deprivation revealed that the
rise rate of theta activity in the waking EEG is correlated
with the increase of SWA in the first nonREM sleep epi-
sode of recovery sleep (23). The results suggest that a
common regulatory process might control specific parts of
the waking and sleep EEG.
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5. MODELS OF SLEEP REGULATION

Models are an important aid in delineating the processes
involved in the regulation of sleep. They provide a con-
ceptual framework to interpret experimental data. More-
over, they stimulate new experiments to test the
predictions of the model. Various mathematical models
have been proposed to account for different aspects of
sleep regulation and circadian rhythms. For an overview,
see (13,24). A synopsis of the major models is provided in
Table 3.

5.1. Two-Process Model of Sleep Regulation

The two-process model postulates that a homeostatic pro-
cess (Process S) rises during waking and declines during
sleep. It interacts with a circadian process (Process C) that
is independent of sleep and waking. The time course of the
homeostatic variable S was derived from EEG SWA. The
global decline of SWA during a sleep episode is essentially
exponential. Thus, Process S, during sleep, was modeled
by exponential functions. A saturating exponential in-
crease of sleep propensity was assumed to occur during
waking. The analysis of daytime naps has been useful to
assess the level of SWA after various durations of waking.
Daytime naps scheduled at 2-h intervals throughout the
day provided direct evidence for a monotonic rise of SWA.

Various aspects of human sleep regulation were ad-
dressed in a qualitative version of the two-process model
(30). In an elaborated, quantitative version of the model
(25), Process S varies between an upper and a lower
threshold that are both modulated by a single circadian
process. This model was able to account for various phe-
nomena such as recovery from sleep deprivation, circadian
phase-dependence of sleep duration, sleep during shift
work, sleep fragmentation during continuous bedrest, and
internal desynchronization in the absence of time cues.

5.2. Models of Neurobehavioral Functions

Not only the timing of sleep, but also the time course of
daytime vigilance could be accounted for by the interac-
tion of homeostatic and circadian processes. Levels of vig-
ilance were simulated with the quantitative version of the
two-process model. The rising homeostatic sleep pressure
associated with waking appears to counteract the declin-
ing circadian sleep propensity, thus allowing one to main-
tain a constant level of vigilance throughout the waking
period. Conversely, during sleep, the rising circadian sleep
propensity may serve to counteract the declining homeo-
static sleep pressure, thereby ensuring the maintenance of
sleep.

Based on a similar concept, the changes of subjective
sleepiness/alertness ratings were simulated by a com-
bined action of a homeostatic process (S), a circadian pro-
cess (C), and a process representing sleep inertia (W)
[‘‘three-process model,’’ (26)].

An interactive mathematical model was proposed to
account for subjective alertness and cognitive throughput
in humans (27). A homeostatic component (H) falls in a
sigmoidal manner during waking and increases in a sat-
urating exponential manner during sleep. The increase of

H during sleep is determined by the circadian phase. H
interacts with a circadian component (C) accounting for
the effect of light on the circadian pacemaker. The ampli-
tude of C depends on the level of H. In addition, a sleep
inertia component (W) is included. In contrast to the two-
and three-process models, a nonlinear interaction is as-
sumed. Whether the interaction is linear or nonlinear is
still unresolved.

5.3. Further Models

A limit cycle reciprocal interaction model was put forward
to account for the nonREM-REM sleep cycle on the basis of
interacting neuronal systems (28), and a modified Van der
Pol oscillator was used as a model of the endogenous cir-
cadian rhythm (29) to simulate effects of light on the cir-
cadian system.

6. AGE AND SLEEP

Sleep shows pronounced changes across age (Fig. 4) (1,31–
33). Marked differences from adult sleep patterns are ob-
served in infants. Scoring of sleep stages is performed ac-
cording to Anders et al. (34) up to two months and
thereafter according to Guilleminault and Soquet (35) up
to one year. Sleep shows dramatic changes across early
development. Quiet sleep (corresponds to nonREM sleep
in adults) increases in the course of the first year after
birth, whereas active sleep (corresponds to REM sleep in
adults) decreases. The sleep cycle remains stable at ap-
proximately 60min. It is still unknown at which age the
adult cycle length of 90–110min is attained. EEG power
increases in the first year of life. The largest increase oc-
curs in the low-frequency range between 2 and 6 months.
Sleep spindles appear around 2 months. Between 2 and 9
months, delta activity shows an alternating pattern with a
high level occurring in every other quiet sleep episode. No
decline in the course of sleep is observed. Thus, it remains
open whether delta activity in early age reflects sleep ho-
meostasis.

SWS and SWA have maximal levels in the late child-
hood, decrease markedly during adolescence and with in-
creasing age (1). The cycling alternation of nonREM and
REM sleep, as well as the basic features of sleep regula-
tion, are not altered with aging. In the elderly population,
sleep becomes more fragmented, in particular in the sec-
ond half of the sleep episode. Furthermore, interindividual
variability is increased.

7. GLOBAL VERSUS LOCAL ASPECTS OF SLEEP

Recently, the question arose whether sleep represents a
global or a local brain process (15). The observations that
dolphins do not exhibit SWS in both hemispheres simul-
taneously, and that the selective deprivation of SWS in
one hemisphere gives rise to a unihemispheric SWS re-
bound shows that the sleep process is not necessarily
present in the entire brain. Evidence from studies in mon-
keys indicates that the process of falling asleep may not
occur synchronously in the entire brain. Two hypotheses
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Table 3. Models of Sleep Regulation

Designation Assumption Description/Comment Equations

TWO-PROCESS MODEL AND RELATED MODELS

Two-process model (25) Sleep propensity is determined by
a homeostatic Process S and
circadian Process C. The
interaction of S and C
determines the timing of sleep
and waking.

Time course of S derived from
EEG slow-wave activity;
phase position and shape
(skewed sine wave) of C
derived from sleep duration
data obtained at various
times of the 24-h cycle.

St¼
dSt�1;d¼ e

�Dt
td ðsleepÞ

1� rð1� St�1Þ; r¼ e
�Dt
tr ðwakeÞ

8

>

<

>

:

C¼
Af0:97 sin½oðt� t0Þ� þ0:22 sin½2oðt� t0Þ� þ0:07 sin½3oðt� t0Þ�

þ0:03 sin½4oðt� t0Þ� þ0:001 sin½5oðt� t0Þ�g

(

H¼ �HþC

L¼ �LþC
S: homeostatic process, increasing during waking, decreasing during sleep; C:

circadian process, modulates an upper threshold (H) and a lower threshold
(L); d: decay factor of S; r: rise factor of S; td, tr: time constants; Dt: time
step; A: circadian amplitude; o: angular frequency of the circadian
oscillator; t0: circadian phase at the beginning of the simulation; �H: mean

value of upper threshold; �L: mean value of lower threshold. A gaussian noise
component is superimposed on the thresholds. The timing of sleep and
waking is determined by the interaction of S and C; S oscillates between H

and L. Note: S is described by a recursive equation (iteration).
Three-process model of

the regulation of
sleepiness/alertness
(26)

Sleepiness/alertness are simulated
by the combined action of a
homeostatic process, a circadian
process, and sleep inertia
(Process W). Extension to
include performance, sleep
latency and sleep length.

Parameters derived from
rated sleepiness during
sleep/wake manipulations.

C¼2:5 cos ðt� 16:8Þ p12
� �

Alertness normogram for
sleep-related safety risks. S¼

ðSa � 2:4Þe�0:0353tþ2:4 ðwakingÞ

14:3� ð14:3� SrÞe
�0:381t ðsleepÞ

(

W¼5:72e�1:51t

A¼CþS�W
A: alertness; C: changes in alertness due to circadian factors; S: changes in

alertness due to homeostatic factors; W: sleep inertia, wake up process; Sa:
level of S at awakening; Sr: level of S at retiring. Time t has different
reference values: wake up for W and S during waking; sleep onset for S
during sleep; midnight for C.

Note: The time course of the homeostatic process is the inverse of the time
course of Process S in the two-process model; it builds up during sleep and
declines during waking.

Interactive mathematical
models of alertness and
cognitive throughput
(27)

Alertness and cognitive
throughput are determined by a
nonlinear interaction of a
homeostatic (H) and a circadian
process (C). In addition, sleep
inertia is included. H falls in a
sigmoidal manner during
waking and rises in a saturating
exponential manner at a rate
determined by circadian phase
during sleep.

Parameters derived from sleep
inertia studies, sleep
deprivation studies
initiated across all
circadian phases, and 28-h
forced desynchrony studies.

C¼ACð0:91x� 0:29xCÞ

AC¼uC � aeH=hAC

.
H¼

�2tWðrHWÞ
2
ðH � uCÞ ðwakingÞ

rHslð1� 0:1xÞðuH �HÞ ðsleepÞ

(

W¼
W0 for HþC�jW0j

�ðHþCÞ for HþCojW0j

ðsleepÞ

8

<

:

.
W¼ � rWW ðwakingÞ
A¼CþHþW
T¼CþHþW

8
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C: circadian component; H: homeostatic component; W: sleep inertia
component; A: alertness; T: cognitive throughput. Parameters differ for A
and T. x, xC: state variables of circadian oscillator ((29) see below, refined
version of oscillator described in (27)). tw: length of prior wakefulness; uH:
upper asymptote of homeostatic component.

Note: interaction of H and C is nonlinear because H and C are mutually
dependent.

MODEL OF THE NONREM-REM SLEEP CYCLE
Limit cycle reciprocal

interaction model (28)
NonREM-REM sleep cycle

generated by the reciprocal
interaction of two coupled cell
populations (REM-on and REM-
off).

Assumption of a stable limit
cycle oscillation that is
independent of initial
conditions. A circadian
term determines the mode
of approach to limit cycle.

.
x¼aðxÞxS1ðxÞ � bðxÞxy

.
y¼ � cyþdcircS2ðyÞðxþEÞy

aðxÞ¼2� 1:8 1� 1
1þ e�4ðx�0:5Þ

� �

bðxÞ ¼ 2
1þ e�80ðx�0:1Þ

S1ðxÞ ¼1� 1:4 1
1þ e�0:8ðx�2:5Þ

� �

þ0:167

S2ðyÞ ¼1� 1:5 1
1þ e�20ðy�2Þ

� �

dcirc¼0:975þ0:125 sin 2p
24 tþp0

� �

E¼
0:39þ0:3 sinðp0Þ � 0:05t; if E > 0

0; else

(

x: REM-on activity, REM sleep occurs if x41.4; y: REM-off activity; E: declining
excitatory input depending on circadian phase of sleep onset; p0: circadian
phase at sleep onset; a(x), b(x), S1(x), S2(y): constraining functions; dcirc:
circadian variation of parameter d.

Note: timestep is 10.7 minutes

MODEL OF THE CIRCADIAN PROCESS
Model of deep circadian

pacemaker in humans
(29)

Modified Van der Pol oscillator as a
model for the endogenous
circadian rhythm. Cumulative
effect of light. Circadian
modulation of sensitivity to
light.

Simulation of light effects on
the human circadian
pacemaker.

12
p
.
x¼ xCþ e x� 4

3 x
3

� �

þB

12
p
.
xC¼ �

24
t

� �2
xþBxC

B¼ð1�mxÞCI
1
3

x, xC: state variables of the oscillator, x represents endogenous circadian
rhythm; e :stiffness; B: perceived brightness; I: light intensity; m: modulatin
index; C: scaling factor.

For further references, see (13).
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were proposed that imply that regional increases in neu-
ronal activity and metabolic demand during wakefulness
may result in selective changes in EEG synchronization of
these neuronal populations during nonREM sleep (36,37).
Benington and Heller (37) proposed that adenosine, which
is released on increased metabolic demand via facilitated
transport by neurons and glia cells throughout the central
nervous system, promotes slow EEG potentials. Thus, a
use-dependent, local mechanism would underlie the sleep-
deprivation-induced changes in the sleep EEG. Microdial-
ysis studies in animals revealed that the adenosine level
in the brain increases during prolonged waking and de-
clines during recovery sleep (38).

Recent experimental evidence exists for a local, use-de-
pendent facet of sleep regulation. In humans and animals,
the selective unihemispheric regional cerebral activation
during waking gave rise to a predominant increase of
sleep intensity in the previously activated hemisphere as
reflected by enhancement of SWA.

Topographical analyses of the sleep EEG revealed re-
gional differences. In particular, a sleep-dependent hyper-
frontality of SWAwas observed. An increase of the frontal
predominance of the low-frequency EEG occurred after
partial and total sleep deprivation. A detailed topographic
analysis was performed on the basis of power maps (39).
Hallmarks were the frontal predominance in the delta and
alpha band, the occipital predominance in the theta band,
and the sharply delineated vertex maximum in the sigma
band (Fig. 5). Prolonged waking induced an increase in
power in the low-frequency range, which was largest over
the frontal region, and a decrease in power in the sigma
band, which was most pronounced over the vertex (Fig. 5).
It was hypothesized that the predominant increase of low-
frequency power in frontal areas may be because of a high
‘‘recovery need’’ of the frontal heteromodal association ar-
eas of the cortex, which is supported by PET studies show-
ing a selective deactivation of frontal areas in nonREM
sleep (40) and during prolonged waking (41).

A sleep deficit primarily impairs high-level cognitive
skills, which depend on frontal lobe function (42). Patients
with lesions of the prefrontal cortex suffer from deficits
that include distraction by irrelevant stimuli, diminished
word fluency, flat intonation of speech, impaired divergent
thinking, apathy, and childish humor (43). Subjects un-
dergoing sleep deprivation exhibit similar symptoms.

Therefore, it may be more than a coincidence that the
prevalence of slow waves is maximal at frontal EEG der-
ivations in the initial part of sleep and after sleep depri-
vation. This finding is consistent with the notion that the
sleep process may occur in a topographically graded man-
ner by involving preferentially those neuronal populations
that have been most activated during waking.

8. NEUROPHYSIOLOGICAL BASIS OF SLEEP

The typical oscillations in the sleep EEG are closely asso-
ciated with cellular changes at the level of thalamic and
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Figure 4. Sleep stage distribution as a function of
age. Stages were expressed as percentage of total
sleep time (TST). S1: stage 1; S2: stage 2; SWS:
slow-wave sleep (stages 3 and 4); REMS: REM sleep;
MT & WASO: movement time and waking after
sleep onset. Based on published data. Age 1 year:
(31); age 6–7 and 14–15 years: (32); age 20 years and
above: (33). For children, nocturnal sleep only was
included.

absolute
power [µV2]

power
ratio

2.0 - 4.75 Hz

13.0 - 15.75 Hz

min max

44.3
16.6

2.44
0.93

1.43
1.25

0.91
0.78

Figure 5. Functional topography of nonREM sleep EEG power
in the delta (2.0–4.75Hz; top panels) and spindle frequency (13.0–
15.75Hz; bottom panels) bands. Left: average absolute power
maps; right: power ratios (recovery/baseline). Maps are based
on 27 EEG derivations (average reference; extended 10–20 sys-
tem). Values are color coded and plotted at the corresponding po-
sition on the planar projection of the hemispheric scalp model.
Values between electrodes were interpolated (biharmonic spline
interpolation). Power and ratio maps were scaled separately to
optimize contrast by using the full-color range. Minima (min) and
maxima (max) are indicated next to each map. For details, see
(39).
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cortical neurons (44). The progressive hyperpolarization of
thalamocortical neurons that occurs during the progres-
sion from waking to deep nonREM sleep results in fluctu-
ations in the membrane potential that are initially in the
frequency range of sleep spindles and then in the range of
slow waves. Synchronized oscillations appear to develop
from the progressive recruitment of neurons, and their
spontaneous cessation from a hyperpolarization-activated
cation conductance. A new type of slow oscillation (with a
frequency less than 1Hz) was reported to occur in the
thalamocortical system. This slow oscillation originating
in cortical networks groups the thalamically generated
spindles and the delta waves in slowly recurring se-
quences (44).

9. NEUROCHEMICAL AND GENETIC FACETS

So far, the focus was on the homeostatic mechanisms of
sleep, which are mainly characterized by markers derived
from the EEG. It is likely that sleep homeostasis has a
neurochemical substrate and that genetic mechanisms are
also involved. The putative implication of adenosine was
mentioned (see ‘‘Global vs. local aspects’’). Another prom-
ising lead is the association of growth hormone (GH) re-
lease with SWS, and the evidence that the activation of
GH-releasing hormone (GHRH) controls both these fac-
tors (45). Various hormones (peptides, steroids) were
shown to be involved in sleep regulation. In particular,
considerable activity of various endocrine systems during
sleep was observed and bidirectional interactions between
electrophysiological and neuroendocrine components of
sleep were reported (46).

The activity of neuromodulatory systems, which project
diffusely to the reticular formation, subsides during sleep
and thereby the pathways mediating the phosphorylation
of transcription factors and the induction of immediate
early genes become ineffective. This change may represent
an essential cellular signature of sleep. Wakefulness
(spontaneous or enforced by sleep deprivation) increases
the expression of small groups of genes. Sleep, on the other
hand, induces the expression of a few unknown tran-
scripts whose characterization is in progress (47). As fruit
flies also exhibit the basic features of sleep, including its
homeostatic regulation, they are an ideal object for genetic
studies of sleep regulation (48).
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1. INTRODUCTION

Tissue engineering is a field that applies the principles of
engineering and the life sciences toward the development
of biological substitutes that restore, maintain, or improve
tissue function (1). This field holds great promise for
creating tissues to repair damaged or diseased tissues
and organs (1). The basic premise of tissue engineering is
to combine appropriate cells with porous scaffolds and
organize these constructs into tissues under the appro-
priate conditions (1). The scaffold acts as a three dimen-
sional structural support for cells during the tissue
development. Biodegradable scaffolds are often used in
tissue engineering as they can be ultimately absorbed
when the tissue is formed, eliminating the necessity of
post surgery. Tissue engineering strategy has been widely
applied for the engineering of hard and soft tissues. The
effort to develop soft tissues is one of the most demanding
and challenging applications in tissue engineering (2).
Soft tissues such as myocardium, blood vessels, skeletal
muscle, adipose tissue and even cartilage often possess
large volumes, have high cell densities and can be me-
chanically active. Three-dimensional scaffolds that match
the mechanical properties of the tissue that they are
replacing are preferred for soft tissue engineering, since
such materials might transmit mechanical forces to the
developing tissue during in vitro or in vivo development. A
well-defined biodegradation rate is ideal so that host
tissue can replace the scaffold and that stress can be
transferred from the support scaffold to the new tissue
over an appropriate time period. The scaffolds not only
serve as a structural support, but also can play an im-
portant role in facilitating cell adhesion, growth, and
vascularization throughout the scaffold both during in
vitro cell culture and in vivo tissue regeneration.

Currently used materials meeting these criteria are
diverse and include entirely synthetic materials as well as
those that are derived from natural sources, and formats
that are continuous on a microscale (hydrogels) and those
that have defined microporous architectures. While nat-
ural materials have the inherent advantage of bioactivity,
they also possess limitations when employed as soft tissue
scaffolds that may be overcome with synthetics. Some
limitations associated with natural materials include in-
ducement of an immune response that can lead to rapid
degradation as well as poor batch-to-batch consistencies.
Synthetic polymers permit better control over chemical
and physical properties leading to tunability in mechan-
ical strength and degradation rate. Surface properties of
synthetic materials can also be more easily modified for
improved cell attachment or migration. Some disadvan-
tages of synthetic tissue scaffolds consist of potential toxic

degradation products and undesired inflammatory re-
sponses. In addition, fabrication methods can process
materials into scaffolds of desired porosity, morphologies,
and anisotropies. The focus of this article will consist
provide a brief overview of the scaffold preparation, prop-
erties and applications of soft tissue scaffolds.

2. EXTRACELLULAR MATRIX BASED SCAFFOLDS

Extracellular matrix (ECM) is an indispensable compo-
nent of all tissues and organs, consisting of structural and
functional proteins, proteoglycans and glycoproteins.
ECM components serve as the mechanical and structural
support for cells, provide sites for cell attachment and act
as a reservoir for cell signaling factors (cytokines and
growth factors). Since ECM possesses such a complex
array of bioactivities, while also providing a major compo-
nent of mechanical properties, it is an attractive source for
soft tissue scaffold materials.

Collagen based scaffolds: Collagen, a primary ECM
component, is a structural protein that also possesses
adhesion receptor binding sequences and interacts with
a variety of other ECM components. There are at least 19
different types of collagen. The commonly used types I, II
and III collagen have a continuous triple-helical structure
comprised of three polypeptide chains (3). Collagen
strands are held together by both hydrogen and covalent
bonds, and self-aggregate to form micro-fibrils and fibers
(3).

Collagen is a widely used biomaterial and can be read-
ily isolated from animal sources. It is biodegradable and
degraded by matrix metalloproteases, specifically collage-
nases and serine proteases (4). In general, collagen pos-
sesses low antigenicity, which makes animal sourcing for
human applications possible (3). The organized collagen
molecule also has high tensile strength (3). Being com-
prised of amino acids, it has side amine and carboxylic
acid groups that can be modified to alter the molecular
properties. Collagen can dissolve or be suspended in acidic
aqueous solution and processed into a variety of different
formats. Collagen sponges and gels are two common
formats applied for soft tissue engineering. Collagen is
compatible with some synthetic polymers characteristic
can be used to tailor collagen properties by creating
collagen/polymer blends (3).

Collagen sponges are usually fabricated by freeze-dry-
ing. Collagen is dissolved or swollen in an acidic aqueous
solution and frozen at low temperature (below 01C) to form
ice crystals. The ice crystals are later sublimed by lyophi-
lization. Scaffold morphology can be controlled by manip-
ulating processing conditions such as pH, viscosity,
quenching temperature and heat transfer direction (5,6).

Collagen sponges possess weak mechanical properties
relative to most native tissue and degrade relatively fast
in vivo. Structure modification is often necessary to im-
prove the mechanical properties and biostability. Modifi-
cation methods include chemical or physical crosslinking
and blending with other polymers. Chemical crosslinking
consists of treating the collagen scaffold with reactive
species such as glutaraldehyde, formaldehyde, carbodii-
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mide (7,8), amino acid (9), amine (10), epoxy (11) or
diisocyanate (12). For physical crosslinking, the collagen
scaffold can be treated by heating or UV irradiation (7,13).
Polymers blended with collagen include hyaluronic acid
(HA), chitosan (14), polylactide, polyglycolide, poly(glyco-
lide-co-lactide) (7,8,15–17).

Collagen sponges have been investigated as soft tissue
scaffolds for many tissues such as skin, heart valve and
nerve. Collagen sponges can be directly implanted to the
wounded tissue site or used as a scaffold for development
of a tissue construct in vitro. When implanted directly,
collagen sponges can absorb tissue exudates, smoothly
adhere to the wound bed and shield against mechanical
damage and secondary bacterial infection (18). Collagen
sponge pores provide space for migrating cells from ad-
jacent tissues to penetrate the bulk of the implant (5).
When collagen sponges are used for cell-construct devel-
opment in vitro, cells are seeded into the scaffold and
grown throughout the pore space. The developed construct
can then be implanted to the body.

Collagen gels are another form of collagen scaffold. In
one approach to prepare collagen gels, an acidic collagen
solution is neutralized to pH 7 leading to gel precipitation.
Cells can be incorporated into the gel during neutraliza-
tion. The advantage of using a collagen gel for tissue
engineering is that a high density of cells can be obtained
immediately after fabrication, which eliminates the long
cell culture process necessary for the collagen sponge. This
technique has been used for several tissue construct
purposes such as skin (19,20), cornea (21), tendon (22),
blood vessel (23,24) and myocardium (25,26).

Collagen gels can be implanted directly for some appli-
cations such as skin and cornea. However, since collagen
gels are usually mechanically weak, they may not be
suitable for tissue development in a mechanically de-
manding environment. In this case, constructs can be first
cultured in vitro to strengthen the gel before implanta-
tion. For example, a successful vascular graft must pos-
sess adequate burst strength to withstand arterial blood
pressures and also sufficiently match the compliance of
the native vessel. During in vitro culture, cell-generated
contraction forces can strengthen the collagen gel (23). A
mechanical stimulus is usually applied during cell culture
to achieve cell and collagen alignment with the stimuli
direction (24) since orientated collagen has a much higher
strength than isotropic collagen. The drawback of this
method is that the gel contraction dramatically reduces
permeability, therefore limiting the size of the tissue-
engineered construct.

Mechanical properties of collagen gels might be im-
proved by incorporation of gels with solid form collagen
such as collagen sponges (27), sheets (19) and pre-formed
fibers (28), since they have higher mechanical strength
than collagen gel. The use of crosslinkers can also improve
the mechanical properties. The most common crosslinkers
are not suitable for collagen gels since they are toxic to
cells. However, enzyme-mediated crosslinking has been
shown to be biocompatible and effective (29). For example,
transglutaminase crosslinked collagen gel has enhanced
mechanical properties and did not significantly affect cell
activity. Chemical modification of collagen with functional

acrylate groups and subsequent photo-crosslinking of the
gel in the presence of cells is also an effective method (30).
The acrylate groups possess double bonds and act as
crosslinkers after polymerization.

Naturally occurring scaffolds:Naturally occurring scaf-
folds are also referred to as bioscaffolds or ECM scaffolds.
They are acellular tissues obtained after minimal proces-
sing (decellularization) from the source tissues. The decel-
lularized tissue can retain growth factors such as basic
fibroblast growth factor (bFGF) and transforming growth
factor (TGF-b) (31,32), glycosaminoglycans such as der-
matan sulfate and heparin (33–35) and structural proteins
such as fibronectin (36), elastin and collagen (37). There-
fore, they retain many of the natural tissue’s mechanical
and biological properties as well as preserving aspects of
the native ECM architecture and composition. These
scaffolds have been shown to interact quickly with host
tissues, inducing cellular recruitment and ECM expres-
sion and promoting rapid angiogenesis (38). These char-
acteristics make naturally occurring scaffolds attractive
materials for tissue engineering applications.

Sources for naturally occurring scaffolds are the skin
dermis, submucosa of the small intestine and urinary
bladder, decellularized liver and decellularized Achilles
tendon (39). The decellularization procedure generally
involves the removal of cells from the tissue through
chemical and/or enzymatic steps. For example, small
intestinal submucosa (SIS) scaffolds are harvested from
the mammalian small intestine by a chemical procedure
using water and peracetic acid (40).

Acellular porcine SIS has been studied extensively in
the clinical theater (41). It has been successfully used for
the repair of tissues including musculotendinous struc-
tures, the lower urinary tract, blood vessels, full and
partial thickness skin wounds, and heart valves (39,42).
When SIS is implanted, it stimulates angiogenesis, vascu-
logenesis, connective and epithelial tissue growth and
differentiation (38). Interestingly, SIS implantantion ex-
hibited minimized inflammation and foreign body reaction
when used for bladder and vascular reconstruction
(41,43).

Acellular urinary bladder submuscosa (UBS) scaffold
can be obtained using a chemical or enzymatic method.
UBS scaffolds are mainly composed of Type I and III
collagen and elastin. The existence of other ECM compo-
nents in the scaffold is determined by the treatment
method. Scaffolds treated with the enzymatic method are
composed only of collagen and elastin (44). Scaffolds
prepared by chemical treatment have collagen and elastin
as well as glycosaminoglycans, glycoprotein and growth
factors (40). UBS scaffolds have been largely used for
urologic applications such as reconstruction of the lower
urinary tract (45–47). UBS scaffolds have been shown to
organize the regenerative capacity of the host bladder
cells, and to allow urothelial cells, smooth muscle cells,
and fibroblasts to migrate into the scaffold (47). Unlike SIS
scaffolds, UBS scaffolds have been associated with acute
inflammation after implantation. The inflammatory re-
sponse is reduced after urothelial cell migration into the
scaffold (45–47). Besides SIS and UBS, other common used
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naturally occurring scaffolds are acellular dermis, cada-
veric fascia, and amniotic membrane.

In contrast to synthetic polymers which have shown
high infection rates and often lack the ability to ade-
quately interface with host tissues and cells, naturally
occurring scaffolds have shown good biocompatibility with
host tissues and accelerated angiogenesis that provides
blood supply and nutrients to the repaired tissue (38). One
shortcoming of utilizing ECM-based scaffolds is that they
can degrade rapidly in vivo. Although this effect can be
overcome in some cases by chemically crosslinking the
scaffold with aldehydes or carbodiimide, this usually
results in the destruction of scaffold remodeling properties
and invariably changes the host response to one of chronic
inflammation (39).

3. HYDROGELS

Hydrogels are a class of very hydrophilic (water con-
tent430%) polymeric materials (48) that are generally
chemically or physically crosslinked. Hydrogel chemical
and physical properties are determined by molecular
characteristics, including polymer backbone, side chains,
molecular weight and the nature and density of crosslink.
Hydrogels have been widely used for soft tissue engineer-
ing because of their excellent biocompatibility, soft tissue-
like mechanical properties, high permeability for oxygen,
nutrients and other water-soluble metabolites. With some
hydrogels, gelling can occur in situ, allowing liquid injec-
tion as a delivery modality (49–51). Hydrogels have been
used as delivery vehicles for bioactive molecules, as cell
and tissue encapsulants, and as scaffolds for tissue devel-
opment (52). Tissue engineering efforts with hydrogels
include cartilage, muscle, fat, liver and neurons.

Synthetic hydrogels: Synthetic hydrogels have been
widely used for tissue engineering because their structure
and properties can be easily tailored. By varying polymer
type and structural parameters such as molecular weight,
degradable linkages, crosslinking density and crosslinker
type, materials can be obtained with different mechanical,
degradation and mass transport properties for various
applications. Chemically and physically crosslinked hy-
drogels comprise two classes of synthetic hydrogels. While
chemically crosslinked hydrogels are covalently cross-
linked networks, physically crosslinked hydrogels are
formed from networks held by molecular entanglements
or secondary forces including ionic bonding, hydrogen
bonding or hydrophobic forces (53,54). Generally, syn-
thetic hydrogels used for tissue engineering should be
nontoxic to cells and surrounding tissues, allow nutrient
and metabolite diffusion if cells are encapsulated, and
possess sufficient mechanical integrity and strength to
withstand manipulations associated with implantation
and in vivo function (52,55). Synthetic hydrogels for tissue
engineering are generally designed to be biodegradable.
For encapsulation processes, a cytocompatible gelation
process is required.

Poly(ethylene glycol) (PEG) is a commonly studied and
applied synthetic hydrogel that has been approved by the
FDA for internal use in a number of formats. It is nontoxic,

non-immunogenic and has excellent solubility in aqueous
and most organic solutions making it as an ideal synthetic
polymer for chemical modification. Biodegradable, chemi-
cally crosslinked PEG hydrogels can be obtained by the
introduction of double bonds and degradable linkages to
the polymer backbone. The double bonds provide function-
ality for crosslinking, while polyester or peptide function-
ality introduced into the network structure provides
scissible linkages. A polyester segment can be introduced
to the PEG backbone by ring-opening polymerization, as
shown in Fig. 1 (56). Photopolymerization is often applied
to polymerize the macromonomer. The photoinitiators
used for polymerization can be acetophenone derivatives
such as 2,2-dimethoxy-2-phenyl acetophenone or aromatic
ketones such as isopropyl thioxanthone (57). These photo-
initiators have been shown to be non-toxic. The advantage
of photopolymerization over chemical initiation is the
spatial control provided over hydrogel gelation and the
control of the extent of reaction. Photopolymerization also
facilitates the application of the ungelled solution to an
application site in a liquid, form filling state (58) and the
loading of ungelled solution with cells to create a construct
in situ (59). Changing the length and composition of the
polyester can vary the degradation rate for this type of
hydrogel. Hydrogels with long PEG lengths and shorter
polyester lengths generally degrade faster (56). The per-
meability and mechanical properties of the hydrogel de-
pend on the length of PEG and the concentration of initial
macromonomer. The crosslinking density and degradation
rate affect the tissue development rate. High crosslinking
densities limit the ability of cells to readily distribute
ECM components (60). When a hydrogel degrades too
slowly, cell secreted collagen localizes only in the pericel-
lular region. When a hydrogel degrades too quickly, there
are commonly major defects present in the developed
tissue (61,62).

When peptides are introduced as biodegradable seg-
ments, the hydrogel can be made biomimetic in the sense
that it can be cleaved by proteases such as the matrix
metalloproteases (MMP) that enable cells to clear path-
ways through dense ECM during cell migration and tissue
remodeling (63). Examples of such peptide sequences
include Ala-Pro-Gly-Leu (collagenase sensitive), (Ala-
Ala-Ala)n (elastase sensitive), Val-Arg-Asn (plasmin sen-
sitive), Tyr-Lys-Asn-Arg-Asp (plasmin sensitive), and Gly-
Pro-Gln-Gly-Ile-Trp-Gly-Gln (MMP sensitive) (64–67).
One method to form peptide containing hydrogels is to
react the peptide with PEG to form PEG-peptide-PEG
copolymers, terminated with acrylate groups, and then
photopolymerize the resultant macromonomer to form the
hydrogel (65). A second method involves the introduction
of cysteine residues to the peptide, which is then reacted
with acrylated PEG by a Michael-type addition reaction to
crosslink the hydrogels (67) (Fig. 2). Hydrogels containing
protease sensitive peptides degrade rapidly in the pre-
sence of specific proteases in a dose-dependent manner,
but remain stable in the presence of other proteases (64).
When cells are encapsulated within the hydrogel, cell
produced proteases can recognize the cleavable sequences
and degrade the hydrogel over time (65,68).
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PEG, like other hydrogels, generally exhibits low levels
of protein adsorption and cell adhesion. Modification is
necessary to improve the cell adhesive ability. One method
is to covalently immobilize peptides containing the adhe-
sion domains of ECM proteins to the hydrogel. The most
widely utilized adhesive peptide sequence is Arg-Gly-Asp
(RGD), which is present in numerous ECM proteins
including fibronectin, laminin, vitronectin and collagen
(69). Growth factors such as TGF-b and vascular endothe-
lial growth factor (VEGF) can also be incorporated into the
hydrogel to regulate cell migration and proliferation as
well as cell functions such as ECM production (70,71).

Thermosensitive hydrogels such as poly(n-isopropyla-
crylamide) (PNIPAAm) and copolymers have been inten-
sely investigated for tissue engineering. These polymers
possess a lower critical solution temperature (LCST),
below which the polymer is water-soluble. When the
temperature is higher than the LCST, the polymer aggre-

gates to form a gel. Below the LCST, strong hydrogen
bonding interactions between amide groups in the poly-
mer and water molecules lead to dissolution of the poly-
mer chains. Above the LCST, the hydrogen bonds are
broken, hydrophobic interactions dominate, and water
molecules are expelled from the polymer, resulting in gel
formation (72). The LCST can be controlled by copolymer-
ization with monomers having different hydrophilicities.
When copolymerizing with hydrophilic monomers such as
acrylic acid, the LCST increases. When copolymerizing
with hydrophobic monomers such as ethyl methacrylate,
the LCST decreases. In designing thermosenstive poly-
mers for tissue engineering applications, the LCST can be
adjusted to below body temperature (371C) so that cells
can be added to the polymer solution before gelation in
situ.

Utilizing the transition between hydrophilic and hydro-
phobic behavior that is a defining characteristic of ther-
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Figure 1. Scheme for the synthesis
and degradation of biodegradable
PEG hydrogel (56).
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mosensitive hydrogels, cell sheet engineering has been
developed (73). At 371C, PNIPAAm is hydrophobic; pro-
teins adsorb and cells subsequently adhere on the surface.
After the cells form a monolayer and secrete ECM, low-
ering the temperature below the LCST of 321C releases
the adsorbed proteins and the cell sheet from the surface.
This technique maintains cell-cell and cell-ECM interac-
tions. By layering cell sheets, homogenous or multicellular
tissues can be constructed (73,74). PNIPAAm based hy-
drogels can also be used as three-dimensional cell culture
matrices. For example, poly(n-isopropylacrylamide-co-ac-
rylic acid) has been used for encapsulation of non-ancho-
rage-dependent chondrocytes for cartilage tissue
engineering (75).

For some tissue engineering applications, a lack of
biodegradability limits the applicability of thermosensi-
tive hydrogels. This has provided motivation for the
development of biodegradable PNIPAAm based polymers.
Biodegradable PNIPAAm can be created by the incorpor-
ating ECM components or peptide sequences into the
polymer or by blending the PNIPAAm polymer with
ECM protein. Biodegradable PNIPAAm-gelatin and PNI-
PAAm-hyaluronic acid were developed by gelatin or hya-
luronic acid initiated n-isopropylacrylamide
polymerization (76,77). The incorporation of ECM compo-
nents can also facilitate anchorage-dependent cell adhe-
sion (78). These hydrogels are non-crosslinked and remain
injectable. In this type of hydrogel, the entrapped cell
behaviors depend on the molecular weight of PNIPAAm
and polymer solution concentration (gel density). The
higher the PNIPAAm molecular weight and the lower

the polymer solution concentration, the higher the cell
viability and proliferation (78). A crosslinked biodegrad-
able hydrogel can be obtained by compolymerization of
water-soluble crosslinker with n-isopropylacrylamide. For
example, a thermosensitive hydrogel was synthesized
based on n-isopropylacrylamide and acrylic acid with a
double bond capped collagenase-sensitive peptide Gln-
Pro-Gln-Gly-Leu-Ala-Lys as the crosslinker. This hydrogel
exhibited good biocompatibility (79). Blending of PNI-
PAAm copolymer with ECM components is another
method to form a biodegradable hydrogel. In order to
increase the interaction between two constituents, cova-
lent linkages between PNIPAAm copolymer and ECM
components is preferred. A poly(n-isopropylacrylamide-
co-acrylic acid-co-acrylic acid succinimide ester) contain-
ing succinimide ester (NHS) groups was synthesized and
blended with collagen. The blend supported cell adhesion
and growth in vitro and showed good biocompatibility for
cornea reconstruction in vivo (21).

Besides PNIPAAm based polymers, poly(ethylene
oxide) and poly(propylene oxide) copolymers (PEO-PPO-
PEO), referred to as poloxamers or pluronics, are thermo-
sensitive. Concentrated solutions of PEO-PPO-PEO form
reversible gels at higher temperatures and recover to
liquid when at lower temperatures. PEO-PPO-PEO hydro-
gels have been used for burn treatment and cartilage
tissue engineering (80,81).

Naturally derived hydrogels: Naturally derived hydro-
gels such as hyaluronic acid (HA), alginate and chitosan
have been widely used in tissue engineering. Structurally,
these materials are linear, hydrophilic polysaccharides
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Figure 2. Scheme for the synthesis of peptide-conjugated PEG hydrogel (67).
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(82,83) and have exhibited good biocompatibility in a
variety of applications in vitro and in vivo (52).

Alginate, commonly applied in drug delivery and as a
cell-immobilization matrix, is composed of 1,4-linked b-D-
mannuronic acid (M) and a-L-guluronic acid (G) with M
and G units sequenced as either repeating units or blocks
in the alginate backbone. Alginate gel is formed in the
presence of di- or trivalent cations such as Ca2þ , Ba2þ or
Sr2þ by cooperatively interacting with blocks of G mono-
mers. Gels can also be formed by covalently crosslinking
with adipic hydrazide (84). The gelation process is con-
trolled by alginate composition and concentration as well
as cation type and concentration (85). In general, the
gelation rate increases with an increase in cation concen-
tration and G content in the polymer, whereas increasing
the alginate concentration decreases the gelation rate.
Alginate gel mechanical strength increases with polymer
concentration, crosslinking density (amount of cation),
and molecular weight. A gel with higher G content can
be brittle while one with lower G content is more elastic
(86). Ionically crosslinked alginate hydrogels undergo
dissolution instead of degradation by scission.

Alginate has been used to load angiogenesis promoting
growth factors such as VEGFand bFGF for tissue delivery
(87–89). Alginate also has been intensively investigated
for use in cartilage tissue engineering. Encapsulation of
chondrocytes in an alginate hydrogel results in rounded
cells that maintain their phenotype (90). Immobilization
of mesenchymal stem cells in alginate gels can induce
chondrogenic differentiation (91). Alginate hydrogels have
also been used for the engineering of skeletal muscle and
nerve (92,93). A potential complication associated with
using alginate in tissue engineering is that its incomplete
dissolution may induce an immune response (94).

Hyaluronic acid (HA) is a naturally derived, non-im-
munogenic, non-adhesive glycosaminoglycan that has
been linked to several cellular processes, including angio-
genesis and the regulation of inflammation (95). Com-
posed of disaccharide repeats of N-acetyl- b-D-
glucosamine and 1,4-linked b-D-glucuronic acid, HA is
found in almost every mammalian tissue (4). HA hydro-
gels, which are susceptible to enzymatic degradation, can
be formed by esterification (95), crosslinking with diepoxy
(96), divinyl sulfone (97), aldehyde (98) and photocros-
slinking after introducing photosensitive groups (98). HA
has been utilized as a cell-immobilization matrix for
cartilage engineering with esterified HA supporting the
growth of chondrocytes and differentiation of bone mar-
row-derived mesenchymal progenitor cells (99,100).

Chitosan is a linear polysaccharide copolymer of 1,4-
linked D-glucosamine and N-acetyl-D-glucosamine pos-
sessing a high density of amine groups and existing in a
semi-crystalline state. It is insoluble in aqueous solutions
above pH 7 but solubilizes in acidic solution. Hydrogels
can be formed by adjusting the pH (101), crosslinking with
aldehyde (102), blending with an anionic polymer such as
chondroitin sulfate (103) and UV irradiation (103). Lyso-
zyme can degrade chitosan to form absorbable oligosac-
charides by targeting acetylated residues (104). Chitosan
hydrogels has been of particular interest to those pursuing
cartilage engineering (105,106).

4. POLYESTER-BASED SCAFFOLDS

To date, biodegradable polyesters and hydrogels have been
the most commonly studied synthetic materials in engi-
neering scaffolds. Synthetic polyester based polymers offer
the tissue engineer much freedom in designing scaffolds of
appropriate architecture and mechanical properties to
approximate soft tissue behavior. However, the most
common polyesters, polyglycolide (PGA), polylactide
(PLA), and their copolymers (PLGA), are relatively stiff,
non-elastomeric polymers and are not ideally suited for
engineering of soft flexible tissues operating under a
mechanically demanding environment such as in cardio-
vascular tissue. Furthermore, hydrogels often do not
possess sufficient mechanical strength for these applica-
tions.

As a result, many now believe that tissue biomechanics
must be considered in scaffold design and culture condi-
tions in order to engineer functional soft tissue replace-
ments (107–112). Therefore, to better mimic the
mechanical behavior of compliant soft tissues, synthetic
biodegradable polyester based elastomers have been de-
veloped. These materials are designed to undergo multiple
deformations during in vitro and in vivo tissue develop-
ment. The following sections will review the various
synthetic polyester based biodegradable elastomers as
applied for soft tissue engineering. A sample list of these
biodegradable polymers is shown in Table 1 along with
their representative physical properties. Chemical struc-
tures of the repeating units of these polymers are dis-
played in Fig. 3.

Polyglycolide, polylactide, poly(e-caprolactone), and
their copolymers: The most common synthetic materials
studied to date in tissue engineering applications are
aliphatic polyesters such as PGA, PLA, and their copoly-
mers, PLGA. High molecular weight polymers are typi-
cally synthesized by ring opening of their respective
lactones. These aliphatic esters degrade from ester bond
hydrolysis. PLGA has been extensively studied in scaffolds
for engineering of most tissue types such as cardiovascu-
lar, esophagus, trachea, neural and musculoskeletal tissue
such as bone and cartilage (113,114). The degradation rate
of PLGA can be controlled by varying the ratio of PLA and
PGA in the polymer. A potential disadvantage to the use of
PGA and PLA scaffolds is the generation of acidic degra-
dation products that may augment inflammatory re-
sponses in vivo (113). While PLGA is a softer material
with tensile strengths and breaking strains appropriate
for soft tissue engineering, the non-elastomeric character
of PLGA does not allow for sufficient structure retention
after mechanical stimulation during in vitro tissue devel-
opment (110).

Poly(e-caprolactone) (PCL) is an aliphatic polyester
synthesized by ring opening polymerization of its respec-
tive lactone, e-caprolactone. PCL is semicrystalline and
exhibits a low Tg of � 641C and low Tm of 571C so that it is
soft at room temperature (115). PCL exhibits a relatively
slow degradation rate compared with PLGA, on the order
of months to years, due to the larger number of methylene
groups present. PCL has been copolymerized with PGA or
PLA to result in softer materials. In some cases, micro-
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phase separated elastomeric poly(glycolide-co-e-caprolac-
tone) (PGCL) or poly(lactide-co-e-caprolactone) (PLCL)
have been synthesized by random copolymerization
(116,117). These materials consist of crystalline hard

phases and amorphous soft phases. The elastomeric beha-
vior is the result of physical crosslinks between the
crystalline hard phases and flexibility from the soft
phases.
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Figure 3. Chemical structures of some polyester based biodegradable polymers and elastomers for
soft tissue engineering. (R and R0 denote generic groups).

Table 1. Physical Properties and Tissue Engineering Applications of Some Soft Biodegradable Polymers

Polymer Tg/C Tensile Strength (Mpa) Modulus (Mpa)
Ultimate
Elongation

In Vitro Degradation
%Mass Loss (Time) References

PLGA 45–55 41.4–55.2 1400–1800 3–10 Varies 114,118
PCL �64 20.7–34.5 0.21–0.34 300–500 Varies 114,115
PGCL �19.3 0.6* – 250* 50% (8 wks) 118
PLCL �6.3 0.8* – 210* 1.7% (8 wks), 10.7% in

vivo (8 wks)
119–121

PTMC �17 12 6 830 Negligible change in 2
years

124

P(TMC-
CL)

�62 40 252 906 Negligible change in 1
year

123–125

P(TMC-
LA)

17 10 16 570 100% (1 year) 124,126

PGS – 0.5 0.282 267 17% (8.5 wks), 100%
in vivo (8.5 wks)

127,128

POC �10 to 0 r6.1 0.92–16.4 r265 100% (26 weeks) 129
PU(PCL,

BDI,
putrescine) �53.2 29 78 660

10% (8
wks)

131

PU (L- lactide/
PCL,
HDI,
BDO)

�45 to 53 0.09 to 47 1.1–2100 3.7–1000 5% to 80% (10 wks)

133
PU(PCL-

PEG,
HDI,
BDO)

�115.7 to –101.5 4–48.6 7.3–58.8 120–866 1.6% to 76% (1 year)

132

*denotes porous scaffold properties
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The mechanical flexibility of PCL copolymers has led
some groups to investigate these materials for soft tissue
engineering applications. For example, high molecular
weight amorphous PGCL (approximately 50:50) was
synthesized for blood vessel and bladder tissue engineer-
ing (118). This polymer possessed a Tg of 19.31C and
exhibited rubber-like mechanical properties with scaffolds
exhibiting elongations exceeding 250% and recoveries
from deformation of more than 98%. This material de-
graded in vitro for a mass loss of 50% at 6 weeks (118).

A high molecular weight, elastomeric PLCL (50:50) was
synthesized by Jeong et al. for vascular applications (119).
This material possessed a Tg of �6.31C and was flexible
with elongations exceeding 200% and high recovery after
deformation (119). Degradation of this material was rela-
tively slow with a mass loss of 1.7% in vitro and 10.7% in
vivo at 8 weeks (120). PLCL has also been seeded with
vascular smooth muscle cells and cultured under pulsatile
perfusion to result in aligned cells with a 2.5-fold upregu-
lation of smooth muscle a-actin compared with static
controls (121). PLCL has been surface modified with
fibronectin and collagen and studied for esophageal tissue
engineering as well (122).

Poly(trimethylene carbonate) copolymers: High molecu-
lar weight poly(trimethylene carbonate) (PTMC) is an
amorphous polymer that possesses high tensile strength
and flexibility (123). However, the slow in vitro and in vivo
degradation rates of PTMC has led to investigations
wherein it is copolymerized with PLA or PCL (123,124).
Random copolymerization of trimethylene carbonate and
e-caprolactone with an e-caprolactone content higher than
70% resulted in elastomeric materials (123). For example,
poly(trimethylene carbonate-co-e-caprolactone) (P(TMC-
CL)) (10:90) exhibited a tensile strength of 40MPa and
an ultimate elongation of 906% (123). Yet, this material
also exhibited relatively slow degradation with negligible
in vitro mass loss up to 1 year (124). P(TMC-CL) has been
studied for fabrication of porous nerve guide conduits,
with Schwann cells adhering and proliferating on the
polymer in vitro (123,125).

Poly(trimethylene carbonate-co-lactide) (P(TMC-LA))
(50:50) copolymers have been synthesized and found to
exhibit elastomeric mechanical properties with a tensile
strength of 10MPa and an ultimate elongation of 570%
(123). This material exhibited a faster degradation rate
with greater than 50% mass loss at 6 months and 100% at
12 months in vitro (123). These faster degradation rates
were perhaps due to the greater hydrophilicity of the
lactide segment compared with the more hydrophobic
caprolactone. P(TMC-LA) has been fabricated into porous
scaffolds for cardiomyocyte culture in engineering of myo-
cardium (126).

Poly(glycerol sebacate): Polycondensation of the non
toxic monomers, glycerol and sebacic acid, with a 1:1mo-
lar ratio forms a transparent, lightly crosslinked elasto-
mer termed poly(glycerol sebacate) (PGS) (127). Glycerol
is a building block for lipids and sebacic acid is a metabolic
intermediate. Covalent crosslinks and hydrogen bonding
between hydroxyl groups present on the polymer chain
contribute to the elastomeric mechanical behavior of PGS.
Tensile properties of PGS include a tensile strength of

0.5MPa and an ultimate elongation of 267% (127). PGS is
relatively hydrophilic due to its hydroxyl groups with a
water-in-air contact angle of 32.01. PGS is believed to
degrade principally by surface erosion as evidenced by an
approximately linear decrease in mechanical properties
with degradation. PGS degraded in vitro to result in a 17%
mass loss at 8.5 weeks and completely degraded sub-
cutaneously in-vivo during this time (128). Before cross-
linking, PGS can be processed in prepolymer form into
porous scaffolds for soft tissue engineering. In vitro and in
vivo cytocompatibility characterization of PGS has exhib-
ited a good biocompatibility with support of cell growth
such as endothelial cells, smooth muscle cells, cardiomyo-
cytes, Schwann cells, and hepatocytes for applications in
cardiovascular, neural, and liver tissue engineering (128).

Poly(1,8-octanediol-co-citric acid): A recent report has
described the polycondensation of citric acid and 1,8-
octanediol to synthesize poly(1,8-octanediol-co-citric acid)
(POC) (129). Citric acid is a non-toxic metabolic by-pro-
duct and 1,8-octanediol is a water soluble diol. POC can
also be post-polymerized or crosslinked to improve me-
chanical properties and degradation resistance. POC films
can be relatively strong and flexible with tensile strengths
up to 6.1MPa and breaking strains up to 265% as a
function of post-polymerization or crosslinking. POC mod-
uli ranged from 0.92 to 16.4MPa.POC completely de-
graded in vitro in 6 months. POC can be processed in
pre-polymer form by conventional techniques. For exam-
ple, scaffolds were fabricated by particulate leaching to
have pore sizes of 106726 mm and porosities of 9072%.
These scaffolds also exhibited approximately 100% recov-
ery after deformation. Subcutaneous implantation of POC
in Sprague-Dawley rats has exhibited good biocompatibil-
ity with thin fibrous capsules and no chronic inflammatory
responses. With its attractive biocompatibility and me-
chanical properties, this relatively inexpensive hydrophi-
lic elastomer may be applied for future application in soft
tissue engineering (129).

Biodegradable polyurethanes: Polyurethane thermo-
plastic elastomers are typically synthesized by reaction
of long chain polyester or polyether diols and diisocya-
nates, with short chain diols or diamines utilized as chain
extenders. This reaction is commonly carried out in two
steps with the initial formation of a prepolymer of the
polyester and diisocyanate that is subsequently chain
extended to a high molecular weight. The polyester or
polyether in the polyurethane is termed the soft segment
and the diisocyanate and chain extender comprise the
hard segment. By appropriate selection of hard and soft
segments, the chemical and physical properties can be
varied. Although urethane and urea linkages are suscep-
tible to degradation in vivo, efforts to make biodegradable
polyurethane have incorporated more labile bonds into the
polymer backbone, usually by introducing polyester seg-
ments. Some polyester soft segments employed include
PCL (130–132), PLA (133), PGA (134), PEG (134), poly-
ethylene glycol-PCL copolymers (132,135), and polyethy-
lene glycol-PLA copolymers (136). Diisocyanates include
1,6-hexamethylene diisocyanate (HDI) (132,133,136), 1,4-
diisocyanatobutane (BDI) (130,131,135,137), and lysine
diisocyanate (LDI) (130). The use of aliphatic diisocya-
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nates facilitates degradation and avoids use of potentially
carcinogenic aromatic diisocyanates such as 4,40-methyle-
nediphenyl diisocyanate (138). LDI and BDI are of parti-
cular interest because of their non-toxic degradation
products, ethanol and L-lysine, and putrescine respec-
tively. Common chain extenders utilized include putres-
cine, 1,4-butanediol (BDO) (130,132), and BDO-BDI
copolymers (130). Amino acid based chain extenders
such as L-phenylalanine (139), lysine ethyl ester (131),
tyrosine ethyl ester (137), and (Ala-Ala-Lys)n (elastase
sensitive) (140) have also been incorporated for improved
biocompatibility and/or enzyme specific degradation. Bio-
degradable polyurethane elastomers are frequently em-
ployed in applications to engineer cardiovascular tissue
(myocardium patch, blood vessel, heart valve) and other
soft tissue engineering because of their mechanical
strength, compliance and good biocompatibility.

Polyurethanes and poly(urethane ureas) receive their
elastomeric mechanical properties from microphase se-
paration between hard and soft segments. The soft seg-
ments impart softness and flexibility while the hard
segments serve to reinforce the soft segment to increase
tensile strength. The combination of crystallinity and
hydrogen bonding in the hard segments ties together the
polymer chains in physical crosslinks resulting in the
rubber-like elasticity observed. The physical properties
of some representative examples of biodegradable polyur-
ethanes of different compositions are displayed in Table 1.
Factors that can affect mechanical properties include hard
and soft segment composition, degree of hard segment
crystallization, amount of microphase separation, and
molecular weight. For example, poly(ester-urethanes) con-
taining a high ratio of L-lactide to e-caprolactone in the
soft segment were found to be rigid with tensile moduli of
1700–2100MPa, tensile strengths of 36–47MPa, and
breaking strains of 4–7% (133). However, poly(ester ur-
ethanes) with low L-lactide to e-caprolactone ratios were
found to be highly elastomeric with a maximum tensile
strength of 9MPa and breaking strains greater than
1000% (133).

Polyurethane degradation is highly dependent on soft
segment composition. For instance, degradation of PCL
based polyurethanes by Gorna et al. exhibited slow de-
gradation times with a 1–2% mass loss at 48 weeks (132).
However, poly(ester ether urethanes) composed of more
hydrophilic PCL-PEG diols exhibited increased levels of
mass loss from 1.6–76% at 48 weeks (132). In another
example, the in vitro degradation of L-lactide/e-caprolac-
tone copolymer based polyurethanes was found to be
highly dependent on the comonomer ratio. Polymers
synthesized from high ratios of L-lactide to e-caprolactone
exhibited mass losses of more than 80% after 50 days
compared with more hydrophobic higher e-caprolactone
content polymers exhibiting less than 10% weight losses
after 50 days (133). Examples of degradation rates of some
respective biodegradable polyurethanes are shown in
Table 1.

5. SCAFFOLD PROCESSING

A highly porous microstructure for soft tissue scaffolds is
desirable in that it provides a large surface area for cell
attachment and facilitates gas and metabolite diffusion.
For conventional cell seeding methods, pore sizes of at
least 10 mm are believed to be necessary for adequate
cellular in-growth (141). More specifically it has been
shown that pores sizes of 20 mm are necessary for fibro-
blast in-growth, 20–125 mm for skin regeneration, and
200–300 mm for fibrocartilagenous tissue in-growth (142).
Fabrication methods for soft tissue engineering must also
create scaffolds that retain mechanical strength and flex-
ibility since introduction of porosity can greatly reduce
these parameters relative to the non-porous material.
Care must also be taken to avoid introduction of any toxic
components during processing. Residual solvents must
also be eliminated. Some common techniques used in
fabricating porous scaffolds include solvent casting and
particulate leaching, freeze drying, phase separation,
rapid prototyping and electrospinning (142–144). A sum-
mary of the benefits and limitations of these methods is
presented below. In general, materials should not possess
covalent crosslinking in order to be solubilized in suitable
fabrication solvents or processed from the melt. Lightly
crosslinked materials may be processable in their respec-
tive prepolymer forms.

Solvent casting and particulate leaching: The techni-
que of solvent casting and particulate leaching involves
dispersing a porogen such as sodium chloride into a
polymer solution, casting the polymer and subsequently
leaching out the porogen by dissolution in a polymer non-
solvent. The resulting scaffolds can possess high crystal-
linities, porosities greater than 90% and macropores
greater than 100 mm (144). Disadvantages to this method
include the production of irregular pore shapes, surface
irregularities dependent upon the casting method, and the
potential for residual toxic solvents.

Freeze drying: Porous scaffolds may be fabricated by
first forming an emulsion consisting of a polymer solvent
phase and aqueous phase. This emulsion can be quenched
and frozen and then subsequently lyophilized to form a
porous scaffold. Scaffolds fabricated by this method can
possess porosities greater than 90% and pores sizes
greater than 200mm with most pore sizes ranging from
15–35 mm (145). These scaffolds have high volumes of
interconnected pores as well. A disadvantage to this
method is that it can be very user and material sensitive.

Thermally induced phase separation: Thermally in-
duced phase separation can produce porous scaffolds by
liquid-liquid phase extraction. The polymer is dissolved in
a solvent, cooled, and then solvent is slowly extracted by
freeze drying to obtain polymer-rich and polymer-poor
phases. This method allows for processing of scaffolds of
controlled pore size distributions and high porosities
(146). Scaffold macrostructure and microstructure can be
manipulated by varying polymer concentration, quench-
ing temperature and solvents (142). Biodegradable poly-
urethane scaffolds fabricated using thermally induced
phase separation were found to have open interconnected
pores with sizes ranging from a few mm to greater than
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150mm and porosites from 80–97% (147) as illustrated in
(144) Fig. 4. These materials were flexible with tensile
strengths of 1.0MPa and elongations at break of 214%
(147). This technique also has the disadvantage of being
relatively user and material sensitive.

Rapid prototyping: Rapid prototyping or solid freeform
fabrication is a more recent technology applied to tissue
engineering based on computer controlled scaffold fabrica-
tion. This technology has a distinct advantage of precise
control of scaffold macrostructure and microstructure
using computer models. This control includes defined
porosities, pore sizes and shapes to benefit cell in-growth
and tissue development. Examples of rapid prototyping
techniques applied for tissue engineering include stereo-
lithography, selective laser sintering, fused deposition
modeling (FDM), and 3-D printing (148). Some disadvan-
tages of these methods include potential thermal dena-
turation of proteins as well as limitations on process
resolutions and applicable materials. In some instances
materials must be specifically designed in order to be
processed by these techniques. For instance, FDM re-

quires filaments of a defined size to be fed into a thermal
extruder. FDM can produce honeycomb like scaffolds of
precise structures through a computerized layer-by-layer
extrusion processes onto a movable stage. PCL scaffolds
have been fabricated using FDM with scaffold channel
sizes ranging from 160–700 mm, filament diameters from
260–370 mm, and porosities from 48–77% (149). Depending
on scaffold structure, these materials possessed tensile
strengths ranging from 0.4–3.6MPa and elongations at
break from 4–28% (149).

Electrospinning: Electrospinning occurs when a poly-
mer solution or melt is charged with a high voltage that
generates an electrical force. This force can overcome the
surface tension of a hanging drop of solution, form a
conical shape called the Taylor cone and then eject a
polymer jet. This jet undergoes a complex bending and
whipping process in conjunction with fiber splaying and
rapid solvent evaporation to result in a non-woven fabric
composed of sub-micron diameter fibers deposited on a
charged or grounded surface. Processing variables include
voltage magnitude, polymer feed rate, pendant drop-tar-

PEUU580 200 µm

(a)

PEUU880 200 µm

(b)

PEUU880 500 µm

(c)

PEUU1080 200 µm

(d)

Figure 4. Morphology of biodegradable polyurethane TIPS scaffolds fabricated at various solution
concentrations. (a) PEUU580 (5 wt.% polymer concentration, �801C quenching temperature)
longitudinal cross-section; (b) PEUU880 (8%, �801C), longitudinal cross-section, (c) PEUU880
(8%, �801C), transverse cross-section; (d) PEUU1080 (10%, �801C), longitudinal cross-section.
(PEUU¼poly(ester urethane)urea) (144).
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get distance, solution viscosity, solution concentration,
polymer molecular weight, and target geometry and mo-
tion. These variables largely affect the resulting morphol-
ogy and size of the scaffold fibers. The most significant
phenomenon observed is a transition from electrospraying
(i.e. spraying drops of polymer opposed to continuous
nanofibers) to electrospinning upon increasing solution
concentration and viscosity.

Electrospinning is attractive for soft tissue engineering
in that it can process biodegradable polymers into scaf-
folds that resemble the scale and architecture of the native
extracellular matrix (150). Many biodegradable polymers
including PLGA (150), PCL (150,151), polyurethane (152),
and natural materials such as collagen (153,154) or en-
gineered proteins such as elastin (155) have been electro-
spun for study in various tissue engineering applications
including cardiovascular and nervous tissue. Electrospin-
ning is also attractive in that it allows for fabrication of
aligned fiber scaffolds that can direct cell growth and
morphology and also result in anisotropic mechanical
properties. Typical morphologies of random and aligned
electrospun mats are illustrated in Fig. 5. Smooth muscle
cells were found to align themselves on electrospun scaf-
folds of PLCL (75:25) with aligned nanofibers for applica-
tion in blood vessel tissue engineering (156). Another
advantage to this process is that the potential exists to
blend biodegradable elastomers with natural materials
such as collagen or incorporate multiple spinning streams
with proteins to introduce biofunctionality into the resul-
tant scaffold. For example, Stankus et al. blended biode-
gradable poly(ester urethane)urea with collagen to result
in increased smooth muscle cell adhesion and elastomeric
mechanical properties (152).

While electrospinning can fabricate scaffolds that pos-
sess an ECM-like fibrous structure, this morphology also
results in pore sizes that are generally smaller (o 50 mm)
and more tortuous than those produced by other scaffold
methods such as particulate leaching. Therefore, it has
been difficult to achieve high cellular densities throughout
thick constructs. It has been suggested that cells statically

seeded on electrospun matrices can migrate into the
interior by displacing or enzymatically degrading indivi-
dual fibers in the process (150). While this may be
possible, an extended culture period and appropriate
signals for cell migration into thick construct interiors
might also be required. To overcome this problem and
achieve a highly cellularized tissue engineered construct
while also providing elastomeric mechanical support, a
microintegration approach has been developed where
elastomeric biodegradable polyurethane fibers are electro-
spun simultaneously with cellular placement (157).

6. CONCLUSIONS

Tissue engineering holds great promise for engineering
soft tissue replacements. The success of engineering soft
tissues will rely on many factors including appropriate cell
types, scaffolds, and in vitro culture methods. The scaffolds
play an important role as a substrate for cell attachment
and migration and also as an initial load bearing support
in some applications. The scaffold structure can also affect
the microenvironment of cell growth and tissue develop-
ment. The extracellular matrix based scaffolds, hydrogels
and elastomeric scaffolds used for soft tissue engineering
possess different mechanical properties, degradation
rates, and biocompatibilities. The application of these
scaffolds will ultimately depend on the mechanical and
functional requirements of the specific soft tissue of inter-
est.
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1. INTRODUCTION

Agent technologies are considered fundamental to the re-
alization of next-generation computing. A wide range of
software engineering approaches have been devised to
manage the complexity of distributed systems—object-ori-
entation being the most significant among them until now.
Object-oriented programming provided abstraction level
with the encapsulation of data and objects with several
abilities including inheritance.

Now it is widely recognized that interaction plays a
crucial role in complex software. In most cases, software
architectures contain many dynamically interacting com-
ponents engaging in complex coordination protocols. Fur-
thermore, with the changing requirements in systems’
environments (mostly because of optimization of distrib-
uted systems for better performance), the need for a level
of autonomy emerged. Autonomous components should be
able to respond dynamically to rapidly changing circum-
stances in dynamic and open environments. Software
agents take the next step after object-orientation by giv-
ing each object the ability to be autonomous, reactive, pro-
active, and social—now the software components (agents)
have their own thread of control, they respond to the
changes in the environment, have their internal goals,
and are communicative. In distributed systems, the idea of
an agent is often seen as a natural metaphor.

Agent-based systems are systems in which the key ab-
straction used is that of an agent. An agent-based system
can contain a single agent, but arguably the greatest po-
tential lies in the application of multi-agent systems (1).
The conceptual shift from the notion of single-agent to
multi-agent systems is an essential paradigm to under-
stand how two approaches differentiate. The most impor-
tant concepts of both paradigms are summarized in Table
1. In principle, an agent-based system might be conceptu-
alized in terms of agents, but implemented without any
software structures corresponding to agents at all. There-
fore, agent-based systems can be implemented by enhanc-

ing the native functionality of programming languages
and communication protocols if they are designed in terms
of agents. For example, Java-based multi-agent systems
can be built upon the serialization, reflection, weak mo-
bility (in case of mobile agents where code is downloaded
and executed), and interobject communication mecha-
nisms.

2. BACKGROUND AND LITERATURE OVERVIEW

In literature, two origins of the term agent can be tracked
down, the first one from the period of pioneers of agent
research and the second one from the following wave of
new researchers. In Bradshaw (2), roots of software agents
are placed back in the 1950s when Selfridge and McCar-
thy proposed an idea of a goal-driven system, a ‘‘soft robot’’
living and performing in the computer’s world. The idea of
software agents by early researchers has been further di-
versely researched and developed by new researchers in
distributed artificial intelligence (DAI), robotics, artificial
life, distributed computing, intelligent and adaptive inter-
faces, information retrieval, knowledge acquisition, and
many other fields. Nwana (3) traces agents back to He-
witt’s Actor model in the late 1970s. He proposed the con-
cept of an agent he termed actor and that had some
characteristics of modern agents.

Nwana split agent research into two main strands: the
first beginning about 1977 with roots mainly in DAI and
the second in the 1990s studying a much broader range of
agent types. Strand 1 has considerably contributed to un-
derstanding of interaction, communication, coordination,
cooperation, and negotiation between agents. The basic
aim of the agent supporting society in the 1990s was to
demonstrate the benefits of transforming stand-alone ex-
pert systems into a group of cooperating agents.

2.1. Literature Overview

Starting in the early 1980s, the research on software
agents and multi-agent systems evolved into one of the
most prevalent research areas in general computing. With
the proliferation of the variety of agent types, an explosion
in the use (and occasionally misuse) of the term agent has
occurred without a corresponding consensus on its mean-
ing. Various classification schemes and taxonomies have
been proposed. For more details, refer to Bradshaw’s re-
search (2). Agents have been considered from AI and gen-
eral computing perspectives and, consequently, the
definition of agents has been approached at various lev-
els of differing styles of argumentation (4). Traditionally,
research into systems composed of multiple agents was
carried out under the banner of DAI, which has been di-
vided into distributed problem solving (DPS) and multi-
agent systems (MAS).

DPS is focused on solving a particular problem by a
group of logically distinct components or modules (not
necessarily agents), which cooperate in dividing and shar-
ing knowledge about the problem and its developing solu-
tion (5). Agents in typical DSP systems are often assumed
to be benevolent (i.e., they are explicitly designed to coop-
eratively achieve a common goal). The main concerns in

Table 1. The Most Important Concepts of Agent and MAS
Approaches

Agent MAS

Categories Social organization
Architectures Coordination, cooperation and

interaction
Knowledge representation and

management
Planning and learning

Knowledge acquisition and
inference

Forms of communication

Mental models

1
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DSP are how to divide a problem into smaller tasks for
distribution among agents and how to effectively synthe-
size a problem solution from partial results.

In contrast, research in MAS is concerned with the so-
cieties of possibly pre-existing autonomous agents (i.e.,
agents with the type of properties listed in the section
about notions of agency) aiming at solving a given problem
(6) but generally not sharing the common goal. Agents in
MAS are usually considered self-interested, competitive or
non-cooperative, and may exhibit antagonistic behavior.
They are often designed by different individuals or orga-
nizations in order to represent their interests, thus one
agent’s interests may conflict with the interests of others.
Despite the possibility of conflicting interests, agents in
MAS have to cooperate to achieve their goals. The main
issues in multi-agent research are how agents can coop-
erate, recognize and resolve conflicts, and negotiate or
compromise in conflicting situations (7).

More recently, the term multi-agent systems has a
more general meaning and refers to all types of systems
composed of multiple (semi-)autonomous components (5).
Coordination is central to MASs, for without it, a group of
agents quickly degenerates into a collection of individuals
with a chaotic behavior. Coordination has been studied by
researchers in diverse disciplines in the social sciences,
including organization theory, political science, social psy-
chology, anthropology, law, and sociology, which produced
many coordination mechanisms like Contract-Net Proto-
col, blackboard systems, market mechanisms, or formal
dialogue games. The most renowned coordination tech-
nique for task and resource allocation among agents and
determining organizational structure is the Contract-Net
Protocol (8). Agents can use negotiation for solving conflict
and hence for coordinating their activities. Other re-
searchers place a stronger definition on negotiation argu-
ing that in order to negotiate effectively, agents must
reason about beliefs, desires, and intentions of other
agents (9). In order to achieve this coordination, the
agents might have to negotiate, however, they must inter-
act and exchange information; therefore, they need to
communicate. An agent communication language (ACL)
provides agents with a means to exchange information
and knowledge (9). Most ACLs are based on speech act
theory. In multi-agent systems, the possible solutions to
the communication problem range from those involving no
communication to those involving ad hoc ACLs and those
involving standard ACLs like KQML (10) and FIPA ACL
(6).

For agents to realize their potential as a software en-
gineering paradigm, it was necessary to develop software
engineering techniques that are specifically tailored to
them. In order to support MAS requirements such as co-
ordination, negotiation, and communication, several ar-
chitectures have been reported in the literature, among
them are Gaia, RETSINA, Multi-agent Systems Engineer-
ing (MaSE), AUML, Tropos, Prometheus, DECAF, and
others (11).

To date, the main areas in which agent-based applica-
tions have been reported are as follows: manufacturing,
process control, telecommunication systems, air traffic
control, traffic and transportation management, informa-

tion filtering and gathering, electronic commerce, busi-
ness process management, human capital management,
skills management, (mobile) workforce management, de-
fense, education, e-learning, entertainment, and medical
care (6).

3. THE CONCEPT OF AN AGENT

Many definitions for the software agents, usually referred
to as agents, have been given, but the most broadly ac-
cepted definition sees agents as autonomous, problem-
solving computational entities capable of effective opera-
tion in dynamic and open environments (6). Agents are
often deployed in environments in which they interact,
and maybe cooperate, with other agents (including both
people and software) that possibly have conflicting aims.

3.1. Notions of Agency

One of the possibilities to classify agents is by different
notions of agency. The notions of agency represent sets of
properties that systems should have in order to be recog-
nized as agents. In the weak notion of agency, defined by
Wooldridge and Jennings (12), an agent is a system that
enjoys the following properties:

* Autonomy. Agents can operate without the direct in-
tervention of humans or others, and have some kind
of control over their actions and internal state; they
have their own will.

* Social ability. Agents are able to interact with each
other with the use of some kind of agent-communi-
cation language.

* Reactivity. Agents perceive their environment and
respond in a timely fashion to changes in the envi-
ronment.

* Proactiveness. Agents do not simply respond to stim-
uli in their environment, they are able to take the
initiative.

In the strong notion of agency, the weak notions of
agency are preserved. In addition, some characteristics of
mentalistic notions, such as knowledge, belief, intention,
and obligation are considered. Some other properties dis-
cussed in the context of strong agency are (1):

* Mobility. Mobile agents have the ability to move
around in the environment in a self-directed way.

* Learning. Agents should have the ability to learn
while acting and reacting in its environment.

* Temporal continuity. Agents perform actions through
a continuous running process.

* Veracity. Agents are assumed to be truthful.
* Benevolence. Agents do not have conflicting goals

and they do what they are told to do.
* Rationality. Agents will perform in an optimal matter

to achieve goals.
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3.2. The Relationship between Agents and Objects

Agents are often related to objects, where the latter are
defined as computational entities that encapsulate some
state, are able to perform actions (or methods) on this
state, and communicate by passing a message. Obviously,
some similarities exist, yet significant differences also ex-
ist between agents and objects. First, agents are active
autonomous entities capable of exercising choice over
their actions and interactions; they cannot be directly in-
voked as objects, which are considered static entities. Sec-
ond, they are capable of flexible, reactive, proactive, and
social behavior. Third, a multi-agent system is intrinsi-
cally multi-threaded; each agent is assumed to have at
least one thread of control, whereas objects get a thread
control from the calling object. Moreover, agents also sup-
port structures for representing mental components (i.e.,
beliefs and commitments) and are capable of high-level
interaction, using agent-communication languages be-
tween agents based on the ‘‘speech act’’ theory as opposed
to ad hoc messages frequently used between objects. Nev-
ertheless, agents may be constructed using object-oriented
technology.

3.3. Agent Architectures

Agent architectures are the fundamental engines under-
lying the autonomous components that support effective
behavior in real-world, dynamic, and open environments.
Wooldridge and Jennings (12) indicate that agent archi-
tectures can be viewed as software engineering models of
agents. Agent architecture describes how agents perceive
the environment through sensors and act on that envi-
ronment through effectors.

Four basic types of architectures have been identified
(13):

* Deliberative or logic-based (symbolic) architectures;
* Reactive (behavioral) architectures;
* Belief-Desire-Intention (BDI) architectures; and
* Hybrid (layered) architectures.

3.3.1. Deliberative Architectures. These architectures
adopt the traditional AI (called symbolic AI) approach to
designing intelligent systems by viewing them as a type of
knowledge-based system. A deliberate agent is one that
contains an explicitly represented, symbolic model of the
world, and in which decisions including about what ac-
tions to perform, are made by some kind of logical reason-
ing (12).

3.3.2. Reactive Architectures. Reactive architectures
aim to develop and combine individual behaviors of reac-
tive agents situated in some environment (13). Reactive
agents have a very simple representation of the world and
operate in a simple stimulus-response fashion. Intelligent
behavior emerges from the interaction of various simpler
behaviors as well as from the interaction between an
agent and its environment. The main disadvantage of
this architecture relates to the fact that agents do not em-
ploy models of their environment, therefore they need a

great deal of local information to determine an acceptable
action.

3.3.3. Belief-Desire-Intention Architectures. These ar-
chitectures represent an agent in the terms of its beliefs,
desires (goals), and intentions (14). The basic components
of a BDI agent are data structures (that represent beliefs,
desires, and intentions) and functions for representing
them and reason about them. The agent’s beliefs corre-
spond to the information the agent has about its environ-
ment, its desires to the available actions (allocated tasks),
and its intentions to those desires that agent wants to
achieve (agent’s current focus).

3.3.4. Hybrid Architectures. Hybrid architectures com-
bine the deliberative and reactive approaches. An agent in
this architecture consists of a deliberative component and
a reactive component (15). Subsystems in agent’s deliber-
ative component develop plans and make decisions using
symbolic reasoning, whereas subsystems in reactive com-
ponent can react quickly to events without complex rea-
soning. A popular approach to designing hybrid agents is
the use of layered architectures. Various subsystems of the
architecture are arranged into a hierarchy of interacting
layers, each of which is reasoning about the environment
at different levels of abstraction. Information and control
can flow either horizontally or vertically. The input can be
processed from each layer individually (horizontal flow),
or from each layer after the other with the final layer
forming the output (vertical flow).

3.4. Agent Infrastructure

Agent infrastructure is concerned with developmental and
operational support for agent systems. In the last few
years, several new technologies have emerged that are
aimed specifically at the ad hoc networking that is central
to the support of significant agent-based systems. These
systems include Jini, UPnP, and Salutation, for example,
which define discovery and registration protocols that al-
low for dynamic discovery. Similarly, markup languages
such as XML and RDF(S), along with standardized onto-
logies, provide means for resource description and manip-
ulation of this data at a semantic level.

Agent infrastructure also provides management func-
tionality through such mechanisms as Jini leasing, which
controls access to registry services, communication sup-
port from underlying transport mechanisms to robust pro-
tocols for information exchange, and security support to
ensure that agents are properly authenticated and suit-
ably authorized to perform their required actions (6).

3.5. Agent Typology

Several classification schemes or taxonomies for classifi-
cation of software agents have been proposed in the agent
research community. The most acknowledged ones are
Gilbert’s scope of intelligent agents (16), with typology
based on Nwana’s primary attributes dimension (3) and
Franklin and Graesser’s agent taxonomy (17). Gilbert et
al. positioned intelligent agents along three dimensions,
agency, intelligence, and mobility, whereas Nwana pro-
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posed a typology of agents that identifies other dimensions
of classification. Agents may thus be classified according
to:

* mobility, as static or mobile;
* presence of a symbolic reasoning model, as delibera-

tive or reactive;
* exhibition of primary attributes, such as autonomy,

cooperation, and learning;
* roles, as information or Internet;
* hybrid combined approaches in a single agent; and
* secondary attributes, such as versatility, benevo-

lence, veracity, trustworthiness, temporal continuity,
and mentalistic and emotional qualities.

Based on proposed typology, Nwana identified seven
categories of agents: collaborative agents, interface
agents, mobile agents, information/Internet agents, reac-
tive agents, hybrid agents, and smart agents. According to
Franklin and Graesser, autonomous agents are divided
into biological agents, robotic agents, and computational
agents, the last ones being further divided into software
agents and AI agents. At last, software agents are divided
into task-specific agents, entertainment agents, and vi-
ruses.

4. MULTI-AGENT SYSTEMS

Although, in many cases, agents can act separately to
solve a particular problem, it often happens that a com-
plete system made of several different agents has to be
designed to cope with a complex problem involving either
distributed data, knowledge, or control.

Agents are often deployed in environments in which
they interact, and maybe cooperate, with other agents—
including both people and software—that possibly have
conflicting aims. Such environments are known as multi-
agent systems. A multi-agent system (MAS) is a collection
of possibly pre-existing autonomous agents that commu-
nicate between them to coordinate their activities in order
to be able to solve collectively a problem that could not be
tackled by any agent individually (18). Multi-agent sys-
tems are based on the idea that a cooperative working en-
vironment comprising synergistic software components
can cope with problems that are hard to solve using the
traditional centralized approach to computation.

In order for an MAS to solve common problems coher-
ently, the agents must communicate among themselves,
coordinate their activities, and negotiate once they find
themselves in conflict. Conflicts can result from simple
limited resource contention to more complex issue-based
computations where the agents disagree because of dis-
crepancies between their domains of expertise. Coordina-
tion is required to determine organizational structure
among a group of agents and for task and resource allo-
cation, whereas negotiation is required for the detection
and resolution of conflicts.

4.1. Characteristics of Multi-Agent Systems

The fundamental aspects that characterize a multi-agent
system and distinguish it from a single-agent system can
be observed along several dimensions (19):

4.1.1. Agent Design. Agent heterogeneity can affect all
functional aspects of an agent from perception to decision
making. In single-agent systems, this issue is nonexistent.

4.1.2. Environment. Agents inhabit either static (time-
invariant) or dynamic (nonstationary) environments, but
in a MAS, the presence of multiple agents makes the en-
vironment appear dynamic from the agent’s point of view.

4.1.3. Perception. The collective information that
reaches agents’ sensors is typically distributed spatially
(at different locations) or even semantically (requiring dif-
ferent interpretations).

4.1.4. Control. The control in a MAS is typically decen-
tralized.

4.1.5. Knowledge. In a MAS, the levels of knowledge of
each agent about the current world state can differ sub-
stantially. In general, in a MAS, each agent must also
consider the knowledge of each other agent in its decision
making. A crucial concept here is that of common knowl-
edge, according to which every agent knows a fact, every
agent knows that every other agent knows this fact, and so
on.

4.1.6. Communication. Interaction is often associated
with some form of communication. Typically, communica-
tion in a MAS is viewed as a two-way process, where all
agents can potentially be senders and receivers of mes-
sages. Communication can be used for coordination among
cooperative agents or for negotiation among self-inter-
ested agents. Communication can be present in different
forms, argumentation, negotiation, or persuasion. Effec-
tive communication among agents requires shared knowl-
edge of syntax, shared understanding of semantics and
pragmatics, and some means of exchanging messages to
communicate.

4.2. Characteristics of Multi-Agent Systems Environments

Environments for multi-agent systems have to provide
computational infrastructure for agents, enable protocols
for communication, and enable interactions between
agents so that they may share resources and coordinate
their activities. The infrastructure has to provide shared
resources for agents, communication and interaction pro-
tocols, and transportation methods for mobile agents.
MAS environments are usually open, distributed, and
may be based on standards. Inhabitants are autonomous
agents that communicate with the environment and may
be cooperative or selfish. These environments have to let
agents operate effectively and let them interact produc-
tively. Table 2 summarizes the classification of the agent
environments based on their properties introduced by
Russell and Norvig (20).
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5. AGENT TECHNOLOGIES

5.1. Coordination, Cooperation, and Communication
Mechanisms

The exchange of knowledge and information between the
agents in MAS is important for solving problems effi-
ciently and coherently. An agent in MAS has to be able
to communicate with other agents and with the environ-
ment in order to coordinate activities, to negotiate in the
case of a conflict, and to be able to allocate tasks and re-
sources. Agent communication languages enable agents to
collaborate with each other by providing them with the
means of exchanging information and knowledge (21).
Agent communication languages remain just syntax with-
out a shared common ontology containing the terms used
in agent communication and the knowledge (e.g., defini-
tions, attributes, relationships between terms and con-
straints) associated with them (22).

Coordination is considered as an essential aspect of
MAS. It prevents chaos when conflicts occur between
agents and it places global constraints for the behaviors
of agents. It is necessary because agents in MAS have dif-
ferent and limited capabilities or expertise and their ac-
tivities might be interdependent (23). Even if agents’
activities are independent, one agent can discover infor-
mation that is useful for another agent, so that coordina-
tion also enables efficiency. Nwana et al. (24) indicated
that coordination may require cooperation (although co-
ordination can also occur without cooperation), but coop-
eration among agents does not necessarily result in
coordination. Additionally, communication among agents
may be required for coordination, but agents can also be
coordinated without communication if agents possess the
models of each other’s behaviors.

5.2. Agent Communication Languages

An agent communication language (ACL) provides agents
with a means to exchange information and knowledge.
Over the years, other means and approaches have been
used for exchanging knowledge and information between
applications, among them are remote procedure call (RPC)
or remote method invocation (RMI), CORBA, and object
request brokers (ORBs) (2). ACLs like KQML or FIPA
ACL can handle propositions, rules, and actions instead of
simple objects, and the ACL message describes a desired

state in a declarative language, rather than a procedure or
method.

KQML is a high-level, message-oriented communica-
tion language and protocol for information exchange. It is
independent of the transport mechanism ((TCP/IP, SMTP,
IIOP, etc.), independent of the content language (KIF,
SQL, STEP, Prolog, etc.), and independent of the ontology
assumed by the content. The KQML language is divided
into three layers:

* Content layer. The content layer bears the actual
content of the message.

* Message layer. This layer encodes a message that
one application would like to transmit to another. The
message layer forms the core of the KQML language
and determines the kinds of interactions one can
have with a KQML-speaking agent.

* Communication layer. This layer encodes a set of
features to the message that describe the lower level
communication parameters, such as the identity of
the sender and recipient, and a unique identifier as-
sociated with the communication.

The FIPA Agent Communication Language (FIPA
ACL), like KQML, is based on speech act theory: mes-
sages are actions, or communicative acts, as they are in-
tended to perform some action by virtue of being sent. The
specification consists of a set of message types and the
description of their pragmatics, that is, the effects on the
mental attitudes of the sender and receiver agents. Every
communicative act is described with both a narrative form
and a formal semantics based on modal logic.

5.3. Learning in Agents

Learning ability is a crucial feature of intelligent agents,
especially when faced with a multi-agent environment.
Agents operate in a dynamic environment, making it im-
possible to statically determine an agent’s optimal behav-
ior in advance. Agents have to learn from and adapt to
their environment. Multi-agent learning and adaptation,
that is, the ability of agents to learn how to cooperate and
compete, becomes crucial. Applications of learning agent
technology have been especially successful in the areas of
personalization and information retrieval, and promising
results have been achieved in the areas of robotics and

Table 2. Classification of Multi-Agent System Environments

Environment Description

Accessible/Inaccessible Agents can obtain complete, accurate, up-to-date information about the environment’s state in an
accessible environment. Most complex environments are inaccessible.

Deterministic/Non-deterministic Any action of the agent has a single guaranteed effect in a deterministic environment as opposed to
some uncertainty about the resulting state after an action is performed in a nondeterministic
environment.

Episodic/Non-episodic The performance of an agent depends on a number of discrete episodes in an episodic environment.
No link exists between the performances of an agent in different scenarios.

Static/Dynamic A static environment can be changed only by the performance of the actions of the agent while a
dynamic environment has other processes operating in it, which are not under the control of the
agent.

Discrete/Continuous A fixed, finite number of actions and percepts exist in a discrete environment.

SOFTWARE AGENTS 5



telecommunications. Over the years, learning and adap-
tation has occupied researchers from disciplines such as
artificial intelligence, machine learning, information re-
trieval, and human-computer interaction (HCI), and in
the agent domain, work has also concentrated around
other areas including adaptive user interfaces, user pro-
filing, and personalization techniques (5).

5.3.1. Single-Agent Learning and Multi-Agent Learn-
ing. To date, most learning algorithms have been devel-
oped from a single-agent perspective. Single-agent or
isolated learning focuses on how one agent improves its
individual skills, irrespective of the domain in which it is
embedded. Single-agent learning might not always yield
an optimal performance in multi-agent environments, and
domains may exist where coordinated multi-agent learn-
ing is a more natural metaphor and improves the effec-
tiveness. On the contrary, multi-agent (or interactive)
learning relies on the presence of multiple agents and
their interaction. The concept of interactive learning itself
can be applied in two different ways. In the stronger and
more specific meaning, interactive or multi-agent learning
refers only to situations in which several agents learn how
to pursue a common learning goal. In the weaker and less
specific meaning, it additionally refers to situations in
which an agent pursues its own learning goal, but is af-
fected in its learning by other agents.

5.3.2. Online and Offline Learning Methods. Online (or
incremental) learning algorithms, such as ant colony op-
timization algorithms and nature-inspired paradigms
such as artificial immune systems, have been used to com-
pute new hypotheses incrementally as soon as a new
training example becomes available. On the other hand,
offline learning methods induce a hypothesis from a set of
training examples presented to the algorithm at a single
time point. Apparently, online algorithms are better suited
for multi-agent systems where agents need to update their
knowledge constantly. However, it is desirable to be able to
use the large and powerful class of offline learning algo-
rithms as well. In order to do this, an agent needs to collect
a set of training examples and then decide at some time
point to compute (or recompute) a hypothesis.

5.4. Principles from Biology

In this chapter, the authors try to compare the typical bi-
ological examples that inspired scientists in development
of multi-agent theory, where they were often presented as
reactive agents. One of the first papers in this field, writ-
ten by Dorigo et al. (25), introduces the colonies of coop-
erating agents behaving like a colony of ants. Later, this
analogy with the way ant colonies function has suggested
the definition of a new computational paradigm, which is
called ant colony optimization or ant systems. In this ap-
proach, the search for solutions is distributed over agents
using very simple basic capabilities that, to some extent,
mimic the behavior of real ants. The basic idea was taken
from ethologists who found out that almost blind animals
like ants could manage to establish the shortest route
from their colony to specific destinations. They found out

that ants can communicate information among individu-
als regarding paths using pheromones. The way phero-
mones work is analogous to the way hormones in the body
send specific chemical signals from one set of cells to an-
other, causing them to perform a certain action.

Another characteristic of agent-based systems is a pro-
cess of self-organization that can also be found in nature.
It is a process in which pattern at the global level of a
system emerges solely from multiple interactions among
the lower level components of the systems. Five basic fea-
tures of complex self-organizing systems exist that can be
directly applied to agent systems:

* Large number of subjects
* Large number of interactions
* Simple interaction rules
* Decentralized organization
* Emergent behavior

Although current multi-agent systems cannot match
the complexity level of complex biological systems, the ob-
vious similarities can be seen.

6. APPLICATIONS OF AGENT SYSTEMS

Intelligent agent systems have been applied in many bio-
medical fields worldwide. Although most of the agent-
based systems still exist only in the experimental envi-
ronments, some systems also exist that are already used
in everyday life. One should also be aware of the fact that
these new agent-based systems should take into account
rapidly changing national and international laws and reg-
ulations concerning the privacy of medical data and the
security of the transaction of patient information between
agents, which can also be the difficulty when deploying
agent-based system to the medical environment.

The applications will be divided in the following
groups:

* Patient monitoring
* Knowledge management agents
* Distance learning systems
* Community care
* Organ and tissue transplant management
* Patient and staff scheduling

6.1. Patient Monitoring

The Guardian system proposed by Hayes-Roth (26) is pos-
sibly not just the patient monitoring multi-agent system,
but also one of the first applications of the agent-based
systems in the biomedical field. It is intended to help in
the patient monitoring process in surgical intensive care
units (SICU). The system tries to distribute the SICU pa-
tient monitoring among a number of agents of three dif-
ferent types:

* perception/action agents—interface between guard-
ian system and the world;
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* reasoning agents—organization of decision making;
and

* control agents—top-level control of the system.

Another similar system was proposed by Huang et al.
(27) where they try to model many individuals who con-
tribute in the patient management and care process. For
example, a general practitioner may suspect that a patient
has breast cancer, but this suspicion cannot be confirmed
or rejected without the assistance of a hospital specialist.
If the specialist confirms the hypothesis, then a care pro-
cedure must be devised for treating the patient, involving
the resources of other individuals. The system allows a
natural representation of this process, with agents
mapped onto the individuals (28).

6.2. Knowledge Management Agents

Agent-based systems for knowledge management in the
biomedical field are used to acquire, create, organize,
share, and store biomedical knowledge. Most systems for
biomedical knowledge engineering use World Wide Web
resources and are built on information that is acquired
from the Internet. In many cases, such systems are used
as medical decision support systems (29). One such system
is the Multi-Agent Retrieval Vagabond on Information
Networks (MARVIN) (30), developed at the Health on
the Net Foundation and the Swiss Institute of Bioinforma-
tics, where they try to index medical documents on the
World Wide Web. MARVIN is intended to filter documents
in eight languages and provide better help by exploiting a
multilingual index of medical papers. In the later stages of
development, it was used to feed the medical- and health-
oriented search engine called MedHunt. Another similar
system, called Personalised Information Retrieval Agent
(PIRA), was developed by Lobato and Shankararaman
(31), where an information agent, based on a user profile,
can proactively perform the role of locating, assessing, re-
trieving, filtering, and presenting information from many
distributed sources on a periodic basis. Another medical
diagnosis system that combines the advantages of multi-
agent system technologies and neural networks in order to
realize a highly reliable, adaptive, scalable, flexible, and
robust medical diagnosis was presented by Klüver et al.
(32). The system works as a hierarchically organized
structure of agents that collaborate in a search for the vi-
able medical diagnosis. Higher-level agents cover a
broader field of diseases, whereas on the lover levels, one
can find more specialized experts.

6.3. Distance Learning Systems

Usually we use distance learning systems in the education
process at the medical or health care educational institu-
tions, but they can be used as the tutoring and learning
applications for the medical staff as well. One of the well-
known systems is called Adele (Agent for Distance Edu-
cation - Light Edition) and was developed at the Center for
Advanced Research in Technology for Education (33).
Adele is an animated pedagogical agent. Such agents
have animated personas that respond to user actions. In

addition, they have enough understanding of the learning
context and subject matter that they are able to perform
useful roles in learning scenarios. The system is designed
in a way that supports students working through problem-
solving exercises that are integrated into instructional
materials delivered over the World Wide Web.

6.4. Community Care

Special interest groups for the application of multi-agent
systems are the senior and disabled citizens. The agent-
based technology can significantly improve the quality of
life in such communities. Multi-agent systems can provide
aid of carrying out the daily activities, link with the out-
side world, and access to the information and communi-
cation with the family to the senior and disabled people.
Actually, such systems share a lot of functions with the
similar systems for monitoring patients, described in the
patient monitoring section. These kinds of tools may be
used to facilitate the health care and social interaction of
senior citizens, and may delay their institutionalization by
prolonging their period of independence (34). A European
project called TeleCARE is an example of the agent-based
system that aims to offer assistance and support to the
elderly people employing tele-supervision and tele-assis-
tance (35).

6.5. Organ and Tissue Transplant Management

Despite significant advances in the surgery process, the
coordination of the preliminary activities involved in an
organ transplant operation is still a very challenging and
complex process. In organ transplant management (OTM)
systems, agents take care of the coordination process that
is needed to find the most appropriate recipient of the or-
gan that is currently available somewhere in the region
that is covered by the system. An example of an OTM
system was described in Ref. 36, where authors propose
agent-mediated combination of tissue and organ trans-
plant management system.

6.6. Patient and Staff Scheduling

Patient and staff scheduling in medical environments is a
highly complex task. The problem is very old, but because
of the complexity the solutions have also been proposed
using agent-oriented approaches. Decker and Li proposed
one of the first multi-agent systems for patient scheduling
(37). Much more advanced system for scheduling the pa-
tients inside the hospital environment was proposed by
Paulussen et al. (38), where they introduce a multi-agent-
based distributed approach to patient scheduling under
variable pathways and stochastic process durations.

Another multi-agent system was developed to solve the
nurse rostering problem. The technique involves a hybrid
approach that devolves responsibility for different aspects
of the problem to a heuristic component and a constraint
solver. In the preprocessing stage, the staff to be rostered
are treated as semi-autonomous agents, each with indi-
vidual responsibility for their initial assignment, and com-
municating with a global constraint satisfaction agent
(39).
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The approach that addresses both patient and staff ap-
pointment scheduling was presented in (40). The pre-
sented multi-agent-based simulation system includes
optimization of patient and nurse scheduling in ambula-
tory health-care environments. Additionally, the paper
presents time-series forecasting in the patient scheduling
domain.

A more general approach was presented in (41), where
authors introduced an agent-based framework for medical
appointment scheduling.

7. FUTURE OF AGENT SYSTEMS

A lot of changes in the software agents’ field need to be
made to change the current situation where agents exist
mainly in academic and commercial laboratories but are
not widely available in real-world applications. This move
is likely to happen over the next few years, but some is-
sues still exist that limit the availability of agent systems
for the end users. In particular, a lack of web standards
still exists that would enable structural and semantic in-
formation description. Over the next few years, Web ser-
vices standards and standards for semantic webs will play
an important role in the agent standardization efforts. A
further field where support is lacking is standardization in
the knowledge management software, where many solu-
tions of storing knowledge exist, but everyone seems to be
doing it in some specific way.

Another open issue for the future is the validity of such
complex multi-agent systems that we started to build. The
way to solve this problem lies in development of systems
that would exhibit online adaptiveness rather than a pri-
ori proof validity (42), which is strongly connected with
the formalization of the agent’s ability to adapt and learn
behaviors, which will be another difficult task to solve.

Focusing on medical applications of agent systems, a lot
of research is ongoing in the fields of communication and
cooperation between distributed intelligent agents. The
aim of the research in the mentioned directions is to au-
tomate agents that can manage information about pa-
tients and autonomously react and interact with other
agents within the medical environment. The rapidly
changing national and international laws and regulations
concerning the privacy of medical data in patient infor-
mation transactions should also be taken into account.
Therefore, it is obvious that in the foreseeable future, a
demand for closed multi-agent systems will exist, mainly
because of the security concerns that derive from open
systems. Thorough reliability testing for agents, formal
methods for open-agent systems, trust techniques for cop-
ing with malicious agents, and reputation mechanisms
have to be developed to ensure trust in adopting agent
technology.
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Socrates: And has not everything which has a function its own
particular excellence? Plato, The Republic

1. INTRODUCTION

Software engineering is the application of project man-
agement discipline to the art of designing, building, deliv-
ering, and maintaining software (1).

The following simple question helps to frame issues
that are important to software engineering: What Web
browser do you use? Janco Associates, Inc. reports that, as
of April 2005, 99.61% of the browser space can be parti-
tioned using only seven packages (2). Microsoft’s Internet
Explorer is credited with 83.07%; does this mean that Mi-
crosoft makes a better browser than the Mozilla Organi-
zation? Mozilla’s Firefox, at 10.28%, claims more than 50
million downloads (3); is this growth sufficient to claim
that Firefox is a better browser? What about security? re-
liability? responsiveness? breadth of features? Each soft-
ware has its own excellence; software engineering is its
study.

This discussion begins with a review of software engi-
neering theory, proceeds to review the reduction of this
theory to practice, and concludes with a survey of software
engineering with respect to the field of biomedical engi-
neering.

2. THEORY

Three essential elements to this review exist: project man-
agement, software; and how elements of these two fuse in
software engineering. Each of these elements is consid-
ered here in a separate section.

2.1. Project Management

Project management is scaffolding within which the in-
nately open-ended process of creation is married to the
inelegant constraints of real life. More, it is how such a
marriage is maintained over the lifetime of the project in
uncertainty, because accommodating change, both ex-
pected and unplanned, is a key element to successful man-
agement. When it is done well, it provides structure and
support to the people who need to do useful work; when
done poorly, it substitutes overhead for productivity. This
balance is nicely expressed in Fig. 1, the canonical time,
cost, complexity triangle. Each vertex is a key metric; each
edge highlights a trade-off. Time, for example, is influ-

enced both by the resources you have (personnel, tools)
and by the complexity of the product (number of features,
proposed longevity), which gives rise to this manager’s
aphorism: ‘‘Time, cost, complexity: Pick two.’’

Each metric can be expressed as a planning and re-
porting instrument: Time is made manifest in a schedule,
cost has a budget, and complexity is embodied in the spec-
ification. These tools are used by project managers to en-
sure that the effort continues to satisfy all of its
constraints.

The advantage of this formal study is that significant
elements of project management exist that are repeatable:
Time, cost, and complexity pertain to all projects. The dis-
advantage of this abstraction is that it becomes tempting
to plan the project in isolation. The key shortcoming of
many project plans is their failure to recognize that the
very nature of the project is dependent on the people par-
ticipating. It is almost impossible to create a realistic pro-
ject plan based solely on specification and budget, because
not all person-hours are equal (4). One hour pledged by a
dedicated volunteer who is excited to be working on a pro-
ject that piques his passion is likely to be worth far more
than the same hour begrudged by a government employee
whose life and livelihood is threatened by the project you
are planning.

2.2. Software

Software looks very different to a programmer than it does
to a business consumer. To the former, it is pure thought,
infinitely malleable, flexible, and elegant; to the latter, it is
a change to the way business is done.

Software is related to both manufacturing and mathe-
matics, but is significantly different from both. Like man-
ufacturing, software development begins with a design,
and proceeds to execution and delivery. Unlike manufac-
turing, however, virtually no overhead is associated with
reproducing the work. If you have created a piece of soft-
ware that is useful to you, it is practically free to provide a
copy of that work to your neighbor. Like mathematics,
software development is deeply rooted in logic and infer-
ence. Unlike mathematics, an algorithm that fails to be
correct all of the time may still be sufficiently useful to
become widespread. Software is the butt of many jokes
comparing it with traditional science, engineering, and
manufacturing. In how many other disciplines will you

cost

complexitytime

Figure 1. The cost, time, complexity triangle.
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find practitioners tolerating repeated Blue Screens of
Death? (5,6).

Lastly, it is important to remember that it may be dif-
ficult to delineate a software boundary. Is an EPROM’s
(Erasable Programmable Read-Only Memory) contents
software? What about the design and layout of an ASIC
(Application-Specific Integrated Circuit)?

2.3. Managing Software Projects: Software Engineering

As Brooks points out, it is fairly easy for one or two people
in a garage to make a single software program that is
useful to them, but to expand the effort to add the features
and robustness necessary to make that same core function
useful for an arbitrarily larger audience is significant (4),
which is why the management and control of software de-
velopment has become so prominent, and why software
engineering has risen to become an independent disci-
pline.

In the effort to control the three key variables of time,
cost, and complexity, it has become customary to divide
the work into these broad phases:

* Initiation: Easiest to overlook, initiation is that pe-
riod during which a need is identified, roughly quan-
tified, and used as to justify creating a project.

* Specification: The phase in which all parties, the cus-
tomers, stakeholders, and developers, come to formal
agreement on what the deliverables and constraints
are to be.

* Development: Generally consists of component-based
work; these components are combined in the final
system.

* Testing: Components are tested piecemeal (in so-
called unit testing), whereas the entire conglomera-
tion of components is tested together in integration
testing.

* Deployment: This phase sees the final system put in
place and activated. It may also include training. At
this point, the business customer has begun to adopt
the new process surrounding the software.

Much of the difference among software engineering
methodologies centers on how they balance the interac-
tion among these phases: What is the correct amount of
time to devote to specification or testing? When shall the
project entertain changes to specification? How soon
should ‘‘real development’’ begin, and what does that

mean? The next section, Practice, presents some of the
important methodologies and how these address these
questions.

3. PRACTICE

Many different models have been proposed for how to con-
duct and control software development projects. The fol-
lowing list considers important software development
methodologies in chronological order:

* The Waterfall Model
* The Spiral Model
* Agile Development

Each of these is here considered in a separate section.

3.1. The Waterfall Model

Originally described by Winston Royce in 1970 (7), the
Waterfall Model is conceptually the simplest possible
model. The project moves serially through the phases of
specification, analysis, design, coding, testing, and opera-
tion in much the same way that a stream cascades from
one shelf to another down the watercourse. And, as does
water, the progression is strongly in one direction. See Fig.
2, which was adapted from Ref. 7. The original Waterfall
Model did provide for the possibility that the project might
have to regress, but in a very constrained manner, and
only with the recognition that this regression would be
costly.

The Waterfall Model as just described is no longer pop-
ular, having justly received criticism that it fails to provide
flexibility. It is unreasonable to expect a client to under-
stand all requirements up front; it is unreasonable to ex-
pect that design conducted without empirical data will
never need to be refined; and so on. For these reasons, the
Waterfall Model generally serves the same purpose it
serves here: as a conceptual stepping-stone to alternative
ways of structuring software development projects.

It is interesting to note, however, that the Waterfall
Model as described here is not what Royce was proposing
in 1970. Royce points out many of the inconsistencies for
which the model was later criticized, and even proposed a
much more elegant scheme for reducing the risk posed by
a one-pass development model. This focus, as it turns out,
is important, because risk management serves as the ba-
sis for Boehm’s refinement: The Spiral Model.

software
requirements

system
requirements

analysis

coding

program
design

testing
operations

Figure 2. The Waterfall Model.
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3.2. The Spiral Model

First proposed by Barry Boehm in 1988 (8), the spiral
model of software development is an incremental improve-
ment in the waterfall model. Instead of a single pass
through the development life cycle, the Spiral Model calls
for repeated complete passes as warranted by an assess-
ment of the risk versus the objectives. For as long as this
test produces positive results, an additional turn through
the cycle is undertaken. Fig. 3 is a simplified interpreta-

tion of this process.
The Spiral Model is an example of an iterative ap-

proach, that is, the process iterates through multiple
passes until an acceptable final product is achieved. This
process acknowledges the fact that many clients have dif-
ficulty discussing requirements in the abstract, and much
prefer to have a working prototype to observe, comment
on, and criticize. Hopefully, the knowledge gained by
working with a tangible prototype outweighs the mini-
mum effort expended in each iteration of development. An
iterative approach has the added advantage of giving the
client an earlier impression of positive progress than
might be gained by waiting for a complete cycle of the
Waterfall Model to end.

3.3. Agile Development

The Waterfall Model proposed a process that relies heavily
on planning and a single-pass development cycle. The Spi-
ral Model deaccentuates planning by imposing multiple
passes through the development cycle. Agile Development
is the natural extension of this trend: In this methodology,
no concept of a fixed development target or a protracted
development period exists. This method is characterized
by short periods of active development that culminate in
direct feedback from the client (9). No final product exists
in an agile development process, only temporary way-
points, as evolutionary growth is incorporated directly
into the working environment.

In principle, Agile Development represents a grass-
roots effort to reform the process of software development

and engineering as reflected in the Manifesto for Agile
Software Development (10):

Better ways of developing software are being uncover-
ing by doing it and helping others do it. Through this
work, the authors have come to value:

– Individuals and interactions over processes and
tools,

– Working software over comprehensive documenta-
tion,

– Customer collaboration over contract negotiation,
and

– Responding to change over following a plan.

That is, although value exists in the items on the right,
the items on the left are valued more.

In practice, Agile Development happens to coincide
with the trend toward smaller teams of developers work-
ing on projects of confined scope. Proponents rarely claim
that this methodology is suitable for large, distributed
teams of developers.

4. APPLICATIONS IN BIOMEDICAL ENGINEERING

Biomedical engineering as a discipline uses a significant
amount of software, and yet has a low threshold for error.
An infusion pump either delivers the correct dose of med-
ication or it does not. Discovering such a defect at run-
time (in a clinical setting) is unacceptable. This intoler-
ance for unexpected errors results in a reliance on more
formal software engineering methodologies and accepted
standards.

One of the most popular standards for describing the
software development process is the Capability Maturity
Model Integration (SW-CMMI) developed by the Software
Engineering Institute at Carnegie Mellon University (11).
The five maturity levels are defined as follows (12); the
examples cited build on each other:

* Level 1, Initial, which is almost entirely ad hoc.

Example: A lone biomedical engineer writing a small
PERL script to parse and organize test data that were
dumped to the console. As an afterthought, this script is
sometimes offered to service technicians to aid them in
debugging problems in the field. As defects are reported or
new features are requested, the author may change the
script within the hour, but new versions are typically only
sent to those reporting problems, and fixes themselves of-
ten are buggy.

* Level 2, Managed, adds discipline to Level 1’s chaos.

Example: Tired of the escalating number of support
calls this script generates, the author institutes a build/
test/release process and schedule that are published on a
public website. The code is rebuilt from scratch to make it
easier to read and maintain, which helps to align expec-
tations between the author and the users, and also in-
creases the quality of the product.

analyze
risks

define
objectives

prototypeanalyze

Figure 3. The Spiral Model.
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* Level 3, Defined, has more consistent process than
Level 2.

Example: An untimely power outage destroys six
months’ progress on the script, so the engineer appeals
to the in-house programmers for advice on source control.
The programmers add the script to their stable of projects,
keeping the engineer as the project lead, but modify it to
comply with company-wide standards of coding style,
check-in/out procedures, release schedules, testing, bug-
tracking, and documentation. This script is now managed
in the exact same way as all of the other, larger software
projects within the firm. Quality and reliability of the
script and the process both appear to be better.

* Level 4, Quantitatively Managed, has a predictable
process.

Example: A new software manager is hired to help im-
prove the responsiveness of software development. She
introduces a methodology that collects key performance
metrics at all stages of the product life cycle. These met-
rics are reviewed regularly with all project managers and
are used to evaluate refinements in their processes. The
engineer loses time learning the new routine, but later
observes the year-end report showing a significant corre-
lation between the variations in process and the develop-
ment outcomes (schedule, quality). Not only is the process
repeatable, but it is understood in quantitative terms.

* Level 5, Optimizing, has a process that is continu-
ously improving.

Example: The firm cuts 20% of its software develop-
ment staff in response to market recession. To remain as
close to the promised product release schedules as possi-
ble, the software manager and project leads create a pro-
gram to use their metrics to guide the reengineering of
their development methodology. Dedicated reporting, re-
view, and refinement allow them to test and evaluate dif-
ferent strategies until they find one that is optimal for
their organization. Their process is not only repeatable
and understood quantitatively, but these measures are
used to suggest and manage change for the benefit of the
entire organization.

The International Standards Organization (ISO) has
also established a series of standards to help control qual-
ity in software (13). Generally, only very large corpora-
tions go to the effort of becoming ISO 9000-certified.

Of concern to biomedical companies of all sizes is the
Health Insurance Portability and Accountability Act of
1996 (HIPAA) (14). This legislation establishes stringent
constraints on how patient data must be handled, from
notification and consent to retention periods and exchange
regulations. All software that comes in contact with pa-
tient data—be it part of an Electronic Medical Record, an
image, paper documentation, financial records, or EEG
signal data—ought to be checked for compliance with
HIPAA. Helping companies establish HIPAA plans has
become its own industry.

At a minimum, the intolerance of error should guide
the decision of what kind of development model to employ.
An Agile Development process, one that highlights short-
term deliverables and a high degree of change, is probably
appropriate for projects that are still being heavily re-
searched. Once a product leaves the research arena and is
ready for commercial development, an iterative model
more closely resembling Boehm’s Spiral Model probably
becomes more appropriate. That is, the focus on risk re-
duction and documentation implicit in a more formal
model outweighs the advantages of quick turnaround.
For example, without a formal, written requirements spec-
ification, no defects, can exist as a defect is traditionally
defined as a discrepancy against specification; all other
change requests are enhancements.

It is interesting to note, however, that although most
biomedical software is produced in a closed, proprietary
environment, that this environment may actually work to
the detriment of quality. Consider Ref. 15 and Eric. S.
Raymond’s contention that, ‘‘Given enough eyeballs, all
bugs are shallow.’’ It will be important to consider the ec-
onomic and legal implications of open-source biomedical
software.

5. CONCLUSIONS

It is interesting to note that, although the term ‘‘software
engineering’’ is widely recognized, active discussion as to
what it implies still occurs (16). Should software develop-
ers need professional certification akin to the PE exams?
Should only licensed software professionals write the code
that drives medical devices? These are unanswered ques-
tions, but even a brief perusal of competitive risks sug-
gests that significant room for improvement still exists in
how seriously software engineering is approached (17).
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1. INTRODUCTION

Space has always been a major attractor for humankind.
First there was the desire to fly, then we wanted to go to
the moon, now we rotate the Earth in space stations, and
in the future we want to travel to Mars and some day,
maybe, even beyond.

However these dreams are not without risk for hu-
mans. Space is a hostile environment. In space, we lack
the protection of the Earth’s atmosphere, exposing us to
various threats.

The human body has developed over thousands of years
in the presence of gravity. In space, the human body tries
to adapt to the new environment. However, this adapta-
tion can have serious implications after returning to
Earth.

Over the 40 years that humans have flown in space,
several hazards have been identified: radiation, loss of
bone mineral density, and cardiovascular deconditioning
are only some of the most important risk factors. A major
objective in the NASA, ESA, and Russian space programs
is to seek countermeasures to either ameliorate or mini-
mize the impact of these hazards. To develop effective
countermeasures, the mechanisms of the physiological
adaptation have to be understood. Therefore, a large
portion of basic research has been carried out, but it is
still necessary for the future, because even now, not all
mechanisms causing the changes in human physiology are
fully understood.

To date more than 350 persons have flown in space. Of
these people, most remained in space for less than 30 days.
Nevertheless it has become clear that the health risk of
prolonged exposure to microgravity can be profound. Some
changes are minor and temporary, such as facial edema,
and others are more severe and may not be completely
reversible, such as bone mineral density loss.

Especially if humans want to explore other planets, like
Mars, it will be important to have efficient countermea-
sures and protections for the space travelers. Not all
effects of a 3-year journey to Mars can be predicted nowa-
days.

2. CHANGES IN HUMAN PHYSIOLOGY

2.1. Skeletal System

When the human skeleton is no longer exposed to gravity,
a loss of bone mineral density occurs as a result of
demineralization (1). The amount of demineralization
can vary from one subject to another.

Changes in bone mineral density, muscle mass, and
muscle function are the best documented physiological
effects of human space travel.

Loss of bone mineral density poses acute consequences
(i.e., fractures and the formation of renal stones) and long-
term morbidity may complicate a long-duration space
flight. At the basic science level, little is known about
the fundamental mechanisms underlying the loss of bone
mineral density in microgravity, which is one reason the
countermeasures used today are not effective for bone
preservation.

Bone mineral density seems to decrease at an average
rate of about 1% a month during exposure to microgravity,
whereas recovery on Earth proceeds at a slower rate (2),
which means that a Mars mission that exposes astronauts
to microgravity for up to 3 years could theoretically result
in a loss of bone mineral density of 50% or more at several
structurally important skeletal sites. The decrease in bone
mineral density is also site-specific. More changes are
observed in the lower body bones, which have a specific
weight-bearing function in normal gravity conditions
(3,4). Losses in the spine, femur neck trochanter, and
pelvis ranged about 1% to 1.6% per month (5,6).

Oganov et al. (5) found decreased bone mineral density
averaging 2.8%, 8.2%, 5.0%, and 6.2% in the tibia, greater
trochanter, femoral neck, and lumbar vertebrae, respec-
tively, in seven exercising cosmonauts who lived on board
MIR for 4 to 6 months. Both space flight and ground-based
analog studies have shown that the loss of calcium from
bones varies among sites within a subject, and that the
nature and degree of loss over time varies between sub-
jects (6).

Also there is a difference between the bone loss in
cancellous and cortical bone. Cancellous bone seems to
present earlier and has substantially more loss. Vico et al.
observed a 0.9% bone loss per month in the tibial cancel-
lous bone and 0.3% per month in the tibial cortex (2)
during missions ranging from 1 to 6 months on board
space station MIR. In a study by Smith et al. (7), subjects
lost approximately 250-mg bone calcium per day during a
3-month flight and regained bone calcium at a slower rate
of approximately 100 mg/day for up to 3 months after
landing.

The Soviet scientists measured calcaneous bone den-
sity in cosmonauts before and after missions lasting 75 to
184 days and demonstrated losses from � 0.9% to
� 19.8%, with the degree of loss roughly associated with
the mission duration (8).

2.1.1. Markers of Bone Loss. Several biochemical mar-
kers in blood or urine samples reflect bone resorption
activity. Increases in urinary calcium excretion, perhaps
the oldest of the markers, are consistently observed dur-
ing and soon after space flight (3,7,9). During the Skylab 4
mission, calcium losses correlated roughly with calcaneal
mineral losses determined by bone density studies.

Hydroxyproline in urine also may be used as a marker
of bone resorption. Posttranslational modifications of col-
lagen form this amino acid, which appears in urine when
collagen breaks down. As with all surrogates, hydroxypro-
line has some limitations. The main problem is that the
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metabolism of dietary collagen can also produce hydro-
xyproline. Nevertheless, the finding that urinary hydro-
xyproline excretion was elevated 33% after the 84-day
Skylab 4 flight (10) corroborates other evidence of bone
resorption during space flight.

The 1990s brought the ability to measure collagen
cross-links, a family of compounds that appear in the
urine as a result of collagen degradation associated with
bone resorption (11–14). Several cross-link fragments can
be measured by high-performance liquid chromatography,
and many by commercially available enzyme-linked im-
munosorbent assays (15). Fragments of interest include
pyridinoline (16), deoxypyridinoline, N-telopeptide (16),
and C-telopeptide. In general, all provide similar results
(17). The advantages of using cross-links include the fact
that these compounds are formed only in mature collagen,
and thus their release reflects a breakdown of mature
collagen; the fragments are not absorbed from the gut, so
dietary consumption does not confound results; and these
compounds are extremely stable in frozen urine samples
for a long period.

Because of the increasing use of collagen cross-links as
markers, a few comments are warranted about common
perceptions and misconceptions. Critics of using collagen
cross-links often point out that their amounts vary con-
siderably from day to day and from subject to subject, and
this criticism is well founded. However, the day-to-day
variability may be minimized by extending the sample
collection period, an action more easily accomplished in
research than in clinical settings. With regard to the
between-subject variability, although this is indeed con-
siderable, the response to intervention (e.g., space flight,
bed rest, or exercise) is highly consistent between subjects.
For example, although the amount of a collagen cross-link
excreted in 24 hours can easily vary five- to ten-fold
between two subjects, if those same two subjects go into
space, they will have the same magnitude of response
compared with their preflight level (17).

One clear limitation of using biochemical markers of
bone metabolism is that they reflect changes in the entire
skeletal system, and regional differences may be missed or
masked. Therefore, whenever possible the bone markers
should be determined in conjunction with other tests (e.g.,
bone density measurements) to ensure that multiple
perspectives are considered. However, the changes in
space flight are clear enough to alleviate concerns about
this potential problem.

The constraints and difficulties of space flight research
have prevented researchers from finding any explanation
for individual differences. Small subject numbers are one
reason for this problem, and multiple confounding vari-
ables also contribute to obscuring clear identification of
the nature of space flight-induced bone loss. Specifically,
whether factors such as exercise (type, frequency, techni-
que, etc.), diet, and environment play a role in this
variability has yet to be determined. Such factors may
be critical in finding countermeasures for bone loss during
space flight; conversely, they may influence the effective-
ness of a countermeasure once it has been defined. For
instance, in the event that an exercise profile is defined
that preserves bone during weightlessness, and a crew-

member is not consuming enough calcium, then the
countermeasure may seem to have failed. Given the small
number of crewmembers available for study, lack of
knowledge about the contributions of important variables
might prove to be a significant hindrance to resolving the
problem of bone loss.

2.2. Muscular System

Space flight induces loss of muscle mass, force, and power
and increases muscle fatigue and abnormal reflex pat-
terns (18–20). These changes are caused by multiple
factors, among which increased muscle protein degrada-
tion and altered neuromuscular control are probably the
most important. During long-term space missions, muscle
deconditioning could limit the crew’s ability to work in
space. Muscle atrophy and weakness is of particular
concern when astronauts return from the microgravity
environment into the 1-g environment. Maintaining pos-
ture and moving around will be compromised.

2.2.1. Structural Adaptations..
2.2.1.1. Type 1 vs. Type 2 Fiber Atrophy. Muscle fibers

are organized into motor units, wherein a single nerve
cell, the motor neuron, innervates several muscle fibers,
called the motor unit. The number of fibers in a motor unit
determines the finesse with which the contraction of a
particular muscle can be regulated; the smaller the num-
ber of fibers, the greater the finesse. Also the speed of
reaction depends of the composition of the muscle in terms
of muscle fibers. Broadly speaking, muscle fibers belong to
two types: ‘‘fast twitch’’ or type 2 fibers and ‘‘slow twitch’’
or type 1 fibers (21).

Fast twitch fibers are characterized by a large dia-
meter; they rely mainly on anaerobic metabolism. They
attain their tension in a relatively short time (10–20 ms);
they are easily fatigued, and their contraction is forceful.
Slow twitch fibers, on the other hand, are of a small
diameter, rely on aerobic metabolism, attain their peak
tension over a relatively long period of time (70–100 ms),
and are fatigue resistant.

The results of human and animal studies performed in
simulated or actual microgravity consistently show that
muscle undergoes substantial atrophy (20,22), which is
from the decrease in muscle fiber size, with no apparent
change in fiber number. Atrophy is also larger in the
postural muscles, i.e., those muscles that support the
weight on Earth. In the postural muscles, one should
also differentiate between the extensor and the flexor
muscles. Especially in the lower limbs there is prevalence
for atrophy of the extensor muscles (23).

In rats, the slow type 1 fiber shows greater space flight-
induced atrophy than the fast type 2 fiber (24,25). In
humans, however, type 1 fibers were not more susceptible
to atrophy than type 2 fibers. Edgerton et al. (26) observed
a trend for fiber atrophy after 5 days in space and
significant reductions in the fiber cross-sectional area
after an 11-day space flight with type 2 4 type 1. Widrick
et al. (27) reported a similar finding for the soleus, for
which, after a 17-day flight, a type 2 fiber cross-sectional
area declined 26% compared with a 15% reduction in the
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slow type 1 fiber. One explanation for the greater micro-
gravity-induced atrophy of type 2 fibers in humans and
the type 1 fibers in rats may relate to the average preflight
fiber size. In rats, the type 2 fiber is considerably smaller
than the type 1 fiber, whereas in humans, the type 2 fiber
is slightly larger than the type 1 fiber. It can be said that
the greater the preflight fiber size, the greater the degree
of atrophy. This generalization seems to hold within a
species and fiber type. In the study of Widrick et al. (27),
the astronaut with the greatest type 1 fiber atrophy had
the largest average fiber size preflight.

Current data indicate a decrease in slow fibers and an
increase in fast fibers in the slow antigravity muscles in
rats, whereas no alterations were found in the fast-twitch
muscles (24,25,28). Also, in humans, a decrease in slow
type 1 fibers was reported. After 11-day space flight type 1
fibers decreased from 48% to 40%, whereas fast type 2
fibers increased from 32% to 41% in the vastus lateralis
(26). Widrick et al. (27) found a decrease in the type 1
myosin heavy-chain expression in single fibers from the
soleus. On average, 91% of the preflight and 79% of the
postflight fibers expressed in type 1 myosin heavy chain. A
corresponding increase in fibers containing type 1/2 or
type 2 myosin heavy chains was found.

The time course of the muscle atrophy is less well
studied. Simulation studies (bedrest, unloading) suggest
that atrophy can be described by an exponential time
function. After 270 days, muscle mass remains stable at
about 70% of the initial value (29). These findings should
be confirmed in real space flights.

2.2.1.2. Protein Synthesis vs. Protein Degradation. Mus-
cle atrophy is the result of an imbalance between the rate
of protein synthesis and degradation. Baldwin et al. (30)
suggest that the early decline in myofibril protein yields
expressed on a muscle basis (mg/g � muscle weight)
indicates that myofibril degradation is an early event in
the atrophy of rat hindlimb muscles in response to micro-
gravity. However, rat hindlimb unloading (HU) studies
indicate that the earliest event in soleus muscle atrophy
was a decrease in myofibril synthesis (31). Thus, for the
first few days of HU, the protein loss was attributed almost
entirely to a reduced synthesis. From day 3 on, the
synthesis rate remained steady, whereas the degradation
rate showed a large transient increase. Most protein loss
after the first few days was attributed to the increased
degradation rate (31).

Data from both space flight and bed rest suggest that
the primary and perhaps exclusive mechanism for the loss
of muscle proteins in humans is a decline in synthesis.
Ferrando et al. (32) studied this question by using the
simulated microgravity model of 61 head-down bed rest.
After 14 days of bed rest, they observed a B50% drop in
protein synthesis with no change in protein breakdown in
the vastus lateralis muscle. They found no change in
serum cortisol, testosterone, insulin-like growth factor I
(IGF-I), or insulin and concluded that the decrease in
protein synthesis could not be explained by hormonal
alterations. These data are supported by the observation
of LeBlanc et al. (33), who found no effect on the level of 3-

methylhistidine excretion, an indicator of muscle break-
down after 17 weeks of bed rest.

Recently, prolonged space flight of 43 months on MIR
was shown to reduce whole-body protein synthesis rates
by 45% in astronauts and cosmonauts (34). The estimates
of whole-body protein breakdown demonstrated a reduc-
tion in breakdown that paralleled the reduced synthesis.
For the six subjects studied, the decrease in protein
synthesis was significantly correlated to a decreased en-
ergy intake. Stein et al. (35) evaluated whether the decline
in muscle protein could be in part explained by an altered
hormonal status. Urinary hormones before, during, and
after a 9.5-day (Spacelab Life Science (SLS)-1) and 15-day
(SLS-2) space flight were assessed. With the exception of
cortisol, which showed a small increase, there was no
effect of flight on the urinary excretion of the hypothala-
mic-pituitary-adrenal (HPA) axis hormones, including
growth hormone (GH). These results led the authors to
argue against a primary role for the HPA axis and GH in
particular in the regulation of muscle protein content in-
flight. The increased cortisol was in agreement with ear-
lier data collected on Skylab and confirms that space flight
likely does increase serum cortisol. However, the authors
argue that the increase does not play a major role in the
space flight-induced muscle protein loss (35). They point
out that an increased cortisol would have systemic effects,
which could not explain the selective atrophy of antigrav-
ity muscles. Additionally, cortisol primarily stimulates
protein breakdown, and there was no evidence on these
flights or the MIR experiments that myofibril protein
breakdown increased.

Collectively, these data suggest that, at least for hu-
mans, the primary mechanism for the decline in myofibril
protein content after both space flight and bed rest is a
decline in protein synthesis. The data of Stein et al. from
both the MIR mission (34) and the Shuttle flight STS-78
(36) suggest that the decline in protein synthesis may be
exacerbated by a negative energy balance.

2.2.2. Functional Adaptation. Several studies have re-
ported decreased muscle strength after space flight, bedr-
est, or other simulation methods.

Skylab 2 (28-day mission) showed a greater drop in
thigh versus arm and extensor versus flexor torque. The
peak extensor torque of the thigh declined by 20% com-
pared with a 10% loss in thigh flexor and arm extensor
groups. Skylab 3 (59-day mission) showed an even greater
difference between the loss in thigh (20% loss) and arm
torque (2% loss) than Skylab 2 (29). The differences were
less on Skylab 4 (84-day mission), in which the mean loss
of peak thigh torque was reduced to 6%. In this mission,
the reduction in muscle strength loss was attributed to the
leg exercise countermeasures (37).

The longer MIR missions (6 months) showed a reduc-
tion of 20–40% in the maximum voluntary contraction of
the calf plantar flexion (38). This reduction exceeded the
proportional reduction in muscle volume. Also Goubel
found a decrease of maximum voluntary contraction ran-
ging from 0.1% to 37.6% after 1, 3, and 6 months aboard
the MIR (39).
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After 17 days of bedrest, the maximum strength of the
lower limb muscles was decreased by 11% (40). Germain et
al. found a 10% reduction after 28 days of bedrest (41).

The disproportional loss of explosive power to that of
muscle mass during space flight was also observed during
bedrest (42).

2.3. Cardiovascular System

When entering microgravity, blood and body fluids are no
longer pulled down (to the legs) and will redistribute and
shift to the upper part of the body: Astronauts show
‘‘chicken legs’’ and ‘‘puffy face’’ (43,44).

Understanding the dynamics of this fluid shift requires
continuous monitoring of cardiac filling pressure: The
central venous pressure (CVP) measurement is the only
feasible means of accomplishing this. Several research
groups demonstrated a surprising decrease in CVP (45–
47), together with increased cardiac chamber volumes
(45). Microgravity will cause a substantial reduction in
intrathoracic pressure by expansion of the thorax. Vide-
baek and Norsk (48) explained the simultaneous cardiac
expansion and CVP reduction in microgravity by record-
ing esophageal pressure (a measure of intrathoracic pres-
sure) together with CVP and atrial diameter during
parabolic flights. They found that the intrathoracic pres-
sure drop was even larger than the decrease in CVP, such
that cardiac transmural pressure increases in micrograv-
ity. Increased cardiac transmural pressure corresponded
to increased atrial diameter. Also, the upward fluid shift
will increase the blood volume in the trunk, which leads to
atrial stretching. So it was clear that the mechanical
consequences of entering microgravity lead to cardiac
distension in the first 24 hours of space flight. The atrial
stretching will increase the amount of atrial natriuretic
peptide (ANP) (49) and its secondary messenger cyclic
guanosine monophosphate (50). An 80% increase was
detected in the first day in microgravity (51), which will
lead to an increased vascular permeability that together
with the increased transmural pressure facilitates the
transition of fluid and sodium from intravascular compart-
ments to extravascular (intracellular, interstitial, lympha-
tic) spaces. ANP will also induce vasodilation.

In microgravity, the strains related to tissue compres-
sions created by gravity disappear, leading to vasodilation,
which is also facilitated by a decreased pleural pressure
that increases the distentibility of the pulmonary vessels
and the vasculature (48). As a result, CVP decreases,
which helps to lower atrial pressure to normal values.

It has also been suggested that the cessation of the
functioning of large muscle groups in microgravity and
the reduced fluid intake (52,53), stimulated by reduced
angiotensin levels would facilitate the extravasation of
sodium and fluid. The return of water to the vascular
compartments is mediated in part by the massaging action
of contracting muscles, which increases lymph flow (43).

Therefore, short-term (o10 days) microgravity expo-
sure causes vasodilation and a rapid change in vascular
permeability, which leads to exaggerated extravasation
and will contribute to a decrease in plasma volume, help-
ing to lower atrial pressure. As a result, the urinary

excretion, the sodium excretion, and the excretion of
urinary urodilatin decreases (50,54).

It is still unclear whether in the first minutes after
entering microgravity this atrial stretching would initiate
the Henry–Gauer reflex. Data are not available from real
space flight studies for this time point.

The blood volume in microgravity is not only shifted to
the upper part of the body, but it is also decreased. The
ongoing deficit in effective blood volume is the key event in
the chronic adaptation to microgravity. Lower stroke
volume (55) as well as chronically reduced plasma ANP
levels (50,51,56) indicate the deficit in plasma volume
(51,55,57). The baroreflex sensors respond to the reduced
plasma volume/incomplete vascular volume (57) by in-
creasing vasomotor tone as well as sodium and water
reabsorption. This increase is reflected in higher noradre-
naline (NA)/norepinephrine (NE) levels (53,58), higher
muscle sympathetic nerve activity (55), and epinephrine
(E) levels (53), and increased total peripheral resistance.

The forearm venous plasma NA, which reflects which
mainly muscle sympathetic nerve activity, was almost
doubled during flight days 5 and 6 (58). Cox et al. (59)
have demonstrated that the sympathetic baroreflex re-
sponses in space were not affected, whereas the vagal
baroreflex responses were impaired. It is possible that the
increased sympathetic nerve activity and NA spillover
contributes to the degradation of the vagal baroreflex
response. In contrast, a vagal predominance of heart
rate control was found in some heart rate variability
studies (60–62). However, one must caution to interpret
a decrease in spectral power as a decrease in a specific
nerve activity. It could well be that overstimulation causes
a saturation of the receptors, which makes it impossible
for the control system to modulate the rate at a certain
frequency.

Also the fluid-retaining renin-angiotensin-aldosterone
system is activated (56), increasing renin, angiotensin,
and aldosterone concentrations. The glomerular filtration
rate is increased, and the responses to saline infusion and
oral water load are decreased. These actions lead again to
diminished excretion and sodium retention (63). The
combination of sodium retention with a water balance
indicates a vasopressin-regulated water reabsorption dis-
order, diabetes insipidus (64). This is supported by the
suppressed aquaporin 2 channel activity that is found in
combination with hypercalciuria (7,65–67), which is
caused by the bone loss.

Astronauts have consistently returned from space with
reduced red blood cell mass and plasma volume (68,69). A
decrease of about 10% in both blood compartments was
reported during the Apollo missions and has been found in
8–10-day Shuttle missions (68,69). Although plasma vo-
lume is known to be labile, current theories for the control
of erythropoiesis cannot account for a decrease in red
blood cell mass of 10% in less than 10 days. The decrease
in reticulocyte count suggested a slowed erythropoiesis
(68). Decreased serum erythropoietin levels in in-flight
samples of two Shuttle missions also indicate a change in
erythropoiesis (49). The findings of Udden et al. showed
that plasma volume decreased within the first day of space
flight and that some red blood cells scheduled for release
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from the marrow did not appear in the circulating blood
(69). They concluded that during space flight, the rapid
change in plasma volume caused an initial reduction in
blood volume and that over the duration of the 9-day
mission, there was a gradual reduction in red blood cell
mass because few new red blood cells were released from
the bone marrow, which was later confirmed by Alfrey et
al. (70,71) who showed a large decrease of erythropoietin
(EPO) level in microgravity. One day after landing, EPO
levels increased to twice the preflight levels, presumably
in response to the body’s immediate need to replace the
red blood cells that decreased in space.

Few studies have been published describing the evolu-
tion of autonomic cardiovascular control during space
flight. Holter recordings during space flight (72) have
indicated that during normal activity heart rate was not
significantly different in space compared with Earth.
Mean arterial blood pressure also does not differ signifi-
cantly from Earth but often tends to decrease a little
during initial microgravity compared with the baseline
data (73,74). Spectral analysis of heart rate variability
indicated a significant reduction in the low-frequency (LF)
power (index of sympathetic heart rate modulation),
whereas the high-frequency (HF) power (index of vagal
heart rate modulation) remained unchanged (72). Gundel
et al. described a lengthening in basal interbeat interval
by 82 ms after the first month in space during sleep and a
further lengthening by 94 ms after 6 months (62) in a
cosmonaut who was in space for 438 days. There was a
stabilization for the remainder of the mission. These
results were in accordance with data obtained in four
cosmonauts during a 30-day mission (75). The measure-
ments were performed during the sleep of the astronaut.
In both studies, the decrease in heart rate was more
pronounced during non-REM sleep, which is dominated
by vagal control. The slowing of the heart rate describes a
strengthening of vagal control in microgravity. Results
from the Neurolab STS-90 flight have also demonstrated
decreased heart rates in space, compared with standing
position (61) preflight. Recently, Beckers et al. (76) found a
strong vagal predominance during short-term space mis-
sions to the International Space Station (ISS), which was
indicated by a decrease of the LF component of heart rate
variability (HRV), whereas the HF component slightly
increased (76). In contrast, Cooke et al. (77) found lower
values of the HF component of heart rate variability HRV
during paced breathing protocols after return from space,
but they failed to report values during the space flight.
They concluded that vagal cardiac nerve traffic was re-
duced in space. This study contained, however, some
important confounding factors. During the mission, sev-
eral problems occurred with the MIR space station, in-
cluding a fire and other undisclosed problems that
prohibited cosmonauts to perform the experiment. These
factors might well have increased the stress level experi-
enced by the cosmonauts, which influences the results.

The general findings of vagal dominance in space are in
contrast to head-down bedrest simulation studies, which
report a decrease in vagal activity, an increase in sympa-
thetic activity, and a decreased baroreflex sensitivity after
42 days of bedrest (78–80). On the contrary, head-out-of-

water immersion (HOI) did show the same increased vagal
modulation of heart rate and a decrease in sympathetic
activity (81–83). Also, during parabolic flight, another
simulation of microgravity, an increase in vagal heart
rate modulation, is observed (60,84–86).

The Neurolab missions in the 1990s revealed interest-
ing neurophysiology data. The results of the Autonomic
Nervous System Team involved the first direct recordings
of human muscle sympathetic nerve activity (87) during
space flight. Baseline heart rates in supine position pre-
flight corresponded to heart rates in space (55), whereas,
increases in heart rate in space were larger than preflight
during a lower body negative pressure (LBNP) test, and
diastolic pressure increased more than during the pre-
flight tests. The muscle sympathetic nerve activity
(MSNA) increased from preflight to in-flight (55). These
data, together with the obtained NA measurements, in-
dicated an increased baseline sympathetic neural outflow
in space. Baseline data before valsalva maneuvers also
indicated similar heart rates in space and higher baseline
MSNA in space (59). The vagal baroreflex response, which
is represented as changes of heart rate to changes in
systolic pressure, was impaired. In space, less adequate
buffering of systolic blood pressure changes was possible
(59). These data indicated a preserved sympathetic baror-
eflex response and an impaired vagal baroreflex response.

Postflight orthostatic intolerance is a common problem.
Depending on the definition of orthostatic intolerance, the
occurrence is reported to vary from 9% to as much as 64%
after space flight. Although this problem has not affected
the success of any space mission so far, the concern is that
this could impede crewmembers from performing an
emergency evacuation in the event of a problem on land-
ing. It is not certain that all crewmembers could evacuate
a spacecraft without assistance immediately after landing.
Although the orthostatic intolerance usually disappears
quickly after space flight, the adaptation process after
return to Earth can take several weeks (76,77).

Orthostatic intolerance is present when an excessive
postural decrease in cardiac filling and stroke volume and/
or inadequate compensatory neurohumoral responses lead
to failure to maintain adequate brain perfusion in the
upright position. The loss of plasma volume has been
attributed to directly trigger orthostatic intolerance; how-
ever, fluid volume restoring experiments with fludrocorti-
sone did not alter the occurrence of presyncope (88), which
indicates that the loss of plasma volume is not the primary
mechanism for the orthostatic intolerance.

Because of a decrease in blood volume by approxi-
mately 10–15%, sustained microgravity predisposes to a
postflight decrease of cardiac filling in the supine position
(89–91). Consequently a larger postural reduction in
stroke volume by a subsequent reduction in cardiac filling
pressure, i.e., central venous pressure, has been observed
(92,93). Excessive peripheral pooling postflight by in-
creased venous compliance in the leg veins may also
contribute to a reduced upright stroke volume (92,94,95).
Conversely, a postflight reduction of cardiac compliance
might limit cardiac filling more directly (96).

Evidence exists for an altered cardiovascular neurohu-
moral regulation with a blunted baroreflex after space
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flight, which could lead to inadequate changes in heart
rate with standing and a sympathetically mediated bar-
oreflex vasoconstriction. Both space flight (97) and
ground-based simulations (89) have related an increased
vasoconstriction during supine rest after exposure to
hypovolemia. The elevated vasoconstriction associated
with low vascular volume and stroke volume represents
a reduction in vasoconstrictive reserve and lowers the
capacity to buffer orthostatic hypotension. This effect may
be related to the attenuated sympathetic baroreflex re-
sponse after exposure to microgravity (77,98–100). Indeed,
results from a study by Buckey et al. (93) showed that 9 of
14 subjects could not complete a 10-minute stand test that
all could complete before the flight. Their results indicated
that the subjects that could complete the test had a higher
vasoconstrictor response and maintained total peripheral
resistance, whereas nonfinishers did not. The relation
between low vasoconstrictor response and failure to com-
plete stand tests has been corroborated in an additional 40
astronauts after space flight (101). These data indicate
clearly that the limitation of compensatory elevation in
vascular resistance is an important mechanism in ortho-
static intolerance.

Fritsch et al. (100) found an impaired baroreflex re-
sponse after return from a 5-day Shuttle mission. A
significant reduction of estimated baseline vagal-cardiac
traffic and operational points on landing day were docu-
mented. They also described a relation between increase
in systolic blood pressure on standing and resistance to
standing after space flight. The decreased baroreceptor
response persisted throughout the period of data collection
(8–10 days). Later, they found additional evidence of
decreased vagal modulation of heart rate and increased
sympathetic control of the heart after return from an 8–
14-day mission (99). The sympathovagal balance was
increased after space flight, which represents a sympa-
thetic predominance of heart rate control in the supine
resting position. This was found using heart rate varia-
bility indices (for an overview of these methods, see Refs.
102 and 103), supported by increased levels of circulating
norepinephrine on landing day. Although heart rate varia-
bility indicated no change in vagal modulation, the baror-
eflex gain was decreased after space flight. The slow
recovery after return to Earth was also confirmed by
others (76,93). Cooke et al. found a diminished vagal
cardiac efferent neural outflow and vagal baroreflex gain
(77). These changes persisted for at least 2 weeks after
return to Earth. Reduced baroreflex gain and reduced
vagal cardiac nerve traffic may be causally related, be-
cause arterial baroreceptor activity is a strong determi-
nant of vagal cardiac neural outflow (104). Whether this
recovery period after return to Earth is related to the
duration of the space mission is still an open question.

The baroreceptor impairment after return to Earth
may not be caused simply by a reduction in blood volume.
Afferent neural traffic is probably affected in several ways.
Changes of arterial and venous pressures alter arterial
and cardiopulmonary baroreceptor input (105), and de-
creases of left ventricular volume alter left ventricular
receptor firing (106). Also, aortic and carotid baroreceptors
may be altered differently during space flight. Aortic

baroreceptors are not normally exposed to the same
postural pressure changes as the carotid baroreceptors.
Therefore, exposure to microgravity might affect aortic
and carotid baroreceptors differently.

Despite the elevated sympathetic activity and the
peripheral vasoconstriction, the ability to mount accentu-
ated sympathetic and vasoconstrictive responses during
orthostasis is attenuated in astronauts susceptible to
orthostatic intolerance. Hypoadrenargic responsiveness
has been suggested as a mechanism contributing to
orthostatic intolerance (107). Astronauts who are not
presyncopal after space flight have supine and upright
plasma NA levels that are significantly greater than their
preflight levels. In contrast, astronauts who become pre-
syncopal have the same or even lower upright plasma NA
levels than they had preflight (101,107). Recently, it has
been suggested that the capability for proper integration
and initiation of appropriate sympathetic efferent re-
sponses to hypotensive input is lost in presyncopal astro-
nauts (108). So the ‘‘lesion’’ would be in the ability of the
central nervous system to respond appropriately to incom-
ing information from the baroreceptors.

However, Iwase et al. suggested a sympathetic with-
drawal to contribute to presyncope after exposure to
microgravity (109), which could explain the attenuated
plasma norepinephrine levels in presyncopal astronauts
(101). In addition, lower plasma norepinephrine levels
might be partly explained by a sustained elevation of
vascular nitric oxide (110–112). These oxidative free radi-
cals directly inhibit the vasoconstrictive effects of norepi-
nephrine as well as reduce plasma norepinephrine levels,
without lowering sympathetic activity.

In addition to the reduced vasoconstrictive reserve and
attenuated sympathetic reactivity, there is evidence of
increased vasodilatory b-adrenoreceptor sensitivity after
ground-based simulation of microgravity (113,114)(Table
1).

2.4. Pulmonary System

In the lungs, diffusive transport dominates. In the blood,
gases are chemically bound to proteins in the red blood
cells. The rate of blood flow is a large determinant of the
gas transfer between the lungs and the blood, which
indicates that the pulmonary function is closely linked
with the cardiovascular function (115).

In normal gravity conditions, there is a ventilation
gradient in the lungs with a higher ventilation at the
bottom of the lungs, that is caused by the weight of the
lung tissue, pulling at the top of the lungs, keeping them
expanded. At the bottom of the lungs, the mobility is also
higher.

In the beginning of manned space flight, only limited
physiological studies were performed. Only in the Eur-
opean-built Spacelab in the Space Shuttle did suitable
facilities become available to study human physiology
(116).

Researchers have shown that space flight is associated
with a reduced peak expiratory flow and reduced forced
vital capacity in 1 second (117). These changes were
attributed to deconditioning of the respiratory muscles
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(118). It is not clear how changes in compliance and
airway dimensions caused by local or general interstitial
edema influenced or attributed to these results. In a 180-
day mission, an increase in abdominal compliance was
found, whereas rib cage compliance did not change (119).
In-flight vital capacity and expiratory reserve volume
were similar to those in the supine posture, namely
approximately 5% and approximately 30% less than in
the sitting posture (118). On day 1 after return, vital
capacity was reduced by approximately 30% in both
postures, which reflected a decrease in expiratory reserve
volume (approximately 0.5 L) and in inspiratory capacity
(approximately 1.7 L) that could be attributed to a marked
weakening of the respiratory muscles (118).

Compared with preflight standing measurements, mi-
crogravity resulted in a significant reduction in tidal
volume (15%) but an increase in respiratory frequency
(9%) (120). The increased frequency was caused chiefly by
a reduction in expiratory time (10%), with a smaller
decrease in inspiratory time (4%). Anatomic dead space
in microgravity was between preflight standing and su-
pine values, consistent with the known changes in func-
tional residual capacity. Physiological dead space
decreased in microgravity, and alveolar dead space was
significantly less in microgravity than in preflight stand-
ing (� 30%) or supine (� 15%), which is consistent with a
more uniform topographic distribution of blood flow. The
net result was that, although total ventilation fell, alveo-
lar ventilation was unchanged in microgravity compared
with standing in normal gravity (120,121).

Well-defined changes occur in short-term microgravity.
The functional residual capacity decreased by about 0.3 L
compared with the upright control, which was most likely
a result of the upward shift of the diaphragm. An in-
creased vital capacity has been found after 2 weeks in
microgravity, which suggests that a more even alveolar
expansion dominates over any tendency for increased
intrathoracic blood pooling. In contrast, during the first
days of space flight, expired vital capacity was not in-
creased compared with preflight upright control, which
supports the notion that an initial increased intrathoracic
blood volume counteracted the vital capacity-increasing
effect of a more even alveolar expansion (122).

Studies have shown an increased pulmonary perfusion
during the initial days of space flight and a return toward
preflight upright values after about 1 week. Membrane
diffusion capacity was markedly improved in microgravity,
compared with both upright and supine preflight controls.
This improvement was maintained throughout a 9-day
microgravity period (122). The improved pulmonary dif-
fusing capacity was attributed to a more even distribution
of capillary blood in the lungs and a more efficient inter-
face between the gas and the blood in the lungs. The
improved diffusing capacity speaks strongly against inter-
stitial edema in the lungs. However, for long-term mis-
sions, there is no experimental support to exclude the
possibility of subclinical edema in pulmonary tissue.

2.5. Renal System

Because of the upward fluid shift when entering micro-
gravity, researchers believed that this would trigger the
Henry–Gauer reflex (123,124). The redistribution of fluid
to the upper part of the body would lead to an increased
filling of the intrathoracic circulation and an increased
filling of the left atrium. This central hypervolemia should
suppress the release of antidiuretic hormone (vasopressin)
and induce diuresis to restore normovolemic conditions for
the heart. Renal blood flow and glomerular filtration were
expected to increase, as were the renal output of sodium,
potassium, and urea. The consequence of this diuretic
response was expected to explain the loss in body mass
often observed after space flight.

However, the diuresis that was predicted to be caused
by weightlessness was not observed during early space
flight. Drummer et al. (54) showed that neither urine
volume nor urinary sodium excretion increased in the
first 48 hours of space flight in one cosmonaut of the
German–Russian MIR 92 mission. Later these results
were confirmed during the German–American D-2 mis-
sion (50) and by Leach et al. (57). Urinary sodium excre-
tion was consistently lower than daily sodium intake,
during the Skylab-3 mission (125) and during the Apollo
17 mission (126).

Low sodium excretion was paralleled by reduced ur-
inary urodilatin excretion (50), a renal natriuretic peptide
that may play an essential role in the mediation of sodium
excretion (127). Additionally, water and sodium balances
were never negative (128). Plasma renin activity and
aldosterone are generally elevated at landing, consistent
with sodium retention, but in-flight levels have been
variable, depending on the time of measurement (63). In
the early hours of space flight, renin is decreased (57);
after a few days, the levels are increased compared with
preflight values and the aldosterone and vasopressin
levels are increased (128) in an effort to overcome the
effective blood volume deficit. During the SLS-1 and SLS-2
missions (Space Lab Missions using the long-module
laboratory configuration in the shuttle bay), plasma renin
activity was reduced on flight day 1 but increased on flight
day 8 in seven astronauts (57). Also, the kidney responses
to isotonic saline infusion (58) or oral water loading (53)
are much attenuated. The glomerular filtration rate
(GFR) was slightly increased during the SLS missions,

Table 1. Overview of the Most Important Health Risks of
Physiological Adaptations to Microgravity

Skeletal Adaptation
Bone loss
* Risk of fractures
* Impaired healing of fractures
* Renal stone formation
Muscular Adaptation

Muscle Atrophy
* Loss of muscle mass, strength, and endurance
* Inability to perform tasks
* Propensity to develop muscle injury
Cardiovascular Adaptation
* Impaired cardiovascular response to orthostatic stress
* Diminished cardiac function
* Impaired cardiovascular response to exercise stress
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meaning hyperfiltration in the presence of depleted extra-
cellular fluid (57); however, this study had some metho-
dological constraints (129). Antidiuretic hormone (ADH) is
not suppressed, although its level is highly variable and
its secretion may be affected by space motion sickness and
environmental factors, such as stress of the launch, which
might cause an increase in ADH early in microgravity
(57,63).

The observed discrepancy of sodium retention in com-
bination with a maintained water balance (decreased oral
fluid intake and decreased daily urinary fluid excretion,
together with decreased evaporation (56,57)) suggests an
acquired renal diabetes insipidus (64,130), the disorder of
vasopressin-regulated water reabsoption. The hypercal-
ciuria in astronauts, with its suppressive effects on the
renal water channel aquaporin 2, is the most likely
explanation for the dissociated handling of sodium and
water (64).

The most obvious changes observed in astronauts are
the increased excretion of calcium and the negative cal-
cium balance thought to be the result of bone loss.
Negative calcium balance was observed during Skylab
and MIR missions. Increased urinary and faecal calcium
excretion accounted for most of the deficit
(7,66,67,131,132). Increased urinary calcium excretion is
a major contributor to the increased risk of renal stone
formation during and after space flight (133–136).

Other demonstrated changes include decreased urin-
ary output, urinary pH, magnesium, and citrate concen-
trations and increased urinary phosphate. These changes
are expected to increase the urinary supersaturation of
renal stone-forming salts and increase the risk of renal
stone formation.

Recent studies with calcium (7) and strontium (137)
tracers found the calcium absorption of crewmembers
decreased aboard the MIR space station. The calcium
tracer studies included mathematical modeling of the
calcium kinetics, which estimated a net bone calcium
loss of about 250 mg/d, which fits closely with the Skylab
calcium balance data that showed whole-body calcium
losses of 200 to 300 mg/d. Although early hypotheses
suggested that space travelers’ serum concentrations of
total and ionized calcium would increase, only very small
changes have been noted, and those have had only statis-
tical rather than clinical significance (7). Thus, despite the
bone loss and hypercalciuria associated with space flight,
the body’s regulation of circulating calcium levels remains
intact.

2.6. Radiation

Radiation exposure is perhaps one of the greatest risks of
human space flight. Radiation beyond the magnetic field
of Earth is substantially different from the ionizing radia-
tion to which humans are generally exposed on Earth, the
atmosphere acting as an umbrella. Astronauts are ex-
posed to high-energy charged solar and cosmic particles
from deep space, ranging from protons to iron nuclei.
Furthermore, there is no way to predict solar outbursts
with their high levels of radiations, and no practical way of
protecting the spacecraft crewmembers from them.

Only little is known about the effects of these radiations
on cells, tissues, and DNA of the astronauts. Recently, the
occurrence of light flashes seen by astronauts has been
linked to the impact of these particles in the visual cortex
of the human brain (138,139).

Of particulate concern are the effects of radiation on the
human reproductive system and the exposure of the
gametes to radiation.

Spermatogonia are among the most radiosensitive cells
in the body. Exposures to as little as ten REM (röntgen
equivalent in man) have been known to reduce sperm
production, and exposure to levels of 50 REM may cause
temporary sterility. The ovary is more resistant to radia-
tion-induced genetic effects; however, the effect of radia-
tion on oocytes is cumulative.

Although little is known about the effects of space
travel on the reproductive physiology, reductions in tes-
tosterone levels have been reported in men (140,141).
Because testosterone secretion by the Leydig cells in the
testis is stimulated by luteinizing hormone, a decrease in
testosterone levels may indicate a disturbance in the
hypophyseal–pituitary–gonadal axis. Therefore, one
might expect abnormalities of germinal epithelial function
and, thus, diminished sperm production.

Because of the short duration of the missions so far,
coupled with the pulsatile nature of hormone secretion by
the hypophyseal–pituitary–ovarian axis, the effect of space
flight on ovulatory function has not been studied (142).

2.7. Alimentary System

During space flight, the astronauts experience a reduced
appetite, dehydration, and weight loss (143).

However, studies involving astronauts on a diet-mon-
itoring program have shown that the hypocaloric nutrition
is the main cause for body mass loss during space flight
(56,144). Physiological adaptations to weightlessness may
affect nutrient and food requirements in space. A great
amount of research has been done both by Russian and
American teams to identify the nutritional requirements
for humans during space flights. Crewmembers should be
provided with nutritional adequate diets characterized by
many different food items carefully selected according to
technological techniques aimed to ensure long shelf-life
periods, health, safety, satisfaction, and convenience (145)
(have a positive influence on defecation). An astronaut’s
nutritional status is greatly influenced by important
weightlessness, environmental, and physiological adapta-
tions. Changes in muscle and bone mass, modifications of
gastrointestinal functions, and immune alterations may
be partly limited by adequate planned dietary counter-
measures (143,146). One of the most common conditions
requiring pharmacological treatment in microgravity is
space motion sickness. Putcha et al. reported that 47% of
all distributed medication were for space motion sickness
(147), which consists of headache, malaise, disorientation,
nausea, or vomiting. The origin of space motion sickness is
not known, although fluid redistribution (148) and altera-
tions in bowel motility (149) are factors that have been
implicated.
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Many astronauts who develop symptoms of space mo-
tion sickness also seem to develop a transient gastroin-
testinal ileus, which is diagnosed by the absence of bowel
sounds (150).

3. COUNTERMEASURES

3.1. Skeletal System

3.1.1. Nutrition Supplements. The ability of many coun-
termeasures to ameliorate space flight-induced bone loss
has been tested. Supplemental calcium is an important
adjunct in the treatment of patients with osteoporosis, but
it does not correct the problem of bone loss during space
flight. Furthermore, the countermeasures tested to date,
including exercise, increased calcium or phosphate intake,
Vitamin D supplementation, exposure to ultraviolet light,
and administration of early generation biphosphonates,
have proved ineffective during space flight or bed rest
(151–154). Also the hypercalciuria, which increases the
risk of formation of renal stones, limits pharmacological
options such as treatment with normal dietary supple-
ments (e.g., calcium and Vitamin D). Whether resistive
exercise regimens, newer antiresorptive therapies, or
other therapies involving bone-regulating proteins will
prevent or reduce bone loss is yet to be determined.
Ensuring adequate dietary intake, or in some cases en-
suring adequate synthesis, of calcium, Vitamin D, Vitamin
K, and other bone-related nutrients will be necessary but
does not seem to be sufficient to solve the problem of bone
loss. Other factors that may contribute to the degree of
calcium loss are age, sex, fitness, genetics, and dietary
history. The importance of these factors in preventing (or
hastening) space flight-induced bone loss has yet to be
determined.

3.1.2. Exercise. During the Skylab missions, the use of
exercise by astronauts maintained muscle strength but
could not prevent the negative calcium balance (151). The
current in-flight exercise program is ineffective to main-
tain the initial bone mass of the lower limbs (2). It is
important to note that the cosmonauts are required to
maintain physical fitness while in space through a series
of exercises, consisting of bungee cord resistive exercises
and bicycle ergometer and treadmill aerobic exercises. The
in-flight exercise program is formed around a 4-day cycle
in which 3 days are used for the prescribed exercise, with
the fourth day used for optional exercise or rest, according
to personal preference. On each exercise day, the crew
exercises in two 1–1.5-h sessions for a total of 2–3 h.
Because of the time required for equipment setup and
storage, to change clothes and for personal hygiene after
exercise, the actual exercise time is about 1 h per day
(151). The design of the exercise protocol takes into
account the personal preferences of the crewmember. In
general, during the early phase of the flight (the first
month), exercise on the cycle ergometer (target heart rate
of 160–180 beats/min) is emphasized, whereas toward the
end of the mission, treadmill exercise is accentuated.
Bungee cords are used to secure the crewmember to the
treadmill with a force of about 0.6 times the body weight

on Earth. In addition to the above exercise, strength
training for 10–30 min per day with elastic expanders
throughout the mission are used to condition specific
muscle groups. An elasticized suit providing passive re-
sistance on the antigravity muscles of the legs and torso
may be worn for up to 8 h per day. It is not known what the
bone loss would be without the current exercise program,
but it is not sufficient to prevent significant bone loss.

3.1.3. Artificial Gravity. No current procedures and
treatments can be considered fully satisfactory, and addi-
tional studies are required.

If the loss of bone mineral density as a result of space
travel cannot be surmounted by biomedical means, an
engineering solution, for example, artificial gravity, will be
necessary. However, also this technology needs to be
submitted to a lot of research. Which gravity levels are
sufficient? Does one need to reconstruct 1 g-force, or will
partial g’s have the same effect? How long does the g-force
need to be applied?

3.2. Muscular System

3.2.1. Aerobic Exercise. Aerobic exercise does not pro-
duce muscle hypertrophy in 1 g-force conditions. Also, in
space, no evidence of prevention of muscle strength de-
generation was found using aerobic exercise protocols.
Bedrest studies using an aerobic exercise program also
failed in preserving muscle strength (33,155). Aerobic
exercise in space is primarily used to maintain cardiovas-
cular functional capability and the integrity of the aerobic
energy machinery and hence endurance.

3.2.2. Resistance Exercise. Exercise countermeasures
have been used extensively during both long-duration
(Skylab and MIR) and short-duration (Spacelab) missions
(37). Exercise protocols consisted mostly of aerobic activ-
ities using cycle ergometers and treadmills. It has been
difficult to determine the effectiveness of these programs
because nonexercising controls have not been studied, and
the actual exercise protocols have generally not been well
described. For example, during the Skylab missions, the
only quantitative data on in-flight exercise were obtained
from the cycle ergometer. The mean workload was highest
in mission 4, and despite being the longest Skylab mission,
leg strength showed the least decline. However, the im-
proved performance could not be attributed to a given
exercise paradigm because the crew exercised on more
devices than utilized by the earlier Skylab 2 and 3 crews
(37).

Perhaps the best data on the benefits of exercise
countermeasures in humans have come from bedrest
studies (156–158). The primary findings from these stu-
dies is that high-resistance exercise training is effective in
preventing muscle wasting and reduced performance.

3.2.3. Penguin Suit. The penguin suit, an all body suit
with sewn-in elastic bands, for the loading of joints and
their related muscles as a countermeasure is still used by
the Russian cosmonauts. Bedrest studies have proven the
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effectiveness of this suit in preventing muscle strength
loss (159,160).

3.2.4. LBNP. The application of LBNP, alone or in
combination with exercise, has been proposed as an in-
flight countermeasure (161). LBNP provides forces, ap-
plied to the lower limbs, which simulates weight bearing.
This countermeasure has not yet proven itself in prevent-
ing muscle atrophy.

3.3. Circulatory

3.3.1. Fluid Loading. The intake of salt and fluids ap-
proximately 2 hours before re-entry has been used to
counteract orthostatic intolerance by increasing the fluid
volume in the body (162), which compensates the loss in
blood volume. When intake of salt is increased, not only
the salt, but also the water, is retained in the body, so that
the concentration of electrolytes is maintained un-
changed. Therefore, an increase in salt intake leads to
fluid volume expansion. Although Bungo et al. found an
improved orthostatic tolerance after short-duration space
missions (162), the efficacy of this countermeasure is
questionable. Buckey et al. found a similar percentage
(B80%) of subjects that used this countermeasure (8 g of
salt and 960 mL of water) in both the finisher and the
nonfinisher group of a 10-minute stand test (93). Even
with fluid loading, the upright stroke volume was lower
postflight in both groups.

3.3.2. LBNP. Short daily LBNP sessions were effective
in preventing orthostatic intolerance induced by 21-day
head-down bedrest. However, it did not improve cardiac
pump and systolic functions and did not preserve volume-
regulating hormones (163). Also, during parabolic flight,
the changes with LBNP are less pronounced at the period
of microgravity. Capderou et al. concluded that LBNP
applied during microgravity reduced the parasympathetic
activation at the microgravity phase (84). After bedrest,
although no direct countermeasure effect was found, the
LBNP proved to better maintain blood pressure during tilt
test. The test group without LBNP showed a more fre-
quent onset of clinical symptoms. LBNP was suggested to
improve the baroreflex response (164). Previous studies,
using only LBNP as countermeasure, had also found
beneficial effects (165,166). Baisch et al. (167) performed
LBNP tests on six crewmembers before and on the first
days postflight in a series of three space missions. Addi-
tionally, two subjects performed LBNP tests in-flight.
Heart rate, blood pressure, and total peripheral resistance
increased significantly during LBNP experiments in-
flight. The decrease in stroke volume, the increased pool-
ing of blood, and the increased filtration of plasma into the
lower limbs during LBNP indicated that a plasma volume
reduction and a deficit of the interstitial volume of lower
limbs rather than a change in cardiovascular control was
responsible for the in-flight response. Postflight LBNP
showed no signs of cardiovascular deterioration. The
more pronounced hemodynamic changes during LBNP
reflected the behavior of cardiovascular control faced
with less intravascular volume. In-flight, the status of

an intra and an extravascular fluid deficit increases
sympathetic activity, the release of vasoactive substances,
and consequently blood pressure. Postflight, blood pres-
sure decreases significantly below preflight values after
restoration of volume deficits. Baisch et al. concluded that
the cardiovascular changes in-flight were a consequence of
a fluid deficit rather than a consequence of changes in
autonomic signal processing (167).

In addition LBNP reduces arterial pressure, which
causes an unloading of baroreceptors, rather than pro-
vides the natural loading stimulus of standing. These
results indicate that the effects of LBNP might be tran-
sient and fail to target the mechanisms of volume receptor
resetting and arterial baroreflex loading. Nevertheless,
the beneficial effects have stimulated the use of this
countermeasure both by NASA (168) and by the Russians
(169).

3.3.3. Thigh Cuffs. Thigh cuffs are used by Russian
cosmonauts to limit the fluid shift induced by space flight.
After head-down bedrest, the mean duration of a stand
test at the first day after bedrest did not differ between
users of the cuffs and nonusers (170). A slight increase in
heart rate and a decrease in diastolic blood pressure were
observed but significantly larger in the nonusers. The
duration of LBNP tests did not differ with thigh cuffs.
Thigh cuffs limit the symptoms because of fluid shift and
the loss in plasma volume. They partly reduced the
increase in heart rate during orthostatic stress but had
no effect on duration of orthostatic stress tests.

During three 6-month MIR space flights, the cardio-
vascular parameters of six cosmonauts were measured by
echocardiography, Doppler, and plethysmography. The
thigh cuffs compensated partially for the cardiovascular
changes induced by exposure to microgravity, but they did
not interfere with microgravity-induced deconditioning
(171), which was also suggested earlier by Arbeille et al.
(172).

3.3.4. G-suits. Application of pressure around the ab-
domen and lower extremities by inflation of G-suits re-
duced pooling of blood in the lower extremities and
increased carotid-cardiac baroreflex response, central
blood volume, stroke volume, cardiac output, and vaso-
constrictive reserve (173,174). Also in patients suffering
from neurogenic orthostatic hypotension, this counter-
measure has achieved positive results (175).

3.3.5. Pharmacological Agents. To counteract the re-
duced plasma volume, the corticosteroid florinef has
been used (176,177). The use of florinef resulted in a
restored plasma volume and a reduction in syncope rate
after head-down bedrest. These effects were not found
after real space flight. However, a different protocol was
used in the bedrest and space flight study.

The nonspecific b-adrenoreceptor antagonist proprano-
lol has been proposed as a countermeasure to increase
peripheral vascular resistance by inhibiting vasodilatory
effects of catecholamines on smooth muscle (178). How-
ever, this approach was abandoned because of inhibitory
chronotropic and inotropic effects that led to reduced
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orthostatic tolerance in ground simulations (179). Most
recently, the a1-agonist midodrine significantly amelio-
rated the development of hypotension and presyncope
during tilt test (180).

3.3.6. Artificial Gravity. Artificial gravity could have
potential as a countermeasure for orthostatic intolerance.
Several studies have demonstrated an increased carotid-
cardiac baroreflex response, lower leg venous compliance,
increased central blood volume, stroke volume, cardiac
output, vasoconstrictive reserve, sensitivity of a-adrenor-
eceptors, and orthostatic tolerance (175,181–183). How-
ever, application during space flight still faces technical
challenges.

3.3.7. Exercise. Acute maximal exercise has been pro-
ven to be effective in preventing orthostatic intolerance,
when performed within 24 hours before the end of simu-
lated microgravity (head-down bedrest) (184). Also, a
restored blood volume (185) and baroreflex function
(185,186) were reported. Subsequent to ground-based
experiments, the use of a single bout of maximal-effort
cycle ergometric exercise performed by astronauts within
18 to 24 h before landing was tested during space flight
missions as a possible means to ameliorate orthostatic
hypotension (179,187). Unexpectedly, heart rate and ar-
terial blood pressure responses during postflight standing
were similar in astronauts who performed the maximal
exercise and in those who did not. However, because all
astronauts (both exercisers and controls) who participated
in the evaluation of the maximal exercise countermeasure
completed the stand test before and after space flight,
orthostatic tolerance could not be assessed. Interestingly,
echocardiographic measurements demonstrated that
stroke volume and cardiac output was restored to preflight
levels in the exercise group during standing after space
flight, but they fell in the control group in a similar
fashion as that reported in the ground-based investigation
(179,184).

4. CONCLUSION

In this overview, several physiological adaptations were
discussed. The focus was mainly on musculoskeletal and
cardiovascular changes. Of course, the adaptation of the
alimentary system and reproductive system are also im-
portant, but the focus nowadays is primarily on the first
topics.

After 40 years of space flight, we are beginning to
understand some mechanisms of physiological adapta-
tions; however, new questions develop all the time because
of sometimes unpredicted results. There is still a long way
to go before we can safely send humans to Mars and bring
them back safely. The operations in the ISS will provide a
unique opportunity to study the long-term effects of
microgravity on the human body.

The importance of these physiological adaptations also
has to be assessed in relation to the duration of the space
mission. Exploration missions into deep space, such as a
journey to Mars, may raise a series of new questions about

the health of the human participants. Some physiological
effects of shorter duration, such as bone mineral density
decrease, are likely to continue indefinitely during longer
missions. Some risks may be increased, such as radiation
exposure. Also psychological and mental health issues will
grow increasingly important during long-duration mis-
sions, which is a factor that is not negligible, certainly in
long space flights. The high noise levels, less than optimal
light conditions, and confinement to small living quarters
will be contributors to high psychological and social stress
levels.

An important goal for the future will be to develop
effective countermeasures to prevent or limit muscle
atrophy, bone mineral density loss, and cardiovascular
deconditioning. To achieve this goal, it will be important to
conduct well-controlled countermeasure studies in hu-
mans by using the bedrest model, the HOI simulations,
parabolic flights, and long-duration studies in the ISS.

To solve the different physiological problems, it will be
important to understand the mechanisms of the under-
lying changes. Understanding how and why the human
body adapts will most likely facilitate the development of
effective countermeasures.

Not one countermeasure will be the answer to these
problems, but a combination of different techniques will
stand the most chance.

To gain support of the general public for manned space
flight, it is also important that it receives information
about the Earth-bound applications of space research. The
development of diagnostic tools and of therapies for osteo-
porosis, syncope, heart failure, and muscle deconditioning
will enhance public support and political will to continue
and increase the intensity of space exploration.

A major problem of medical space research is the small
number of available subjects and the short period of
availability of the subjects. This problem necessitates a
strategy focused on maximization of research opportu-
nities and on international cooperation between research
institutions.
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1. INTRODUCTION

In medical science, ‘‘measurement’’ is the qualitative or
quantitative characterization of a phenomenon occurring
within the human body in a standardized, reproducible
way (1), whereas assessment adds the element of clinical
value by referencing the measurement to a particular
need (2). Assessment is based on measurement, and both
assessment and measurement may have objective and
subjective elements. Assessment depends on the construct
used (i.e., what end result is sought?). The same objective
measure of height results in a very different assessment
result depending on the context (e.g., basketball player vs.
jockey). The goal of assessment is to bring a synthesis of
the data and judge its relevance to the clinical symptoms
of the patient.

In his 1974 editorial, Landau (3) questioned not only
the definition of spasticity, but also the need to treat it. He
listed six varieties of meaning of spasticity as found in the
neurological literature, an ambiguity that largely con-
tinues to the present. As a result of this variation in
meaning, a unitary approach to definition and certainly
treatment is not likely to be successful. Landau suggested
that inferences drawn from Jackson’s description of posi-
tive and negative symptoms may be as good as we can do
(4,5). This chapter speaks to assessment of spasticity, ‘‘a
clinical concept that is easy to recognize and difficult to
define’’ (6). ‘‘Spasticity is more difficult to characterize
than to recognize, and still more difficult to quantify’’ (7).
In other words, the clinical presence and importance of
spasticity is readily apparent, at least in some of its
manifestations, although the varied presentation makes
it problematic to measure or even define. The measure-
ment of ‘‘spasticity’’ is, of course, constrained by its defini-
tion. Although researchers and clinicians may refer to a
formal definition such as that of Lance (8), in practice they
employ a much broader concept (9), and the precise mean-
ing very much depends on who is using the term even
when the stated definition is that of Lance; its operatio-
nalization is much broader (10).

Following a discussion of the functional classification of
chronic disease by the World Health Organization (WHO),
definitions of altered motor control and spasticity are
presented. A brief review of proposed mechanisms of
spasticity is presented. Assessment methods are orga-
nized according to the WHO scheme.

1.1. International Classification of Functioning, Disability,
and Health

Another way of considering the assessment of spasticity is
to do so in light of the International Classification of
Functioning, Disability, and Health (ICF) of the WHO,
which seeks to classify health and chronic disease in terms
of domains of structure and function and interaction with
the environment. The model offers several advantages,
including the separate consideration of the domains of
pathophysiology, structure and function, activity and par-
ticipation, and quality of life. This approach allows us to
separate the underlying neural mechanisms from limita-
tions in activity resulting from expression of that patho-
physiology, which can and does vary dramatically
depending on the system state or condition of the person
experiencing the spasticity, with a consequent variable
effect on that person’s ability to fulfill their desired roles
(i.e., their level of participation in society and their quality
of life). By attending to this classification structure, we
may be more successful in assuring that the measures
employed may relate to the needs of the individual under
study (11), which is consistent with the goal of directing
outcome assessment efforts at an individual’s ability to be
active and to participate in life as he/she wishes (12). By
organizing assessments using the overall classification
posed by the ICF, attention can be drawn to appropriate
goal-setting for patients (13).

As a result of the emerging importance of the ICF in
classifying disease conditions, this chapter will organize
the description of measurements around the three pri-
mary levels of the ICF (i.e., the body function/structure,
the activity level, and the level of participation in society).
Each level addresses a different aspect of spasticity, and
all three must be addressed to gain the broadest perspec-
tive on and comprehensive coverage of spasticity. Thus,
this chapter is structured around the ICF, in order to focus
attention on the multiple dimensions of the problem. Some
of the confusion around definitions and measurement of
spasticity may be attributed to the inappropriate mixing
of the main domains of the ICF, namely structure and
function, activities, and participation. Most emphasis has
been placed (appropriately) on function, as spasticity, in
its essence, is a physical problem of motor control. How-
ever, these implications of spasticity are also important for
the patient. Thus, measurement at an activity level (e.g.
walking) has also received a great deal of attention (14). In
several recent papers, attention is being given to the
patients’ perspectives on the problem (15) and has been
the subject of a recent study (16). This perspective will be
addressed in more detail below.

In adopting this ICF organizational framework, it must
be acknowledged that little relation exists between the
relevance of commonly employed measures to the patients’
own perspectives and to the ease of measurement of this
physical manifestation of altered motor control. In other
words, the immediate physical phenomenon being ob-
served, such as hypertonia, may have very little to do
with the patients’ complaint, their satisfaction with treat-
ment effects, or quality of life (17). Indeed, it is even
problematic to attribute limitations in activities such as
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walking to the presence of hypertonia in the clinical
examination; it is often debated in the literature what
the actual effect of this positive symptom of altered control
might be, particularly compared with the effects of nega-
tive symptoms such as weakness, fatigue, or certainly,
paralysis.

1.2. Definitions—Dimensions of the Problem

Spasticity remains a problematic term of art. The stan-
dard clinical definition most often cited is that of Lance,
‘‘velocity dependent, increased resistance to passive
stretch as one component of upper motor neuron dysfunc-
tion’’ (8). Others have subsequently expanded this defini-
tion to include more explicitly these ‘‘other components’’
such as the Babinski sign, exaggerated phasic stretch
reflexes, hyperactive cutaneous reflexes, increased auto-
nomic reflexes, and abnormal postures (18,19). These
manifestations of excessive involuntary motor activity
were taken together as spastic paresis, but Young also
included negative symptoms such as paresis and fatigue,
which are not discussed in this document (18,19). The
Taskforce on Childhood Motor Disorders expanded the
definition of spasticity to include one or both of the
following signs: resistance to passive movement that
varies with the direction of joint movement and resistance
to externally imposed movement rises rapidly above a
threshold speed or joint angle (20). It has been frequently
observed that good agreement does not exist between
objective measures and clinical outcomes.

The matter of definition is crucial in this endeavor, as
many blind alleys have been traversed in pursuit of means
of assessing spasticity. Indeed, issues of definition have led
some to question ‘‘Why treat spasticity?’’ (3,21). Nance
pointed out that some aspects of this problem called
spasticity may actually be beneficial to patients (22). We
have not found Lance’s definition to be particularly helpful
in our work with persons with spinal cord injuries because
it under-represented clinically important aspects of their
altered motor control (23). We choose to adopt a broad
definition more consistent with Young (18) and others, in
which the key feature is the uncontrolled and generally
undesired contraction of a muscle or muscles that results
in unwanted movements or interferes with desired move-
ments, either voluntary or passive. This definition has
been termed ‘‘muscle overactivity’’ (24) and is similar to
Nathan’s (25) statement that ‘‘spasticity is an over-reac-
tion to every kind of input.’’ Muscle overactivity may not
be the best term for this clinical phenomenon as it implies
that the source of the problem is the muscle itself, rather
than the fact that the muscle simply expresses the hyper-
activity of the motor neuron pool enervating it.

Davidoff (26) has stated that, ‘‘since the clinical pre-
sentation of spasticity depends upon the locus and extent
of injury to the central nervous system, one encounters
several different clinical patterns of spasticity.’’ In one
study, Maynard et al. (27) found that subjects with lesions
at cervical and upper thoracic levels of the spinal cord
were more likely to have developed spasticity than those
with low thoracic and lumbar levels. Likewise, those with
American Spinal Injury Association (ASIA) Impairment

Scale (AIS) (27) B spinal cord injury (SCI) and those with
AIS C SCI had significantly more spasticity than those
with motor and sensory complete (AIS A) SCI and motor
incomplete, ‘‘functional’’ (AIS D) SCI. Dimitrijević et al.
(28) demonstrated preserved suprasegmental influences
on reflex activity in some persons with clinically complete
SCI. They demonstrated that this partial preservation of
brain control contributes to the central excitatory state of
segmental reflexes and spasticity. Persons whose SCI
recovered significantly also demonstrated an improve-
ment in their spasticity, suggesting that as motor control
improves, spasticity decreases. Therefore, even in persons
with what appears to be complete SCI, supraspinal influ-
ences may exist that present clinically as spasticity, yet
represent preserved pathways in the spinal cord (29).

As the manifestations and the clinical problems of
spasticity are not limited to hypertonicity, the assessment
of spasticity must likewise not be limited to measurement
of hypertonicity alone (30). Each positive symptom of
spasticity—hypertonicity, clonus, nociceptive spasms,
and released primitive reflexes—holds the potential for
functional interference. Hypertonicity may result in con-
tractures and poor positioning in bed or wheelchair;
clonus may cause unsafe transfers, difficulty with ambula-
tion, and impaired grasp and hand use; spasms may result
in pain, interference with sleep, difficulty with transfers,
ambulation, and positioning in bed or wheelchair; and
primitive reflexes may result in poor positioning in bed
and wheelchair. Comprehensive assessment of all compo-
nents of spasticity and an understanding of the related
functional limitations are crucial for a complete under-
standing of spasticity and its management.

Common to all descriptions of spasticity is that the
qualifying muscle contractions are unintended or uncon-
trolled by the patient. This chapter on the assessment of
spasticity will deal with conditions of the central nervous
system (CNS) in which unintended muscle activation
occurs, either in response to external perturbation or in
response to involuntary activity of the CNS. Therefore, it
is assumed that spasticity results from damage to or
alteration in the function of the neural circuitry control-
ling muscle activation. It is the output and interconnec-
tion of these neural circuits that create the features of
motor control that support this definition of spasticity.
With this understanding, methods for measuring ‘‘spasti-
city’’ would necessarily target the different component
features of motor control that characterize the functional
capacities impacted. For example, one such feature of
motor control to be measured in spasticity is increased
responsiveness to muscle stretch. Other features asso-
ciated with spasticity include the occurrence of paroxys-
mal or continued muscle activation with the subject at rest
and the spreading of activation to inappropriate muscles
during volitional movement.

Recently, a definition of spasticity congruent with this
approach, which should be seriously considered, was
proposed by the SPASM group (31). The group defined
spasticity as ‘‘disordered sensori-motor control, resulting
from an upper motor neuron lesion, presenting as inter-
mittent or sustained involuntary activation of muscles.’’
This definition is said to have the advantage of subserving

2 SPASTICITY AND UPPER MOTOR NEURON DYSFUNCTION



all of the positive signs attributed to the upper motor
dysfunction but excluding negative signs. The authors
chose this form to emphasize that these positive signs
also involve the sensory or input system as well as the
motor or output system.

Although the focus of this chapter is on the neurally
mediated features of spasticity, it should be acknowledged
that changes in muscle properties may accompany pro-
longed spastic activity, resulting in contractures with a
consequent change in muscle properties that are not
directly mediated by the neuromuscular system (32,33).
Changes in mechanical properties are marked by mea-
surement as increased resistance to movement but not by
evocation of muscle activity. As such changes are only
secondarily related to neuromuscular control, they are not
discussed further here. The following section reviews
some of what is known about the neural circuitry of motor
control for the features of motor control defining spasti-
city.

Finally, it should be acknowledged that the measure-
ments used tend to form an operational definition of
spasticity, whether appropriate or not. The most com-
monly used scale is the Ashworth scale (34), which focuses
only on a very narrow part of the problem. Use of
measures across the full spectrum of the ICF classifica-
tion, from function (neurophysiological and psychosocial),
to activity and participation, offer a broader operational
definition of this symptom of upper motor neuron dysfunc-
tion. Thus, it is imperative to properly understand and
measure spasticity using proper instruments.

2. NEUROPHYSIOLOGICAL BACKGROUND OF
‘‘SPASTICITY’’

No agreement exists on the precise neural mechanisms
underlying spasticity, just as no agreement exists on the
nature of spasticity. Although changes in the mechanical
properties of the muscles themselves may exist (32,33),
such changes are inconsistent with most of the definitions
and will thus not be dealt with in this document. Much
attention has been focused on the most elementary cir-
cuitry involved, the stretch reflex loop (35,36). Alterations
in the properties of several components of this neural
circuitry have been proposed as important in generating
the positive symptoms seen in spasticity (7), including
alterations in the a-motor neuron properties (plateau
potentials in which the motor neuron membrane remains
in a depolarized state for an extended period of time and
may generate a train of action potentials), potentially
responsible for prolonged tonic stretch reflex in decere-
brate models (37), and may contribute to spasms or
spontaneous, low-rate firing (38). Other changes are pro-
posed in fusimotor system activity (39) or in gamma
system activity (40). However, no evidence has been found
that these factors predominantly give rise to the observed
positive symptoms (41,42). What is clear is that hyper-
excitability of the motor system is an essential component,
regardless of its origin. Nathan (25) suggested that hyper-
excitability of the motor pool extended to any and all
inputs. This hyperexcitability may develop from loss of

inhibition at the spinal level (e.g., following spinal cord
injury), but, in fact, lesions anywhere along the neuraxis
(43) may result in muscle overactivity (24). Magoun and
Rhines proposed an extrapyramidal origin, resulting from
an imbalance of excitation and inhibition (44). No correla-
tion was found of decreased presynaptic inhibition and
measures of tone (45).

3. THE MEASUREMENT OF SPASTICITY - ‘‘YOU GET WHAT
YOU MEASURE’’1

An adequate assessment of spasticity in humans should
include functional characterization within each of the
domains of the ICF. To do so would require a variety of
tools: examiner-driven interview, structured patient self-
report, movement recording, and neurophysiological test-
ing. Each of the ICF domains would need to be measured
independently but judged as a profile of combined test
results when used to drive a treatment selection process.
In terms of bioengineering support, the accumulation of
such measurements and other historical data into a
database with analyses to establish objective clinical
criteria for treatment choice and adjustment is of major
concern.

A major issue in the measurement of spasticity is the
observed variability in manifestations of spasticity
(34,46). For example, some subjects are completely free
of spasms and spasticity when they are asleep and others
experience sleep-disturbing spasms (47). Provoking
events such as a decubitus ulcer, a bladder infection, or
even a distended bladder regularly exacerbate symptoms.
All of these events result in measurable changes in
behavior in subjects with spasticity. The measurement
context itself (e.g., posture of the subject during the
measurement) can markedly affect the obtained results
if not properly controlled. As contemporary approaches to
management of spasticity generally are not curative in
nature but rather provide symptomatic relief, it is impor-
tant to be able to measure on this level. On a more
theoretical level, tools to assess the underlying system
properties that are expressed in these symptoms would
also be desirable. At present, such tools do not exist.

Another significant problem is the fact that scales or
instruments for spasticity and altered motor control al-
most exclusively focus on hypertonia, which, in many
instances, may not be the most problematic feature.
Whether other features of altered motor control are pre-
sent (spasms, co-contractions, etc.), the available scales
and instruments are not well positioned to capture these
features, leading to potentially poor correlation between
the scales used and improvement in function (1,7,48).
Others have suggested a failure to demonstrate benefit
of treatment may be because of the inappropriate selection
of measures (21).

Goldberg (49) proposed that four measures be used to
evaluate outcomes: technical accomplishments, functional
outcomes, patient satisfaction, and cost effectiveness.
Technical accomplishments in spasticity measurement
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may be classified under structure and function, whereas,
in his terms, functional accomplishments come under
activity measures. Patient satisfaction lies in the domain
of participation, as does cost effectiveness. Hinderer pro-
posed that examination of patients include clinical history,
stretch reflex examination, passive motion examination,
active motion examination, and functional examination
(50). Zafonte et al. (51) pointed out the difficulties of
carrying out such a comprehensive approach in acute
settings, together with the importance of placing any
measures in a clear clinical context.

4. STRUCTURAL AND FUNCTIONAL MEASURES

Measures at the ICF structural and functional level are
most often used in assessing spasticity, as it is a problem
that directly impacts those functions. As well-formulated
structural explanations for spasticity do not exist, nor
measures for such, this chapter will focus only on func-
tional aspects from this portion of the ICF. For purposes of
this discussion, approaches based on measurement of
forces (mechanical) shall be considered separately from
those addressing underlying control properties (neurophy-
siological). Although they do not explicitly classify meth-
ods in this way, reviews of spasticity typically focus
primarily on the functional or structural aspects (52),
with less attention to the activity domain (17), and still
less attention to participation aspects, although some
cover all three aspects (1,13).

4.1. Mechanical

Biomechanical techniques for measuring spasticity have
been classified into four groups by Price (53), manual,
controlled torque, controlled displacement, and gravita-
tional. Manual methods are commonly employed in clin-
ical examinations. These methods are reviewed in Wood et
al. (54).

4.1.1. Structured Clinical Examination. The Ashworth
scale (34), which requires the examiner to judge the tone
or degree of resistance to the passively moved limb, is
perhaps the most commonly used clinical tool. Similar, but
less-cited scales include the Oswestry Scale of Grading
(55) and the Tardieu Scale (56–58). The principal advan-
tage of such scales lie in their ease of application, as no
instrumentation is required. The principal disadvantages
are that the sources of variance for such scales abound
because of the variability of perception and judgment
within and across examiners, the subjective nature of
such metrics. Also, such examinations do not adequately
specify measurement conditions (17) and only evaluate
one aspect of spasticity. In fact, the reliability of the
Ashworth scale has been shown to be problematic, both
in its original form (59) and in its modified form (60,61).
Other clinical scales have been used to evaluate range of
motion and posture and are reviewed by Platz et al. (17).
Priebe et al. (62) compared the behavior of several scales,
including Ashworth, the Bates tendon tap scale (63), the
spasm frequency and severity scale (64), and the plantar
withdrawal reflex (65), and found low correlations among

these measures in a group of 85 individuals with spinal
cord injuries, indicating these measures were likely re-
sponding to different aspects of altered motor control.
Platz and colleagues also reviewed scales of function
(active and passive) that have a documented association
with spasticity, including the Fugl-Meyer, grip strength,
range of motion, as well as more global scales such as
hygiene score and disability scale (17).

4.1.2. Dynamometry. Influenced by the definition of
Lance (8), biomechanical approaches are the most com-
mon in assessing spasticity and offer the most direct
measurement of system properties in terms of the in-
creased resistance to passive stretch. Isokinetic dynamo-
metry, in which an instrument controls the velocity of
movement while measuring the force, has been used for
this purpose in a number of studies, using both custom-
built devices (66,67) and commercially available devices
(68,69). Interpretation of the meaning of these results is
greatly enhanced by the addition of one or more channels
of surface electromyographic (sEMG) recording (66). In-
deed, these instruments have been used to assess positive
and negative aspects of the problem (70). Although these
efforts have extended over several decades, they have
proven of limited clinical utility (71), due in part to the
complexity of the devices that typically require the patient
to be brought to a laboratory. Rymer found that the
displacement magnitude was more important than the
velocity (67,72), a finding consistent with our own obser-
vations, in which we found no substantial change in the
magnitude of the resisting torque response with angular
velocities of 30, 60, or 120 degrees/s (23). Faster move-
ments (e.g., 240 degrees/s) exacerbate the problems asso-
ciated with the need to quickly accelerate the device,
coupled with the limited range of motion in most instances
(on the order of 90 degrees or less, depending on the joint),
result in very short movement times dominated by accel-
eration and deceleration phases and often accompanying
artifacts in torque measurements. Indeed, Rymer has
questioned whether the velocity or displacement is the
critical variable in determining the response to movement
(67). A somewhat different approach was taken by Gottlieb
and Agarwal, who used a sinusoidal forcing function to
examine active and passive properties of the joint as a
means of evaluating spasticity (73).

Alternatively, a number of handheld devices have been
developed to measure the force developed between the
patient and the examiner during manual manipulation of
the limbs (71,74,75). These methods lack standardization
and, although easier to apply, do not strictly instrument
the definition, in that the speed of movement is controlled
only by the subjective skill of the examiner. Nevertheless,
these methods have been used to identify characteristics
of muscle overactivity (75), and results have been gener-
ated that favorably compare with those obtained using an
isokinetic dynamometer (76).

4.1.3. Pendulum Test. A closely related measure that
has the advantage of requiring a much less complex
mechanical approach is the Wartenburg (77) or pendulum
test, in which the leg is raised to the horizontal, then
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released to swing freely from the knee powered by gravity
alone while measuring the movement (78,79). In this way,
the leg itself serves to impose a consistent forcing function
allowing observation of any changes in response in terms
of the pattern of movement as well as the evoked muscle
responses seen with sEMG recordings (80). Patterns of
movement could be used to evaluate the severity of the
disorder, and, together with the sEMG, could determine
muscle overactivity. In spite of its apparent simplicity and
efforts to quantify, it has not found widespread use,
perhaps in part because it only examines a narrow aspect
of spasticity and is most easily applied to the knee joint.

4.2. Neurophysiological

4.2.1. Neuroimaging. Neuroimaging measurements
have been used to identify structural differences that exist
in patients reporting spasticity in the form of cerebellar
and spinal cord atrophy in Friedrich’s ataxia (81) and
cerebral palsy (82), and syringomyelia (83–85). These
measures are useful for demonstrating structural changes
in the CNS and play a role in clinical decision making.
However, these methods are not used to measure or
characterize the phenomena specifically.

4.2.2. Reflex Evaluation. Although the measurement of
body/limb movement and CNS structural parameters
have led to some increase in understanding spasticity,
they both rely on indicators that are somewhat removed
from actual CNS events that lead to abnormal and un-
wanted movement. Closer to the problem is the measure-
ment of CNS output to the muscles that make the
movements.

This neurophysiological approach most often has as-
sessed reflex excitability in the form of the H-reflex (Hoff-
man reflex) or the ratio of the H-reflex to the M-Wave (H/
M ratio) (86–90). H-reflexes and F-waves are thought to
test central excitability as measured by its amplitude, as
an indication of the number of motor units fired. This
neurophysiological parameter has shown some sensitivity
to differences between healthy subject-derived values and
patients reporting spasticity because of cerebral palsy
(91), stroke (92), and SCI (93) with variable results.
Sehgal and McGuire gave an excellent review (52) of the
various approaches that have been taken in this regard, in
which they described the potential contributing mechan-
isms including changes in the stretch reflex arc (lower
threshold, increased gain, or a combination thereof),
whether because of changes at the segmental level
(changes in reciprocal or recurrent inhibition) or changes
in supraspinal pathways. Each of these potential factors
offers a possible point of measurement, the success of
which depends on the degree to which the measured
phenomenon contributes to the ultimate state of concern
to the patient.

4.2.3. Electromyography. The recording of electrical ac-
tivity from the muscles, electromyography (EMG), pro-
vides a measure of CNS output and motor control. This
activity is acquired through electrodes placed in the
muscle or on the skin surface overlying the muscle

(sEMG). When the goal of the measurement is the overall
control of the muscle, surface electromyography (sEMG)
provides a useful measurement framework. sEMG has
been used in the study of elements of spasticity (25,94–98).
The technical ability to measure CNS output has been
coupled with classic physiological techniques using stimu-
lus-response paradigms to study spasticity. However, a
standardized or comprehensive approach to characteriz-
ing spasticity has not been put into widespread use. Also,
most studies have focused on specific, often complex,
motor control tasks such as reaching and grasping (99–
102), posture and equilibrium (103,104), and gait (14,105).
However, a standard method for profiling motor control
has been developed (106). Paradigms have been developed
to demonstrate the distribution of CNS activation across
multiple muscles in response to motor tasks that involve
reflex (96) and volitional neural activity (107), and are
currently being evaluated for reliability (108) and validity
(109,110).

Although these techniques measure more complex
motor tasks and provide for the recognition of patterns
of sEMG associated with specific control parameters, such
as sequencing, activation and deactivation, and modula-
tion during activation, they fail to reduce their description
of motor control to its basic features or to articulate such
with a common terminology. Within the study of spasticity,
such measurements are used to reveal control conditions
under which unwanted activation happens. For example,
in cerebral palsy, voluntary movement attempts are met
by significant coactivation of antagonistic muscles and of
muscles distant from the joint targeted for movement (75).
This widespread activation is a feature of disordered
voluntary control in many neurological disorders (stroke,
SCI, multiple sclerosis, ataxias). In addition to the obvious
technical issues of high-quality sEMG recording, bioengi-
neering has the responsibility of developing data analysis
methods to reduce the large volume of numbers recorded
to characterize the sEMG from the multiple muscles. In
earlier work, we showed that the amount of activity
generated during passive movements correlated with
other measures of spasticity, in particular the Ashworth
scale in a group of persons with severe spinal cord injury
(96), as would be expected in that increased muscle
activity observed in many situations generates both in-
creased EMG and increased resistance to movement.
However, in a subsequent study in a group of individuals
with less severe injuries, the relation was not so clear, in
that motor-incomplete SCI patients exhibit more complex
patterns of EMG responses that complicate the story.
Recently, Lee et al. proposed a new approach to quantifi-
cation of the sEMG patterns in voluntary control (107),
and subsequently demonstrated the method is stable (108)
and sensitive to changes in spasticity (109).

5. ACTIVITY MEASURES

Measurement of activity can take many forms, including
the use of complex clinical scales such as the Fugl-Meyer
(111,112). These measures have been shown to correlate
well with other measures in some patient populations
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(113). Most often, gait has been evaluated for functional
implications of spasticity (105,114,115). These reports
show the varying manner in which spasticity can interfere
with function, and are typically collected in gait labora-
tories (114). Benecke et al. and Conrad et al. reported
studies of reflex function during performance of everyday
activities such as bicycling or walking (116,117). Other
scales addressing general motor control issues, but not
specifically spasticity, have been developed and used, such
as the Rivermead Stroke Assessment scale (118), the
Scandinavian Stroke Scale (119), the Toronto Stroke Scale
(120), and the Motricity Index and Trunk Control Test
(121).

In populations such as cerebral palsy, many motor
behaviors may be affected, not only walking, but also
such elemental tasks as balance control for sitting or
standing (103). Such difficulties have been evaluated in
terms of sequence of muscle activity as well as coactiva-
tion of antagonistic muscles, both based on sEMG record-
ings. In addition to spasticity, children with cerebral palsy
may exhibit a variety of motor disorders, including dysto-
nia, a sustained activation of muscles resulting in twisting
or abnormal posture; rigidity and bradykinesia, which is
expressed as a sustained resistance to movement even at
low speeds; chorea, which is violent, sudden, and uncon-
trolled movements; tics, which are repeated movements;
myoclonus and tremor, which are rhythmic movements
distinguished by speed; and ataxia, which is uncoordi-
nated movement (122). All these patterns may be observed
and scored subjectively or measured by EMG or by motion
analysis systems. Some may be characterized by spasticity
scales or by dexterity examination (123).

Activity scales come closer to addressing patient con-
cerns, which relate to their ability to function in their
environment. However, such scales, in general, are less
able to relate to underlying pathophysiology and may be
affected by other intervening variables, such as patient
motivation or muscle strength. The last ICF domain,
participation, discussed below, may more directly address
patient concerns, but may be confounded by a much
greater set of intervening variables.

6. PARTICIPATION MEASURES

Although the participation level is arguably the most
important, relatively little has been done to evaluate the
effects of spasticity at this level, in part, because of the
difficulty of attributing changes in participation to
changes in spasticity. A focus on outcomes incorporates
this dimension (1). Typically, participation measures have
focused on quality of life measures using instruments such
as the SF-36 (124). The Canadian Occupational Perfor-
mance Measure (COPM) has been used to track both
function and patient satisfaction after spasticity treat-
ments (1,125,126).

Other measures that focus on quality of life or adjust-
ment include the sickness impact profile (SIP) (127),
which can be completed by patient or caregiver or by
interview. However, the patient’s complaint of spasticity
usually involves events in which unwanted muscle activa-

tion occurred with and without any muscle stretch having
initiated it. In an effort to understand the patients’
perceptions of spasticity, another aspect of clinical history
or self-report is invoked. The clinical history allows the
patient to describe their spasticity in the context of its
etiological background. In an effort to understand the
patients’ perceptions of spasticity, self-report instruments
have been used (64,128) or are under development (16)
that seek to address spasticity-related issues that impact
their quality of life. Currently used measures have not
been validated, do not clearly separate aspects of spasti-
city being studied, and lack the sensitivity to characterize
the mechanisms by which spasticity occurs (62). None-
theless, such measures are useful in assessing the general
impact of spasticity within a group and within the popula-
tion at large and good for studying the magnitude of the
problem.

7. CONCLUSION AND KEY RECOMMENDATIONS

Spasticity, despite its variable clinical presentations and
definitions, is a form of ‘‘motor control,’’ albeit abnormal
control. A key concept in this regard is the realization that
what is desired in the management of spasticity is re-
storation of control to the maximum degree possible,
rather than abolition of all motor activity per se. Thus,
assessment of spasticity must be comprehensive across
the domains of the ICF, capturing function in terms of
CNS motor output in reflex behavior and elemental motor
acts, assessing activity in, for example, walking, and
determining patient satisfaction at a participation level
by evaluating the effects of spasticity and management
strategies on the individual’s ability to be involved in
desired life roles. Missing from many current efforts is
this inclusive approach, which focus instead on a narrow
aspect of the problem. Efforts must also take into con-
sideration the considerable differences that exist within
and particularly between clinical populations. The
authors assert, however, that appropriate consideration
of the full spectrum of issues as described above will lead
to appropriate management strategies for each individual.

The future of the measurement of spasticity will be
accomplished through the comprehensive neurophysiolo-
gical profiling of motor neural circuitry output using
standard testing conditions, coupled with careful assess-
ment of patient intent and involvement in desired life
roles. The impact of undesired movement is an everyday
issue for people who have sustained various forms of
nervous system dysfunction that manifest such move-
ment, and they must determine the most effective man-
agement strategies for themselves, with the assistance of
supportive health-care providers. The future of spasticity
management lies in the focal delivery of substances and
electrical stimulation to specific sites within the CNS until
restorative procedures become available. Appropriate
treatment will have the ability to upregulate and down-
regulate central excitability within a relatively short time
frame. In order to do so effectively, clinical problems like
spasticity will need to be measured with high sensitivity to
provide the ability to resolve physiological mechanisms
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and identify the neural circuitry that is malfunctioning.
Then, and only then, will it be possible to appropriately
treat the involved processes.
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Evidence of subclinical brain influence in clinically complete
spinal cord injury: discomplete SCI. J. Neurol. Sci. 1992;
110:90–98.

30. J. Whyte and K. M. Robinson, Pharmacologic management
of spasticity. In: M. B. Glenn and J. Whyte, eds., The

Practical Management of Spasticity in Children and Adults.
Philadelphia, PA: Lea & Febiger, 1990, pp. 201–226.

31. A. D. Pandyan, M. Gregoric, M. P. Barnes, D. Wood, F. Van
Wijck, J. Burridge, H. Hermens, and G. R. Johnson, Spasti-
city: clinical perceptions, neurological realities and mean-
ingful measurement. Disabil. Rehabil. 2005; 27(1/2):2–6.

32. V. Dietz, J. Quintern, and W. Berger, Electrophysiological
studies of gait in spasticity and rigidity: evidence that
altered mechanical properties of muscle contribute to hy-
pertonia. Brain 1981; 104:431–449.

33. A. Hufschmidt and K-H. Mauritz, Chronic transformation of
muscle in spasticity: a peripheral contribution to increased
tone. J. Neurol. Neurosurg. Psychiat. 1985; 48:676–685.

34. B. Ashworth, Preliminary trial of carisoprodol in multiple
sclerosis. Practitioner 1964; 192:540–542.

35. D. M. Corcos, G. L. Gottlieb, R. D. Penn, B. Myklebust, and
G. C. Agarwal, Movement deficits caused by hyperexcitable
stretch reflexes in spastic humans. Brain 1986; 109:1043–
1058.

SPASTICITY AND UPPER MOTOR NEURON DYSFUNCTION 7



36. J. Salazar-Torres, A. D. Pandyan, C. I. Price, R. I. Davidson,
M. P. Barnes, and G. R. Johnson, Does spasticity result from
hyperactive stretch reflexes? Preliminary findings from a
stretch reflex characterization study. Disabil. Rehabil. 2004;
26(12):756–760.

37. H. Hultborn, Changes in neuronal properties and spinal
reflexes during development of spasticity following spinal
cord lesions and stroke: studies in animal models and
patients. J. Rehabil. Med. 2003; Suppl 41:46–55.

38. M. A. Gorassini, M. E. Knash, P. J. Harvey, D. J. Bennett,
and J. F. Yange, Role of motoneurons in the generation of
muscle spasms after spinal cord injury. Brain 2004;
127:2247–2258.

39. P. Dietrichson, Phasic ankle reflexes in spasticity and Par-
kinsonian rigidity. Possible role of the fusimotor system.
Acta Neurol. Scand. 1971; 47:163–182.

40. P. J. Delwaide, Contributions of human reflex studies in the
understanding and management of the pyramidal syn-
drome. In: B. T. Shahani, ed., Electromyography in CNS
Disorders: Central EMG. Boston, MA: Butterworths, 1984,
pp. 77–109.

41. D. Burke, Critical examination of the case for or against
fusimotor involvement in disorders of muscle tone. In: J. E.
Desmedt, ed., Motor Control Mechanisms in Health and

Disease. New York: Raven Press, 1983, pp. 133–150.

42. K. E. Hagbarth, G. Wallin, and L. Lofstedt, Muscle spindle
responses to stretch in normal and spastic subjects. Scand.
J. Rehabil. Med. 1973; 5:156–159.

43. C. B. Ivanhoe and T. A. Reistetter, Spasticity the misunder-
stood part of the upper motor neuron syndrome. Am. J. Phys.

Med. Rehabil. 2004; 83(Suppl):S3–S9.

44. H. W. Magoun and R. Rhines, Spasticity: The Stretch Reflex
and Extrapyramidal Systems. Springfield, IL: Charles C.
Thomas, 1947.

45. M. Faist, D. Mazevet, V. Dietz, and E. Pierrot-Deseilligny, A
quantitative assessment of presynaptic inhibition of Ia
afferents in spastics. Differences in hemiplegics and para-
plegics. Brain 1994; 117(Pt 6):1449–1455.

46. H. C. Burry, Objective measurement of spasticity. Dev. Med.

Child Neurol. 1972; 14:508–510.

47. J. M. Meythaler, S. Guin-Renfroe, R. C. Brunner, and M. N.
Hadley, Intrathecal baclofen for spastic hypertonia from
stroke. Stroke 2001; 32(9):2099–2109.

48. B. H. Haas and J. L. Crow, Towards a clinical measurement
of spasticity? Physiotherapy 1995; 81:474–479.

49. M. J. Goldberg, Measuring outcomes in cerebral palsy. J.
Pediatr. Orthop. 1991; 11:682–685.

50. S. Hinderer and K. Dixon, Physiologic and clinical monitor-
ing of spastic hypertonia. Phys. Med. Rehabil. Clin. N. Am.
2001; 12:733–746.

51. R. Zafonte, E. P. Elovic, and L. Lombard, Acute care manage-
ment of post-TBI spasticity. J. Head Trauma Rehabil. 2004;
19(2):89–100.

52. N. Sehgal and J. R. McGuire, Beyond Ashworth. Electro-
physiological quantification of spasticity. Phys. Med. Rehab.
Clin. N. Am. 1998; 9(4):949–979.

53. R. Price, Mechanical spasticity evaluation techniques. Crit.
Rev. Phys. Rehabil. Med. 1990; 2:65–73.

54. D. E. Wood, J. H. Burridge, F. M. Van Wijck, C. Mcfadden, R.
A. Hitchcock, A. D. Pandyan, A. Haugh, J. J. Salazar-Torres,
and I. D. Swain, Biomechanical approaches applied to the
lower and upper limb for the measurement of spasticity: a

systematic review of the literature. Disabil. Rehabil. 2005;
27(1/2):19–32.

55. B. Goff, Grading of spasticity and its effect on voluntary
movement. Physiotherapy 1976; 62:358–361.

56. G. Tardieu, P. Rondot, J. C. Dalloz, J. Mensch-Dechenne, and
C. Monfraix, The stretch reflex in man: a study of electro-
myography and dynamometry (strain gauge) contribution to
classification of the various types of hypertonus, C.P. Cere-
bral Palsy Bull. 1959; 7:14–17.

57. G. Tardieu, S. Shentoub, and R. Delarue, À la d’une techique
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94. M. R. Dimitrijević and P. W. Nathan, Studies of spasticity in
man. 1. Some features of spasticity. Brain 1967; 90:1–30.
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control after spinal cord injury: assessment using surface
EMG. Muscle Nerve 1996; 19:966–979.

107. D. C. Lee, H. K. Lim, W. B. McKay, M. M. Priebe, S. A.
Holmes, and A. M. Sherwood, Toward an objective inter-
pretation of surface EMG patterns: a voluntary response
index (VRI). J. Electrophysiol. Kinesiol. 2004; 14(3):379–388.

108. H. K. Lim and A. Sherwood, Reliability of surface electro-
myographic measurements from subjects with spinal cord
injury during voluntary motor tasks. J. Rehabil. Res. Devel.,
in press.

SPASTICITY AND UPPER MOTOR NEURON DYSFUNCTION 9



109. H. K. Lim, D. C. Lee, W. B. McKay, E. J. Protas, S. A. Holmes,
M. M. Priebe, and A. M. Sherwood, Analysis of sEMG during
voluntary movement: II. Voluntary response index sensitiv-
ity. IEEE Trans. Neural Sys. Rehab. Eng. 2004; 12(4):416–
421.

110. W. B. McKay, M. M. Priebe, D. S. Stokic, and A. M. Sher-
wood, Clinical neurophysiological assessment of residual
motor control in post-spinal-cord-injury paralysis. Neurore-

habil. Neural Repair 2004; 18(3):144–153.

111. A. R. Fugl-Meyer, L. Jaasko, I. Leyman, S. Olsson, and S.
Steglind, The post-stroke hemiplegic patient. I. A method for
evaluation of physical performance. Scand. J. Rehabil. Med.

1975; 7:13–31.

112. J. Sanford, J. Moreland, L. R. Swanson, P. W. Stratford, and
C. Gowland, Reliability of the Fugl-Meyer assessment for
testing motor performance in patients following stroke.
Phys. Ther. 1993; 73:447–454.

113. R. T. Katz, G. P. Rovai, C. Brait, and W. Z. Rymer, Objective
quantification of spastic hypertonia: correlation with clinical
findings. Arch. Phys. Med. Rehabil. 1992; 73:339–347.

114. A. Esquenazi and M. Talaty, Gait analysis, technology, and
clinical applications. In: R. Braddom, ed., Physical Medicine

and Rehabilitation, 2nd ed. Philadelphia, PA: WB Saunders,
1999.

115. O. Remy-Neris, V. Tiffreau, S. Bouilland, and B. Bussel,
Intrathecal baclofen in subjects with spastic hemiplegia:
assessment of the antispastic effect during gait. Arch.
Phys. Med. Rehabil. 2003; 84(5):643–650.

116. R. Benecke, B. Conrad, H. M. Meinck, et al., Electromyo-
graphic analysis of bicycling on an ergometer for evaluation
of spasticity of lower limbs in man. In: J. E. Desmedt, ed.,
Motor Control Mechanisms in Health and Disease. New
York: Raven Press, 1983, pp. 1035–1046.

117. B. Conrad, R. Benecke, and H. M. Menck, Gait disturbances
in paraspastic patients. In: Clinical Neurophysiology in

Spasticity. Amsterdam: Elsevier, 1985, pp. 155–174.

118. N. Lincoln and D. Leadbitter, Assessment of motor function
in stroke patients. Physiotherapy 1979; 65:48–51.

119. Scandinavian Stroke Study Group, Multicenter trial of
hemodilution in ischemic stroke. Background and study
protocol. Stroke 1985; 16:885–890.

120. R. Cote, R. N. Battista, C. Wolfson, J. Boucher, J. Adam, and
V. Hachinski, The Canadian neurological scale: validation
and reliability assessment. Neurology 1989; 39:638–643.

121. D. T. Wade and R. Langton Hewer, Functional abilities after
stroke: measurement, natural history, and prognosis. J.

Neurol. Neurosurg. Psychiatry 1987; 50:177–182.

122. T. D. Sanger, Pathophysiology of pediatric movement dis-
orders. J. Child Neurol. 2003; 18:S9–S24.

123. V. Mathiowetz, K. Weber, N. Kashman, and G. Volland,
Adult norms for the nine hole peg test of finger dexterity.
Occup. Ther. J. Res. 1985; 5:24–38.

124. SF-36 Health Survey, Boston, MA: Medical Outcome Trust.
Report 02116-4313, 1992.

125. M. J. Barry and L. A. Albright, Use of the Canadian
occupational performance measure for intrathecal baclofen
therapy. Pediatric Phys. Ther. 1996; 8:183.

126. N. Pollock, S. Baptiste, M. Law, A. Opzoomer, et al., Occupa-
tional performance measures: a review based on the guide-
lines for client-centered practice of occupational therapy.
Can. J. Occup. Ther. 1990; 57:77–81.

127. M. Bergner, R. A. Bobbitt, W. B. Carter, and B. S. Gilson, The
sickness impact profile: development and final revision of a
health status measure. Med. Care 1981; 19:787–805.

128. B. J. Snow, J. K. C. Tsui, M. H. Bhart, M. Varelas, S. A.
Hashimoto, and D. B. Calne, Treatment of spasticity with
botulinum toxin: a double blind study. Ann. Neurol. 1990;
28:512–515.

FURTHER READING

D. Burke, Spasticity as an adaptation to pyramidal tract injury.
Adv. Neurol. 1988; 47:401–423.

W. E. Kenney and P. C. Heaberlin, Jr, An electromyographic study
of the locomotor pattern of spastic children. Clin. Orthop. 1962;
24:139–151.

G. H. Kraft, Hemiplegia: evaluation and rehabilitation of motor
control disorders. Phys. Med. Rehabil. Clin. N. Am. 1993;
4:687–705.

10 SPASTICITY AND UPPER MOTOR NEURON DYSFUNCTION



SPINAL CORD STIMULATION SYSTEM

SONGFENG GUO

KARL BROWN

GARRETT GRINDLE

EMILY ZIPFEL
University of Pittsburgh
Pittsburgh, Pennsylvania

1. INTRODUCTION

1.1. Spinal Cord Stimulation

Spinal cord stimulation (SCS) is an advanced therapy and
method of pain management for certain types of chronic
pain. SCS uses electrodes (sometimes called channels)
placed in the thoracic or cervical region of the spine to
stimulate both afferent and inhibiting nerve fibers related
to the sensation of pain. The stimulation results in a
feeling called paresthesia, where the pain is replaced by
a tingling effect similar to that of the vibration from an
electric massager. The typical stimulation frequency
range is 33Hz to 80Hz (1), the typical voltage is between
5V and 12V, and the typical pulse width is 210ms.

1.2. History

The first reference of electrical stimulation for the relief of
pain in Western literature was in 47 A.D., when Scribonius
Largus reported the case of Anteros, who had inadver-
tently stepped on an electric ray and was ‘‘cured’’ from the
pain of gout. Scribonius and his contemporary Dioscorides
recommended electroichthiotherapy for the relief of head-
aches. Electroichthiotherapy, later renamed electrother-
apy, continued through the Middle Ages and was
prescribed in cases of chronic headaches, unilateral head-
aches, and vertigo in severe cases (2,3). The Reverend
John Wesley (4) even wrote of the benefits from its use, as
he described several case scenarios.

Shortly after the introduction of acupuncture from the
orient into Western society, J. B. Sarlandière in 1825
combined electricity with the procedure. He theorized
that the electricity changed the vitality of the tissue,
thus altering the nature of the pain. He continued to
ponder if the electric current physically altered the mode
in which the irritation was sensed or if the electricity
introduced shock, causing the irritated tissue to retract
from the source of the irritation (2).

In 1888, George M. Beard and A. D. Rockwell published
a widely read book entitled A Practical Treatise on the
Medical and Surgical Use of Electricity. They cited Dr. A.
Tripier, who theorized that the electric current interferes
with impressions from different stimuli. That is, the
electric current reaches the brain first, which causes the
impression made at the same time by another irritating
stimulus to be alleviated or diminished (2). During the
first part of the twentieth century, electrical stimulation
was used for the pain during tooth extraction and used in
place of general anesthesia for major amputations (3).

The two most significant contributions, however, to the
use of electricity as a mode for relieving pain came from

Melzack and Wall in 1965 (5) and Shealy et al. in 1967 (6).
Melzack and Wall introduced and Shealy et al. first used
for pain management the idea that multiple pathways
lead from the noxious stimulus to the brain, where one
pathway carries the pain message and the other acts as a
‘‘gate’’ that would allow the brain to receive the message.
The idea is known as the Gate Control Theory of Pain.
Here, small diameter nerve fibers, A-delta and C fibers,
carry pain stimuli through a gate mechanism; but larger
diameter nerve fibers, A-alpha and A-beta, that pass
through the same gate have the ability to inhibit the
transmission of the smaller fibers. If more impulses arrive
from A-delta and C fibers than from A-alpha and A-beta
fibers, the gate is opened, and the pain message is
transmitted to the brain. If, however, the reverse is true,
the pain messages will not be transmitted to the brain.

Early applications of dorsal column stimulation (DCS)
had limited success rates, but much of the error was
attributed to mechanical failure and prognosis error.
Thus, research in the latter part of the twentieth century
has been directed toward improving the technique and
determining which illnesses are best treated with SCS.
The term DCS has also been replaced by SCS because
more pathways than the DC are being stimulated (7),
including the intermediolateral gray column sympathetic
pathway and the corticospinal motor pathway (see
Figure 2) (1). Furthermore, while Shealy et al.’s report
described stimulating the dorsal column, Larson et al.
found pain-reducing effects when electrically stimulating
the ventral wall of the spinal cord (8).

The first reports that SCS could be used for treating
severe angina pectoris appeared in the mid-1980s. Sandric
et al. reported the high success rate of SCS for treating
severe angina pectoris in 1984 (9). In 1987, Murphy and
Giles published a case study for using SCS for angina
pectoris when all other methods had failed and concluded
that the method ought to be used only when all others are
exhausted because of the cost and associated complica-
tions (10). SCS for the treatment of angina pectoris has
since become more predominate [a few researchers and
clinicians claim an 80% success rate (11,12)], and more
efforts have been made to determine its mechanisms
(13,14).

In the past two decades, Holsheimer’s group in the
Netherlands have used computer simulation and model-
ing and biophysical studies to provide several useful in-
sights (1), including fiber diameter for the recruitment of
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dermatomal paresthesia (15) and the depth of direct
stimulation (16).

1.3. Treatment of Syndromes

Although pain in itself warrants its own chapter, for the
purposes of SCS, it can be described in terms of nocicep-
tive or neuropathic pain, that is, specific or general. SCS
has thus far not been shown to be effective for the
nociceptive pain (7,17), including arthritis, cancer pain,
and postoperative pain (1). However, SCS appears to be
effective for failed back surgery syndrome [especially in
the United States (1)]; segmental or deaffernation pain
after spinal cord injuries; post amputation pain, or phan-
tom pain; arachnoiditis; peripheral vascular disease [espe-
cially in Europe (1)], such as arteriosclerosis or diabetic
vasculopathy; and, as mentioned earlier, angina pectoris
(1,7,12).

2. THEORY

2.1. Anatomy of Spinal Cord

The spinal cord is located at the center of the vertebral
column and extends from the foramen magnum of the
skull to the first or second lumbar vertebra. Its primary
functions are to relay messages between the brain and the
rest of the body and to serve as a reflex center. Figure 1
illustrates the major anatomic landmarks of the spinal
cord. Within the vertebral column, the spinal cord is
surrounded by an epidural space containing fat, liga-
ments, and blood supply and three meninges: the dura
mater, arachnoid, and pia mater. The epidural space is the
space in which electrodes are placed at a dorsomedical
position (Fig. 2). Below the dura mater, cerebrospinal
fluid, which is a clear, nutrient-rich fluid, circulates
around and through the spinal cord. When viewed trans-
versely, the posterior median sulcus and anterior median
fissure partially divide the spinal cord into two halves.

Figure 3 depicts the major ascending and descending
pathways of the spinal cord. Gray matter is located at the
core of the spinal cord and consists of a mixture of neuron
cell bodies, their unmyelinated processes, and neuroglia.
Myelanated and unmyelinated nerve fibers that transmit
impulses between the different parts of the nervous sys-
tem form the white exterior. The boundary between the

gray matter and white matter forms the shape similar to
that of a butterfly, where the posterior projections are the
dorsal (posterior) horns and the anterior projections are
the anterior (ventral) horns. The white matter is com-
prised mainly of vertical tracts or pathways that relay
messages to and from the brain. These pathways are
grouped based on destination and function. Especially
relevant to SCS are the fasciculus gracilis, fasciculus
cuneatus, anterior spinothalamic tract, lateral spinotha-
lamic tract, intermediolateral gray column, and corticosp-
inal motor pathway.

The conductivity of the various sections of the spinal
cord is shown in Table 1 (18,19). Of note, spinal white
matter conducts best along its axis. Also, because of its
extremely low resistivity, about 90% of the current from
SCS flows via the cerebrospinal fluid rather than entering
the spinal cord itself (16).

2.2. Mechanisms of Spinal Cord Stimulation

Although SCS has been used as a method for reducing
pain in the clinical setting for more than 30 years, its exact
mechanisms remain unknown. Linderoth and Foreman
(17) explain why SCS does not cause a conduction block in
spinothalamic fibers as follows:

1. The thin, high-threshold spinothalamic fibers that
carry the pain messages to the brain are not stimu-
lated in the clinical setting.

2. Equally, the pain-inhibiting pathways in the dorsi-
lateral funiculus are not stimulated.

3. Perception of acute nociceptive or experimental pain
is still present.

4. The depressive effect of SCS lasts long after the
stimulation is applied.

5. Low frequencies (f o 5Hz) are sufficient for redu-
cing pain.

Many studies related to SCS have also contained some
significant limitations. For example, healthy animals,
rather than animals in chronic pain, were subjected to
acute nociceptive stimulation with currents too large to be
used with humans in the clinical setting (1,17). After
reviewing the literature, North and Wetzel (7) noted the
fact that a majority of the studies involving SCS have been
retrospective, citing only two randomized prospective
studies. Thus, evidence is empirical, and benefits are
merely ‘‘suggestive.’’

What appears to be ‘‘known,’’ however, is that SCS
involves both neurophysiological and pharmacological
mechanisms. The Gate Control Theory holds in that SCS
stimulates A-alpha and A-beta fibers, which then inhibit
the response from smaller, nociceptive A-delta and C
fibers. The gating effect appears to be located in the
substantia gelatinosa, where DCS has been shown to
activate inhibitory interneurons (20). It also appears
that DCS lowers the excitability of spinothalamic neurons
that respond specifically to noxious stimulation (13,14).
Lu and Perl have further hypothesized that nociceptive C-
fiber input to transient central cells in the substantia
gelatinosa is modified by other afferent C fiber messages
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(21) as well as A-alpha and A-beta fibers. The associated
sensation of paresthesia appears to be caused by the
activation of wide dynamic range neurons from the sti-
mulating electrodes (14).

SCS may also enhance the action of the anterior
pretectal nucleus (APtN), located in the thalamus, which
may have a significant role in the suppression of acute
nociceptive pain (22). In the case of bilateral destruction of
the APtN, animals behave as if they are experiencing
autotomy (23), whereas it is believed that its stimulation
may remove the experience of pain (1). However, stimula-
tion of the APtN may have antiaversive effects in the
higher centers (24).

A number of pharmacological mechanisms account for
the long-lasting pain depression effects noted above. Per-
ipherally, SCS has been shown to cause vasodilation (25),
lower muscle tension, normalize posture, and decrease
sympathetic tone (1,14,26). It is also hypothesized that the
reduction of pain perception and reduced sympathetic
tone lowers the oxygen demand in angina pectoris, redu-
cing the sensation of pain even further (14). Linderoth et
al. reported changes in the amounts of neurotransmitters
gamma-amino butyric acid (GABA) and serotonin, and
substance P, which is highly associated with the sense of
pain, resulting from SCS (27). As a result of the increase in
GABA, neurotransmitters glutamate and aspartate levels
decrease, thus suppressing the pain perception (28).
Furthermore, SCS has been shown to increase the release
of beta-endorphin, a natural opiate (29).

3. EQUIPMENT

3.1. Configuration of the SCS System

SCS system is a small device that can generate electrical
impulses that stimulate the targeted nerves along the
spinal cord. SCS could interfere with the transmission of
pain sensation to the brain. SCS system consists of an
ultra-low-power electronics circuit, electrodes, leads, and
extension (Fig. 4).

Currently, two types of SCS systems are used in the
clinical setting. The first is an implantable pulse generator
(IPG), which consists of an electronic circuit and a battery
located in a small, metal box (Fig. 5a). Leads are posi-
tioned above the spinal cord to deliver electrical pulses. An
extension carries the electrical pulses from the power
supply to the leads. The IPG is completely implanted
under the skin, which delivers low voltage and needs to
be surgically replaced every 2 to 4 years depending on
usage. As the system is subdural, patients can bathe,
shower, and swim while receiving stimulation. Therefore,
the IPG is more convenient and more cosmetically accep-
table.

The second is the external radio frequency (RF) spinal
cord stimulator (Fig. 5b). This system is similar to the first
except the battery that supplies the power is a recharge-
able, lithium ion battery that is placed outside the body;
and it includes one transmitter and one receiver. The
transmitter delivers radio waves through the skin to an
implanted receiver. The transmitter contains electronics
circuits, an antenna, and the battery. Electrical energy is
transmitted into the receiver by radio waves through the
skin. The receiver contains an antenna and electronics
circuits, which are contained in a small box. Electrodes are
connected to the leads, which are, in turn, connected to the
receiver. The RF system is advantageous if many leads or
a higher voltage is needed. A disadvantage of an RF spinal
cord stimulation system is that it requires an external
antenna and transmitter. Therefore, the RF system can-
not be used while showing, bathing, or swimming.

Intermediolateral
gray column

Lateral spinothalamic
tract 

Anterior corticospinal
motor pathway

Fasciculus gracilis

Fasciculus cuneatus

Substantia gelatinosa

Anterior spinothalamic
tract 

Figure 3. Major ascending and descending
tracts of the spinal cord.

Table 1. Conductivities of the Volume Conductor
Compartments

Compartment Conductivity (1/O m)

Gray matter 0.23
White matter 0.60 (longitudinal)

0.083 (transverse)
Cerebrospinal fluid 1.70
Epidural space 0.040
Dura mater 0.020
Vertebral bone 0.040
Surrounding layer 0.0020 (bipolar stimulation)

0.010 (monopolar stimulation)

Ultra low power
Electronics

Extension and
Leads

Electrodes

Figure 4. Schematic of SCS system.
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3.2. Selection of Stimulation Parameters

Four parameters in the SCS system can be adjusted for
the best results. They are frequency, pulse width, pulse
amplitude, and mode. The first purpose of adjusting the
parameters is to superimpose the stimulation pattern over
the patient’s pain pattern. The second purpose is to pro-
long battery life. Figure 6 shows the stimulation waveform
in SCS.

Amplitude is a measure of the strength of the stimula-
tion. It is measured in volts, and it can be set from 0V to
12V, depending on needs. Pulse width, measured in
microseconds (ms), is the duration of an electrical pulse.
The wider the electrical pulse width, the stronger the
sensation of paresthesia. The pulse width is set at about
210ms. Frequency is the number of times per second that
an electrical pulse is generated. The frequency in an SCS
system is typically set between 33Hz and 80Hz.

Typically, two stimulation modes can be selected. Con-
tinuous mode is the mode that switches ON the generator
all the time. This mode can help the patient become used
to sensation of stimulation. After the implantation of the
stimulator, cycling mode should be selected as soon as
possible to save power. The pattern of cycling mode is ON

for several minutes and OFF for several minutes (Fig. 7).

3.3. Leads and Electrodes

The leads are the portions of the SCS system that contact
the spinal cord. The leads are connected to the pulse
generator by extensions and contain electrodes. Leads
for SCS systems are available in a variety of different
styles and geometries. The number of electrodes ranges
from 2-electrode dipole configurations to 16-electrode sys-
tems. Figure 8 provides some examples of lead electrode
configurations. Each electrode can be set for positive,
negative, or off, allowing for multiple settings. The active
portion of the electrode, which provides stimulation, is the
cathode or negative pole. The two main types of leads are
the paddle and percutaneous styles. The percutaneous
leads are long, thin, and round, with the electrodes placed
inline. The paddle style leads are wider and may feature
the electrodes inline or in multicolumn patterns.

3.4. Implantation Procedure

The reason for the difference in the two styles of leads
mentioned above is the method of implantation. Percuta-
neous leads are inserted using a minimally invasive

(a) (b)

Figure 5. (a) Implantable pulse generator SCS system. (b) Ex-
ternal radio frequency SCS system.

T=1/ frequency

Amplitude

Pulse
Width

Figure 6. SCS waveform parameters.

Switch on Switch on Switch on

Switch
off

Switch
off

Time

Figure 7. Cycle pattern.

Figure 8. Examples of electrode types, from left: percutaneous
quadrapole, paddle inline quadrapole, paddle multicolumn octa-
pole, and paddle bipole.
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catheter technique into the epidural space. The process as
describe by Oakley (30) begins with patient prepped lying
prone on an operating table that is equipped for fluoro-
scopy imaging. The patient is administered a local anes-
thetic. The target location of the lead is identified
fluoroscopically and an incision is made 1 to 2 inches
caudal to this area. A Tuohy needle is inserted at a 451
angle, and the lead is guided through the needle, to the
epidural space. Fluoroscopy is used to position the lead in
the target location. Figure 2 depicts the location of the
lead in the epidural space.

Paddle leads are larger and require a more invasive
procedure. A laminectomy is performed to insert the
paddle lead into the epidural space. According to Oakley
(30), the operating setup is similar to that of the percuta-
neous insertion. However, a midline incision is made 5–
10 cm caudally to the target area. A subperiosteal dissec-
tion is performed and the superior spinous process is
exposed. The superior spinous process is removed and an
opening is cut into the ligamentum flavum. The lead is
placed into the epidural layer target location with the aid
of the fluoroscope. The lead is anchored to the dura with a
suture to prevent movement.

The task of lead implantation is performed in steps.
The first surgery is the implantation of temporary leads
for a trial period. Percutaneous leads are used in this
phase because they can be implanted with minimal inva-
siveness. The spinal level for implantation is selected
based on the area of the pain the patient is experiencing.
The patient is given local anesthetic while a lead or leads
are inserted into the epidural space at this level. The
position of the lead is adjusted based on feedback from the
patient and is finally placed at the location that results in
best coverage of pain. The position of the lead is not
restricted to longitudinal movement; its position can
vary in the mediolateral direction. If a patient’s pain is
greater on one side of the body, the lead can be placed off-
center to compensate for this asymmetry.

During the trial period, the effectiveness of the SCS
system is tested. Various stimulation patterns are tested
to discover which ones, if any, provide the patient pain
relief. If the system is effective, a plan will be developed for
permanent implantation. The choice of number of electro-
des is based on the size of the region of the patient’s pain.
Larger areas of pain require that more electrodes be used.
Studies (31,32) have also suggested that multichannel
devices are more effective than single-channel device.

The decision to implant paddle or percutaneous leads is
made based on several factors. If the subject has problems
during the trial period with migration of the lead or has
had migration problems with his/her permanent percuta-
neous leads, then paddle leads may be chosen. Another
reason that paddle leads may be selected is that amplitude
required to alleviate pain is less in these leads than the
percutaneous one, which is important in fully implantable
systems where battery life is a key consideration. Paddle
leads may also be used if epidural space has been damaged
by back surgery (30). Permanent percutaneous leads may
be chosen because the surgery is less invasive and the
positioning of the leads can be adjusted with feedback
from the patient for optimal pain coverage. A summary of
the advantages and disadvantages of various systems and
types of lead is given in Table 2.

4. FUTURE OF SCS

With its high success rate in the treatment of severe
angina pectoris, as well as pain relief for other pathologies,
SCS will continue to be a viable treatment option in the
decades to come. Still, a more comprehensive model for its
mechanism needs to be developed as well as a more
systematic set of criteria for patient selection. Likewise,
optimizing the dipole configuration of the electrodes will
improve the relief of painful sensations (16). Lastly, a ‘‘new
wave’’ for SCS may come in the form of cerebral stimula-
tion to limit comas or cerebral ischemia (1).
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1. INTRODUCTION

Stainless steel has been and continues to be among the
most widely used metals for implant applications. Along
with Co-Cr alloys, CP titanium and titanium alloys, and
expanding use of Ni-Ti alloy (Nitinol), implant-quality
austenitic steels find a variety of uses for implants. These
alloys are used for orthopedic, dental, and cardiovascular
applications.

Stainless steel finds its roots in research and develop-
ment efforts in Germany, France, England, and the United
States shortly after the turn of the twentieth century (1).
The development of stainless steel is generally credited to
two French metallurgists, Leon Guillet and Albert Porte-
vin, who published research on ferritic and martensitic
stainless steels. After this work, Guillet and the German
metallurgist, W. Geissen, published research on the devel-
opment of an austenitic stainless steel. Phillip Monartz, a
German metallurgist, is credited with first identifying the
role of carbon content and passivation on the ‘‘stainless’’ or
corrosion-resistant character of these iron-based alloys
having elevated chromium levels. It was not until the
1940s that precipitation hardenable stainless steels were
developed by U.S. Steel. During World War II, the short-
age of nickel, which is used to stabilize the austenitic
phase, resulted in the development of manganese-contain-
ing austenitic stainless steels with lower concentrations of
nickel.

Iron alloyed with a sufficient amount of chromium
remains stable in the equilibrium condition at room
temperature in the body-centered cubic (bcc) structure
because of the addition of chromium. As a result of the bcc
structure, these steels experience little increase in
strength and reduced ductility, as they are cold-worked.
They also have relatively low toughness, and lower notch
tensile strength as compared with the austenitic stainless
steels. Additionally, their corrosion resistance is directly
related to the Cr concentration. As a result, they have
found little use for implantable devices. Likewise, because
of their relatively low ductility or low corrosion resistance,
martensitic and precipitation hardened stainless steels
have found their primary use in the biomedical industry
as materials for instruments rather than implants.

Austenitic stainless steels along with Co-Cr and Ti
alloys find great use in implantable devices. It is highly
probable that Friedrich Hauptmeyer pioneered the first
use of austenitic stainless steel in the human body. In
1919, he constructed dental appliances of 418%Cr-8%Ni’
(304 stainless steel) finding them to be superior to the gold
alloys previously used for this application. It was not until
the mid-1920s that this same stainless steel was recog-
nized as a possible alloy for fracture fixation implants and,
in 1947, the American College of Surgeons made recom-

mendations on the use of a 19%Cr-9%Ni and an 18%Cr-
8%Ni-(2–4%) Mn stainless steel alloy.

Although 304 stainless steel continues to be used for
dental applications such as pre-formed crowns for tem-
porary and pediodontic applications, as well as for ortho-
dontic wires and brackets, the three most prevalent
stainless-steel alloys used for implant applications are
implant quality 316L [ASTM F138 (2) and F139 (3)],
22Cr-13Ni-5Mn-2.5Mo [ASTM F1314 (4)], and the newest
addition being a low Ni austenitic stainless steel [ASTM
F2229 (5)]. In addition to the wrought form covered by the
previously cited ASTM specifications, 316L stainless steel
is also used in the cast form as covered by ASTM F745 (6)
and for forgings covered by ASTM F621 (7).

As previously discussed, stainless steel with sufficient
amounts of chromium to achieve a level of corrosion
resistance acceptable for implants undergoes a phase
transformation to form ferrite as the temperature is
reduced to room temperature. In order to preclude this
transformation from occurring and retain the austenitic
face centered cubic (fcc) structure, certain alloying ele-
ments must be added. Among these are nickel, manga-
nese, or nitrogen.

By far the most widely used stainless-steel alloy used
for implant applications is wrought implant-quality 316L
stainless steel in compliance with ASTM F138 or ASTM
F139. This material has good strength and has little
tensile notch sensitivity. It also has good ductility, work
hardenability, fatigue properties, and is resistant to stress
corrosion cracking (SCC) in the body. General corrosion
resistance is very good under physiological conditions
because of the high chromium content and the addition
of molybdenum results in an increase in resistance to
pitting corrosion. Of greatest importance is the level of
biocompatibility of this alloy as shown by in vitro and in
vivo research as well as long-term use as an implant in the
human body.

With the desire to provide a stronger austenitic mate-
rial acceptable for certain implant applications came the
introduction of nitrogen strengthened austenitic stainless
steels. The material gaining widest use in the United
States was the alloy generically identified as 22-13-5
(22Cr-13Ni-5Mn, ASTM F1314). This material has an
increase in chromium, approximately the same amount
of nickel, increased manganese and approximately an
equal amount of molybdenum along with the addition of
nitrogen as compared with the composition of implant-
quality 316L stainless steel. As a result of the increased
chromium content, additional manganese has been added
to retain the austenitic phase at room temperature and
nitrogen was added to increase the strength and it also
assists in austenite stabilization. The work hardenability
of this alloy is significantly greater than 316L stainless
primarily because of the nitrogen content. However, as the
strength increases with the amount of work hardening,
the ductility decreases at a faster rate than 316L stainless
steel. Biocompatibility, corrosion resistance, fatigue prop-
erties, and resistance to SCC are all at least equal to 316L
stainless steel.

The third stainless-steel alloy that has only been
recently introduced for biomedical applications was devel-
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oped in an attempt to eliminate the concerns related to
possible nickel toxicity. The nickel concentration of this
alloy (ASTM F2229) is limited to 0.05%mass/mass. With
higher chromium content roughly equal to that of 22-13-5,
the manganese content and nitrogen content have been
raised significantly. The increase in nitrogen content also
increases the work hardenability making the tensile
strength of this material greater than that of even 22-
13-5 while maintaining equal or greater ductility. The
tensile notch sensitivity, corrosion resistance, corrosion
fatigue, and slow strain rate SCC are equal to or superior
to the other two austenitic stainless steels. However,
because of the increase in work hardening rate, machin-
ability of the material is decreased and requires machin-
ing techniques to remove the work-hardened surface
during each subsequent machining pass.

The primary in vivo mechanism of failure of these three
alloys is fatigue (8–10). Fatigue of the implant occurs
because of patient loading and it is always a race between
bone healing and fatigue of the fixation device (internal
splint). As crack initiation and propagation is because of
cyclical loading above the endurance limit and because a
variable load spectrum fatigue fracture is not always
predictable. Crack initiation for each of these alloys occurs
during Stage I fatigue. For both 316L and 22-13-5 stain-
less steel, Stage II crack propagation, which may be high
or low cycle or a combination of both, results in a surface
morphology of classical fatigue striations. In some cases
where devices are not supported, final fracture may occur
because of ductile overload (Stage III fatigue).

As a result of the very high nitrogen content of this
third implant quality austenitic stainless steel (ASTM
F2229), Stage II crack propagation may occur with a
fracture surface appearance of a mixed morphology.
Although fatigue striations generally comprise the mor-
phology of most of the fracture surface, areas of cleavage-
type fracture exist. This fracture mechanism only pre-
sents itself in the other two austenitic stainless-steel
alloys at very low temperatures (liquid nitrogen) and at
rapid strain rates. The presence of cleavage planes in the
low-nickel, high-nitrogen stainless steel appears to be a
function of the amount of work hardening either during
manufacturing or repeated load application during use,
the strain rate, and the grain orientation as it relates to
the direction and amount of the applied stress.

2. EFFECTS OF COMPOSITION

The required compositions for these three implant quality
alloys are given in Table 1. One of the notable and often
unrecognized differences in these implant alloys is that
the composition values as cited within the ASTM F04
specifications may be substantially different than the
material with the same UNS or generic designation. These
differences in composition may substantially alter proper-
ties including corrosion and biocompatibility, microstruc-
ture, and mechanical properties. A classic example of this
difference occurs with implant-quality 316L stainless steel
as governed by ASTM F138 as compared with the generic
alloy (316L) governed by UNS S31603 (11). The implant T
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quality material has higher minimum requirements for
Cr, Ni, and Mo while lowering the maximum limits on Si,
S, and P. These changes alter the corrosion and biocom-
patibility performance and account for changes in re-
quired microstructure, which affects mechanical
properties. As an example of these changes, the increase
in molybdenum content results in an increase in resis-
tance to pitting corrosion, and decreases in levels of
sulphur and silicon reduce the concentration of nonme-
tallic inclusions, which may act as stress concentrators
that may reduce mechanical properties.

For the two nitrogen-strengthened alloys, which both
have increased levels of chromium rather than stabiliza-
tion of austenite by increased addition of nickel, manga-
nese and nitrogen levels have been increased. In the case
of the alloy covered by ASTM F1314 (22Cr-12.5Ni-5Mn-
2.5Mo), the nickel concentration is lower than that of 316L
and the manganese and nitrogen concentrations are
higher. For the alloy covered by ASTM F2229 (22Mn-
21Cr-1Mo), the nickel has been virtually eliminated, and
the manganese and nitrogen have been increased signifi-
cantly (Table 1).

3. EFFECTS OF MICROSTRUCTURE

All of these stainless-steel alloys have a single-phase
equiaxed austenitic microstructure in the annealed con-
dition as seen in Fig. 1a. Upon cold working, these alloys
are significantly strengthened and develop twinning. The
grain structure may be revealed using an electrolytic etch
such as HNO3 in distilled water at 1.1V for 30 s, which
reveals grain boundaries but not twins. This flat etch

allows accurate reading of grain size (Fig. 1b). Twinning
may be revealed using an etchant such as FeCl2 in HCl
and HNO3 (Fig. 1c). In addition to the requirements of a
single-phased equiaxed microstructure free of grain
boundary precipitates, the presence of secondary phases
and concentration of inclusions is closely controlled. As a
result of the phase transformation to the bcc structure as
well as problems of sensitization, which reduces corrosion
resistance because of decomposition and diffusion of chro-
mium away from the surface, these alloys cannot be heat-
treated to sufficiently high temperatures and cooled under
nonequilibrium conditions to change their microstucture.

In addition to microstructural requirements for grain
structure, additional requirements for inclusion content
and secondary phases exist. The presence of silicate,
oxide, alumina, and sulphide-type inclusions is held to
low values requiring vacuum arc re-melting (VAR) or
electro-slag re-melting (ESR) of the ingots from each
heat of the alloy. Figure 2 shows examples of inclusion
in 22-13-5. The values for inclusion content for each of the
alloys, as derived from the appropriate ASTM document,
are given in Table 2. In addition to inclusions, the presence
of d-ferrite (Fig. 3), s, and w phases are prohibited when
samples are viewed at 100x magnification. These phases
can lead to problems with corrosion and embrittlement if
found in the microstructure above this limit.

4. MECHANICAL PROPERTIES

The mechanical property minimums for the three im-
plant-quality stainless-steel alloys are appropriately given
by their corresponding ASTM specifications. These ASTM

Figure 1. (a) Grain structure of annealed
316L stainless steel (ASTM F138). (b) Grain
structure of cold-worked 23Mn-21Cr-1.0Mo
low-nickel nitrogen-strengthened stainless
steel using flat etch. (c) Grain structure of
cold-worked 23Mn-21Cr-1.0Mo low-nickel ni-
trogen-strengthened stainless steel showing
twinning (Nomarsky Phase Contrast).
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mechanical property requirements are given in Table 3,
and additional mechanical property information is given
in Table 4. As discussed previously, the mechanical prop-
erties of these three stainless-steel alloys are altered by
cold working. As anticipated, as the yield and tensile
strength increase with cold working, ductility (% elonga-
tion and reduction of area) decreases. Additionally, in-
creasing the amount of cold work increases the hardness
of the alloys but at different rates. As an example, the
increase in strength of 316L as compared with the high
nitrogen alloys is significantly less at the same percentage
of cold working, which is especially true for the low-nickel
alloy (ASTM F2229). Not only does the rate of cold work-
ing affect the mechanical properties of the material, but
any machining operations with mechanical removal of
material must be modified because the hardness of the
surface material increases as machine processes proceed.

Although single-cycle mechanical properties of these
alloys are important for reasons such as contouring of
plates by surgeons, resistance to permanent deformation
of plates during patient loading, torquing of screws during
insertion, and so on, mechanical failure of implants is
nearly always because of fatigue (12–14), which is primar-
ily high cycle in nature. Over the past several years,
interest in examining the fatigue properties of the im-
plant-quality stainless steels has been renewed. This
interest has been primarily brought about because of the
low-nickel, high-nitrogen stainless steel. Research has
determined that a difference in the fatigue of these alloys
exists when comparisons are made between any of the
alloys in distilled de-ionized water and Ringer’s solution at
371C, as well as between the alloys themselves (15). Major
differences occur in the presence of a stress concentrator.

Although these alloys are not considered to be notch-
sensitive under tension, they have been found to be
notch-sensitive in fatigue (16). As these alloys find their
primary use as the material for fusion and fracture
fixation devices, the presence of stress concentrators in
areas such as screw holes and thread roots of screws is
inevitable. Examples of the S/N curves generated for these
alloys are seen in Fig. 4. Crack propagation morphology of
each of the alloys is seen in the scanning electron micro-
scope (SEM) photographs (Figs. 5a–c). The difference in
the morphology in certain areas of the low-nickel alloy
where fluting and terracing occurs in addition to striations

Table 2. Maximum Inclusion Values for ASTM Implant
Quality Stainless Steels

Inclusion Type and Rating (Thin/Heavy)
Alloy and ASTM

Designation
A

(Sulfide)
B

(Alumina) C (Silica)
D (Globular

Oxide)

18Cr-14Ni-
2.5Mo (F138/
139/1350)

1.5/1.0 1.5/1.0 1.5/1.0 1.5/1.0

22Cr-13Ni-5Mn
(F1314)

1.5/1.5 2.5/1.5 2.5/1.5 2.5/1.5

21Cr-10 Ni-3Mn-
2.5 Mo (1586)

1.5/1.5 2.0/1.5 2.0/1.5 2.5/1.5

23Mn-21Cr-1Mo
(F2229)

1.5/1.5 2.5/1.5 2.5/1.5 2.5/1.5

Figure 3. Delta ferrite in 316L stainless steel.

Table 3. Minimum ASTM Mechanical Property Requirements*

UTS (MPa) YS (MPa) El (%) ROA (%) E Hardness Annealed

Alloy and ASTM Specifications ASTM Requirements Representative Values

18Cr-14Ni-2.5Mo (F138/139/1350) 490–1350 190–690 12–40 57–88 88 HRB
18Cr-12.5Ni-2.5Mo ( F745) 690–1035 380–862 12–35 12–65 96 HRB
22Cr-13Ni-5Mn ( F1314) 740–1100 430–1000 10–35 — 96 HRB
21Cr-10 Ni-3Mn-2.5 Mo (1586) 827–1379 517–1241 12–30 40–50 —
23Mn-21Cr-1Mo (F2229) 827–1379 517–1241 12–30 40–50

*Minimum requirements depend on metallurgical condition.

Figure 2. Inclusions in nitrogen-strengthened 22Cr-13Ni-5Mn
stainless steel.
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typically seen during fatigue of austenitic stainless steels
is because of the high work-hardening rates.

Over the years, there have been suggestions that
fracture of implant-quality 316L stainless steel may occur
because of stress corrosion cracking (SCC). As seen in
Table 5, research in the area of slow strain rate stress
corrosion cracking of both smooth and notched samples of
these alloys in Ringers solution and de-ionized at 371C has
shown increased susceptibility to stress corrosion cracking
as a function of stress concentration but not of this
particular solution (17). This study also determined that
little difference exists in the slow strain rate stress corro-
sion cracking of these alloys in de-ionized distilled water
and Ringers solution at 371C when no stress concentrator
is present. This research is supported by previous studies
in the same area by other investigators (18–20). Other
investigators have suggested that SCC may occur in vivo
at temperatures well below the generally accepted thresh-
old for these alloys in chloride solutions of 601C because of
the complexity of the in vivo environment (21).

Examination of the fracture surfaces after SCC for each
of these alloys shows a morphology in some areas that is
similar to that seen in fatigue (Fig. 6). As a result of these

similarities, fatigue may be mistaken for stress corrosion
cracking (22). Implant retrieval studies have shown that
the vast majority of fractures of these alloys are because of
fatigue, which is primarily high cycle in nature (23–25).
Additionally, it is well documented that approximately 80–
90% (26) of the high-cycle fatigue life occurs during the
initiation of the crack (Stage I) and that the striation
spacing during the crack propagation stage (II) is on the
order of 1 mm or less (27). Although no evidence exists in
retrieved implants of crack propagation because of stress
corrosion cracking, as the crack propagation phase (Stage
II fatigue) is less than 20% of the fatigue life, crack
propagation because of in vivo stress corrosion, even if it
should occur, would not be a significant factor in the
failure. Additionally, there have been suggestions that
failure may be exacerbated because of stress corrosion
cracking.

5. CORROSION AND BIOCOMPATIBILITY

As previously discussed, these alloys have been designed
with specific properties in mind. In addition to require-
ments for mechanical properties, one of the major require-

Table 4. Smooth and Notch Mechanical Testing Results (n¼5)

Alloy and ASTM Specification
18Cr-14Ni-2.5Mo (F138/

139/1350) 22Cr-13Ni-5Mn (F1314) 23Mn-21Cr-1Mo (F2229)

Elastic Modulus (GPa)* 18873 16775 18672
UTS1 (MPa) 134477 101470 1351713
0.2% YS2 (MPa) 1179721 79377 1082713
% ROA3 6870 7170 6071
% Elongation 3571 2571 1971
NTS4 (MPa) (Kt¼3.2) 2255741 145577 2206741
NTS/0.2% YS Ratio 1.91 1.83 2.04
NTS/UTS Ratio 1.68 1.43 1.63

*Elastic Modulus Determined by Tensile Testing (selastic/eelastic).
1UTS¼ultimate tensile strength.
2YS¼0.2% yield strength.
3ROA¼ reduction of area.
4NTS¼notch tensile strength.
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Figure 4. S/N curves for smooth and notched
fatigue of 316L, 22Cr-13Ni-5Mn nitrogen-
strengthened, and 23Mn-21Cr-1.0Mo low-
nickel nitrogen-strengthened stainless steels
in ringers solution (ASTM F1801).
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ments for all of these alloys is that they have acceptable
corrosion resistance in the human body, which ultimately
effects biocompatibility. Not only has a significant amount
of laboratory and clinical research related to biocompat-
ibility been performed on these alloys, but with the excep-
tion of the low-nickel alloy, they have had decades of
successful use as an implant material. However, reports
of biological sensitivity by some people from the implanta-
tion of 316L stainless steel still remain, especially with
compositions lower in Cr and Mo than is currently re-
quired (28–31). Examples of anodic polarization plots of
potential versus current density for the three alloys in de-
aerated Ringers solution at 371C are given in Fig. 7, and
results for Icorr, Ecorr, Epass, and Epit are given in Table 6.

In addition to generalized corrosion, research has
shown that both galvanic corrosion currents and poten-

Table 5. SCC Results for Smooth and Notched Samples (n¼3)

Smooth SCC Samples Notched SCC Samples (Kt¼3.2)

Alloy Composition and
ASTM Specification Solution ROA1 (%) Elongation (%) PER2 ROAR3 ROA (%)

(%) Notch
Elongation PER ROAR

18Cr-14Ni-2.5Mo (F138/
139)

DI4 56.872.2 26.370.4 1.01 1.02 16.271.5 43.975.5 0.92 0.95

Ringer’s 58.071.1 26.570.5 15.471.7 40.371.9
22Cr-13Ni-5Mn (ASTM

F1314)
DI4 71.571.7 18.570.6 1.00 1.00 34.671.3 68.872.1 0.95 1.03

Ringer’s 71.371.4 18.570.2 35.670.2 65.779.2
23Mn-21Cr-1Mo (F2229) DI4 55.870.8 14.070.2 0.97 1.00 13.170.0 26.171.8 0.94 0.98

Ringer’s 55.971.8 13.670.5 12.870.3 24.570.9

1ROA¼ reduction of area,
2PER¼percentage elongation ratio,
3ROAR¼ reduction of area ratio,
4DI¼distilled/de-ionized water.

Figure 5. (a) Fatigue fracture surface of 316L
stainless steel. (b) Fatigue fracture surface of
22Cr-13Ni-5Mn nitrogen-strengthened stain-
less steel. (c) Fatigue fracture surface of
23Mn-21Cr-1.0Mo low-nickel nitrogen-
strengthened stainless steel.

Figure 6. SCC-type striations in 23Mn-21Cr-1.0Mo low-nickel
nitrogen-strengthened stainless steel.
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tials between these three alloys as evaluated in de-aerated
Ringers solution at 371C is insufficient to cause significant
galvanic corrosion should there be mixing of these alloys
(Fig. 8). However, because an appreciable difference in
composition exists, along with differences in mechanical
properties as a function of condition, fretting corrosion
between components may occur, significantly increasing
corrosion and release of metals into surrounding tissues
(32).

6. SUMMARY

As a result of the properties of these three implantable
stainless-steel alloys, they have found application as the
material for a variety of implants but their use for
orthopedic fracture fixation as well as a number of dental
applications has been and continues to be the most pre-
valent. The biocompatibility, strength, ductility, and work
hardenability have made them ideally suited for these
applications, especially for fracture fixation. As a result of
their lower hardness and wear characteristics as com-
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Table 6. Values of Ecorr, Icorr, Epass, and Epit (Fig. 6)

Alloy and ASTM Specification Ecorr (mV) Icorr (A/cm
2) Epass (mV @ A/cm2) Epit (mV @ A/cm2)

18Cr-14Ni-2.5Mo (F138/139/1350) �237.3 6.07E-08 �184@1.31E-07 254@5.56E-07
23Mn-21Cr-1Mo (F2229) �366.5 5.35E-08 �133@2.73E-07 99.8@2.58E-07
22Cr-13Ni-5Mn (F1314) �220.8 �7.71E-08 �5.5@4.05E-07 10.90@1.55E-07
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pared with the Co-Cr alloys, and properties of titanium
and its implant alloys such as osseo-integration and
reduced MRI artifact, they have not found recent wide-
spread use for joint replacements such as hips and knees
or spinal devices where the use of MRI could be compro-
mised. The alternative to the austenitic stainless-steel
alloys for fracture fixation is titanium and its alloys.
However, the wide range of attainable properties, the
fact that fixation devices are not designed to be replace-
ments for bone, and lower cost to the patient, has resulted
in the widespread use of these alloys for the applications
previously delineated.
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1. INTRODUCTION

Many time-varying physical phenomena that occur in
nature can be analyzed using system theory. The phenom-
enon under study can be thought of as a system that
performs some operations on known input quantities to
produce certain output quantities that are observed. In
general, the mathematical model for the system is given
by a differential equation that relates the input time-
varying quantity (or signal) u(t) to the output y(t). In
addition, it is often useful to model the internal dynamics
of the system by the state signal x(t):

.
xðtÞ¼ f ðxðtÞ;uðtÞ; tÞ;

yðtÞ¼ gðxðtÞ; tÞ; with xðt0Þ ¼ x0;
ð1Þ

where
.
xðtÞ¼def dxðtÞ

dt denotes the derivative of x(t) with
respect to time and f is a continuously differentiable
function of its arguments. The state x(t) is also said to
describe the ‘‘evolution’’ of the system under considera-
tion. The initial condition x(t0)¼ x0 determines the start-
ing value of the state of the system at time t0 when the
input, also known as the control signal, u(t) is applied. In
general, the signals u(t), x(t), and y(t) can be vectors in
Euclidean space Rm, Rp, and Rn, respectively.

The above differential equation is referred to as the
state-space description of the system. If the functions f and
g do not depend on time t, then the system is said to be
time-invariant. If, in addition, f and g are linear functions,
then the system is said to be linear-time-invariant, or
simply LTI. In the general case where the signals are
vector-valued, such systems can be represented with the
following system of ordinary differential equations

.
xðtÞ¼AxðtÞþBuðtÞ;

yðtÞ¼CxðtÞþDuðtÞ; with xðt0Þ¼ x0;
ð2Þ

where A, B, C, and D are matrices of appropriate dimen-
sion. The theory of LTI systems is very well understood
and is the fundamental modeling tool in numerous
branches of physics and engineering. As it turns out,
physical phenomena can often be very accurately approxi-
mated by such simple input-output relationships.

This article is organized as follows: The next section
presents two examples of phenomena that can be either
exactly or approximately modeled as LTI. The following
section 3 deals with the general theory of LTI state-space
models and the form of the solution of ordinary differential
equations that they represent. Then, the transfer-function
description of LTI systems is introduced along with the

different (equivalent) canonical state-space forms that can
be obtained from such a description. Finally, some key
applications of state-space methods in biomedical engi-
neering are singled out. The reference list at the end of the
article provides a starting point for a much more in-depth
study of the concepts presented in this overview.

A note about notations: xT will be used to denote the
transpose of a vector x, diag(x1,x2,y,xn) will be used to
denote the diagonal matrix having the arguments as the
entries along the diagonal in the order given. Capital
letters will be used to denote matrices. In most of the
article, the integers p, m, and n will be used to denote the
dimension of the Euclidean space that the state, input,
and output vectors lie in, respectively.

2. EXAMPLES OF DYNAMICAL SYSTEMS

2.1. An Electrical Circuit

Figure 1 below depicts an RLC (resistor-inductor-capaci-
tor) circuit. Let x1(t) be the voltage across the capacitor
and x2 (t) be the current through the inductor. These two
signals play the role of the state of the electrical system.
The input signal u(t) represents the voltage supply. By
Kirchoff ’s current law, the following relationship between
the two quantities holds:

x2ðtÞ¼C
.
x1ðtÞþ

1

R
x1ðtÞ;

and from Kirchoff ’s Voltage Law, the following is true:

x1ðtÞþL
.
x2ðtÞ¼uðtÞ;

where C is the capacitance, L is the inductance, and R the
resistance of the circuit elements. These two ordinary
differential equations can be expressed in state-space
form as

.
xðtÞ¼

�
1

RC

1

C

�
1

L
0

2

6

6

4

3

7

7

5

xðtÞþ

0

1

L

2

4

3

5uðtÞ;

where xðtÞ¼ ½x1ðtÞ; x2ðtÞ�
T ;

.
xðtÞ¼ ½

.
x1ðtÞ;

.
x2ðtÞ�

T and u(t) is a
scalar.

x1 (t)

x2 (t)

u (t)

L

R

C

Figure 1. An RLC circuit.
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2.2. Magnetically Suspended Ball

Consider the following example: A metallic ball is sus-
pended in the air by an electromagnet created by winding
current-carrying copper wire around an iron core. The
input u(t) is the current applied to the electromagnet and
the output y(t) is the distance between the center of the
ball and some reference height. The force caused by
current is pointing upward and is roughly proportional
to u(t)2/y(t)2 . The weight of the ball is the force pointing
downward and is equal to mg, where m is the mass of the
ball and g is the acceleration because of gravity. Thus, the
net force on the ball is

ma¼mÿðtÞ¼mg� c
uðtÞ2

yðtÞ2
;

where c is a constant depending on the physical properties
of the ball and electromagnet. Here, ÿðtÞ denotes the
second derivative of y(t) with respect to time and it
represents the acceleration of the ball. This input-output
model can be converted to the (nonlinear) state-space form
by letting x1(t)¼ y(t) and x2ðtÞ¼

.
yðtÞ. Hence, one obtains

the pair of coupled nonlinear differential equations

.
x1ðtÞ¼ x2;

.
x2ðtÞ¼ g�

c

m

uðtÞ2

x1ðtÞ
2
:

Thus, this system fits the description given in Equation 1
with f1¼ 0, f2¼g� c

m
uðtÞ2

x1ðtÞ
2 and f¼ [f1 f2]

T. It is often desir-
able to linearize such a nonlinear dynamical system
around its equilibrium point i.e., a point (x1, x2)¼ (xe1,
xe2) in its state space such that f(xe1, xe2, ue)¼ 0 for some
applied value of the input u¼ue. In the above example,
the equilibrium point, as a function of ue, is (

ffiffiffiffiffi

c
mg

q

ue; 0Þ.
The above nonlinear dynamical system can then be ap-
proximated by the following LTI system, which models
excursions of the state and input variables around this
point:

d .xðtÞ¼
0 1

a 0

" #

dxðtÞþ
0

b

" #

duðtÞ;

where

a¼ 2
c

m

u2
e

x3e1
; b¼ � 2

c

m

ue

x2e1
:

This linear approximation can be obtained by retaining
only the first-order terms in the Taylor expansion of f,
evaluated at the equilibrium point. Although it is only an
approximation, this LTI system reasonably resembles the
original nonlinear system as long as dx and du remain
small.

3. SOLUTIONS OF LTI STATE EQUATIONS

In equation 2, the state is implicitly expressed through a
system of ordinary differential equations (ODEs). To find
an explicit expression for evolution of the state with time,
one must solve the given system of equations for the state
signal x(t). By the theory of ODEs, such a solution exists
and is unique.

Suppose the that the time instant when the input
(control) signal u(t) is applied is t¼ 0 and that x(0)¼ x0.
Then the solution to equation 2 is given by

xðtÞ¼fðtÞx0þ
Z

t

0

fðt� tÞBuðtÞdt;

where the state transition matrix f(t) is defined as

fðtÞ¼ eAt
def

X

1

k¼ 0

tk

k!
Ak; withfð0Þ¼ I;

and it represents the evolution of the state of the system in
absence of any input signal.

3.1. Change of Variables

It is often convenient to express the LTI state-space
equations in an equivalent form from which the state
transition matrix is more readily computed. If x(t) isARp

and P is any p � p nonsingular (invertible) matrix, then
the following state-space equations are equivalent to
Equation 2 in the sense that identical inputs u(t) yield
identical outputs y(t) in both systems:

.
�xðtÞ¼ �A �xðtÞþ B̂ðuÞðtÞ;

yðtÞ¼ �C �xðtÞþ �DuðtÞ; with �xðt0Þ¼Px0;

where �xðtÞ¼PxðtÞ and �A¼PAP�1, �B¼PB, �C¼CP�1, and
�D¼D. In particular, if A has distinct eigenvalues l1,
l2,y,lp and P¼M�1, where M is the matrix whose
columns are the eigenvectors of A, then A is a diagonal
matrix given by

�A¼PAP�1¼L;

where L def
diagðl1; l2; . . . ; lpÞ. The state transition matrix

is then particularly simple to compute:

dðtÞ¼M �fðtÞM�1;

where

�fðtÞ¼ eLt¼diagðel1t; el2t; . . . ; elptÞ:
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4. TRANSFER FUNCTIONS AND CANONICAL FORMS

In the previous section, it was observed that there are
many possible state-space representations of a given LTI
dynamical system that are equivalent from an input-out-
put point of view. In this section, it is shown how to obtain
some of the most common realizations.

To this end, the notion of a transfer function of a given
system is introduced. Consider the LTI system described
by the following ODE:

2yðtÞ þa2ÿðtÞþa1
.
yðtÞþa0yðtÞ¼ b2üðtÞþ b1

.
uðtÞþ b0uðtÞ;

ð3Þ

where {ai, bi} are arbitrary real numbers. Let Y(s) andU(s)
denote the Laplace transforms of y(t) and u(t).1 Then, the
transfer function of the above LTI system is obtained by
taking the Laplace transform of both sides of the above
ODE:

GðsÞ¼
YðsÞ

UðsÞ
¼

BðsÞ

AðsÞ
¼

b2s
2þ b1sþ b0

s3þa2s2þa1sþa0
; ð4Þ

where zero initial conditions have been assumed.
For an LTI system given in the state-space form of

Equation 2, one can always use the following formula to
determine the transfer function:

GðsÞ¼CðsI � AÞ�1BþD:

If the input u(t)ARmand y(t)ARn, this transfer function is
an n � m matrix, with one output transfer function for
each input component. The transfer function is a rational
matrix function in s and is said to be strictly proper if the
degree of each of the numerator polynomials is strictly less
than the degree of the corresponding denominator poly-
nomials. If the degree of one of the numerators is equal to
the degree of the corresponding denominator (but does not
exceed it), the transfer function is said to be proper. The
next three subsections show how to obtain different, but
equivalent, state-space models given a transfer function of
an LTI system.

4.1. Controllable Canonical Form

To determine the state-space model that corresponds to
the ODE Equation 4, first set the numerator B(s)¼ 1,
which results in the model

2wðtÞþa2ẅðtÞþa1
.
wðtÞþa0wðtÞ¼uðtÞ:

Now, associating the state variables with each of the

derivatives of w(t) above, one obtains

x1ðtÞ¼wðtÞ;
.
x1ðtÞ¼ x2ðtÞ;

x2ðtÞ¼
.
wðtÞ;

.
x2ðtÞ¼ x3ðtÞ;

x3ðtÞ¼
2wðtÞ;

.
x3ðtÞ¼ � a2x3ðtÞ � a1x2ðtÞ � a0x1ðtÞþuðtÞ;

and y(t)¼ b0x1(t)þ b1x2(t)þ b2x3(t). Thus, the state-space
model is given by

.
xðtÞ¼

0 1 0

0 0 1

�a0 �a1 �a2

2

6

6

6

6

6

4

3

7

7

7

7

7

5

xðtÞþ

0

0

1

2

6

6

6

6

6

4

3

7

7

7

7

7

5

uðtÞ; ð5Þ

yðtÞ¼ b0 b1 b2
� �

xðtÞþ ½0�uðtÞ;

and it is referred to as the controllable canonical form. In
general, any LTI system C given by Equation 2 can be
expressed in this form as long as its controllability matrix
is full rank. The p � (pm) controllability matrix C, corre-
sponding to the system given in Equation 2, is defined as

C
def

B AB . . . Ap�1B
� �

;

where p is the dimensionality of the state-space (state
vector x(t)) and m is the dimensionality of the input signal
u(t). Thus, if rank(c)¼p and if {q1, q2, y, qp} denotes any
set of p linearly independent columns of O, one can use the
change of variable (see above 3.1),

P�1¼ ½ q1 q2 . . . qp�

in order to convert the system Equation 2 to controllable
canonical form. Any system that can be written in this
form is said to be controllable in the sense that it is
possible to find an input control signal u(t) to steer the
state of the system x(t) from any initial condition to any
other point in the state-space.

4.2. Observable Canonical Form

Another common state-space form can be obtained by
manipulating the transfer function Equation 4 to get

ðs3þa2sþa1sþa0ÞYðsÞ¼ ðb0þ b1sþ b2s
2ÞUðsÞ;

and then dividing through by s3 to obtain

1þ
a2

s
þ

a1

s2
þ

a0

s3

� �

YðsÞ¼
b0
s3
þ

b1
s2
þ

b2
s

� �

UðsÞ:

Finally, the output can be expressed as a sum of three

1The Laplace transform X(s) of signal x(t) is defined by
XðsÞ¼

R1

0 e�stxðtÞdt, where s¼sþ jo is the complex frequency
variable with s, o 2 R and j

def ffiffiffiffiffiffiffi

�1
p

. From this definition, it
follows that the Laplace transform of

.
xðtÞ is sX(s)� x(0).
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terms:

YðsÞ ¼
1

s3
ðb0UðsÞ � a0YðsÞÞ þ

1

s2
ðb1UðsÞ

� a1YðsÞÞ þ
1

s
ðb2UðsÞ � a2YðsÞÞ

:

Division by s in the Laplace domain is equivalent to
integration in the time domain. Thus, each of the terms
above can be interpreted as outputs of time-domain inte-
grators. Associating the outputs of these integrators with
the state-space variables, one obtains the following set of
equations:

.
xðtÞ¼

�a2 1 0

�a1 0 1

�a0 0 0

2
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xðtÞþ

b2

b1

b0
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uðtÞ; ð6Þ

yðtÞ¼ 1 0 0
� �

xðtÞþ ½0�uðtÞ:

In general, any LTI system given by Equation 2 can be
expressed in this form as long as its observability matrix is
full rank. The (np) � p observability matrix O, corre-
sponding to the system given in Equation 2, is defined as

O def

C

CA

..

.

CAp�1

2

6

6

6

6

6

4

3

7

7

7

7

7

5

;

where p is the dimensionality of the state-space (state
vector x(t)) and n is the dimensionality of the output signal
y(t). Thus, if rank(O)¼p and if {v1, v2, y, vp} denotes any
set of p linearly independent rows of O, one can use the
change of variable (see above),

P¼

v1

v2

..

.

vp
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6
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6
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7

7

7

7

7
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in order to convert the system given by Equation 2 to
observable canonical form. Any system that can be written
in this form is said to be observable in the sense that it is
possible to determine the state x(t) using only the input-
output information {u(t), y(t)}.

4.3. Parallel (Modal) Canonical Form

Another canonical form that is particularly simple to
analyze is obtained from transfer functions that can be

expressed in the following way:

GðsÞ¼
BðsÞ

AðsÞ
¼dþ

X

p

i¼ 1

ki
s� vi

;

where fvig
p
i¼ 1 are referred to as the poles of G and are

simply the roots of the polynomial A(s). Such a partial
fraction expansion is possible when the poles are all
distinct. This characterization leads to a set of parallel
or decoupled ordinary differential equations given by the
following state-space form:

.
xðtÞ¼

v1 0 . . . 0

0 v2 . . . 0

..

.

0 0 . . . vp
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uðtÞ; ð7Þ

yðtÞ¼ 1 1 . . . 1
� �

xðtÞþ ½d�uðtÞ:

4.4. Proper Transfer Functions

In this section, the focus has been on strictly proper
transfer functions, and in particular, the example given
in Equation 3 has been used throughout. However, if the
transfer function is only proper, as defined in the intro-
duction to this section, then the state-space realization
can still be obtained, provided that the following decom-
position is used:

GðsÞ¼ ~GðsÞþGð1Þ;

where ~G denotes the strictly proper part of G(s) and G(N)
is some constant. In other words, if the transfer function is
only proper but not strictly proper, there will be a direct
effect of the input of the system on the output. Conse-
quently, the matrix multiplying u(t) in given in Equations
5–7 will be non-zero. Hence, the matrices A, B, and C in
the final form Equation 2 will be determined by the
strictly proper part of G(s), namely ~GðsÞ, and the matrix
D will be determined by G(N).

5. BIOMEDICAL ENGINEERING APPLICATIONS

Recently, state-space methods have become more attrac-
tive in modeling dynamic behavior of biomedical systems.
The main driving force behind this fact are the break-
through developments in unifying algorithms developed
for signal processing, controls, and dynamic systems,
aided by the signicantly increased capabilities of modern
computers. For instance, state-space methods have been
proposed to estimate and control the blood glucose level in
patients suffering from diabetes in Ref. 1. In general,
various body fluids’ given in dynamics can be estimated
and consequently controlled by modeling the organs in-
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volved in their processing as linear systems having trans-
fer function and state-space representations, as in Ref. 2.
Successful identiation procedures using state-space mod-
els have been used for a number of biomedical engineering
applications such as in the context of estimation of in-
trinsic and reflex contributions to muscle dynamics Ref. 3,
estimation of cardiovascular dynamics from multiple per-
ipheral circulatory signals 4, and in determining polarity
of planar cells in Ref. 5. A more general treatment of
modeling nonlinear phenomena in biomedical engineering
can be found in Ref. 6. These examples form only a small
but representative sample of a long list of applications of
state-space methods in the biomedical field.

In conclusion, descriptions of dynamical systems given
by Equations 1 and 2 provide a general mathematical
framework for studying complex behavior of biomedical
systems. Once the system is satisfactorily represented by
its state-space model, a wide variety of methods such as
adaptive and optimal control, adaptive filter theory, and
Kalman estimation can be applied.
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1. INTRODUCTION

Vascular stenosis is defined as a narrowing or constriction
to the body or opening of a vessel conduit. The practical
significance of vascular stenosis is a reduction in blood
flow to a target organ or tissue. Additionally, stenosis will
often be accompanied with biomechanical changes to the
surrounding vascular area and tissues; for example,
stenosis will influence local blood flow velocity, shear
stress, pressure, and macroscopic vascular remodeling.
With respect to vascular remodeling, the vessel may in-
crease or decrease in size or both, that is, exhibit regional
differences in size and function in response to injury and
mechanical flow. Additionally, intrinsic and extrinsic vas-
cular mechanical stresses may be an initiator for the de-
velopment of stenosis, by adversely influencing
endothelial cell integrity and by providing cellular feed-
back to promote subsequent tissue inflammation.

Vascular stenosis is likely to be the result of athero-
sclerosis. Atherosclerosis comes from the Greek words at-
hero (meaning gruel or paste) and sclerosis (hardness).
The pathological process of atherosclerosis entails a pla-
que on the inner vessel wall. The plaque is made up of
fatty deposits, cholesterol, cellular waste products, and
calcium. Atherosclerosis plaques can grow large enough to
significantly reduce blood flow (Fig. 1). Atherosclerosis can
cause hardening of the artery because of a combination of
increased calcification of the vessel or a loss of elastin.
Vascular hardening has obvious effects on vessel compli-
ance; that is, the ability of a vessel to expand and contract
in response to pulsatile blood pressure.

Development of atherosclerosis can be associated with
atherothrombosis, causing progressive stenosis of the ves-
sel. Atherothrombosis is distinct from stenosis caused by
the atherosclerosis plaque itself; that is, atherothrombosis
is additive to the plaque, in the sense that a blood clot
forms on the surface of plaque causing further narrowing
of the vessel, which occurs when the localized atheroscle-
rotic plaque becomes fragile and the cap of the plaque
ruptures. Recent biochemical and imaging studies have
identified characteristics that may reflect a high risk of
vulnerability for the plaque, such as outward plaques,
abluminal plaque remodeling, the presence of intraplaque
hemorrhage, inflammation, severe flow disturbances
around the encroaching lesion, plaque cap thinning and
ulceration, and abnormal plaque motion (1).

Thrombosis is the formation or presence of a thrombus
(blood clot) that is the aggregation of blood factors, pri-

marily platelets and fibrin with entrapment of cellular el-
ements, frequently causing a form of vascular obstruction.
Platelets are sticky blood cells and adhere to connective
tissue and, hence, play a significant role in vascular ob-
struction. Through localized formation of thrombus or dis-
lodgement and subsequent transport of the emboli (clot)
into the circulation, clinical problems can develop such as
stroke, heart attack (myocardial coronary infarction), and
pulmonary obstruction.

It is generally recognized that clinical atherosclerotic
plaque is frequently located near the site of a bifurcation
of the artery and thrombus formation at the site of a
stenosis (2). It is likely that the abnormal fluid dynamics
near the stenosis or bifurcation contributes to thrombus or
plaque formation by interaction of hyperactive platelets
with the injured surface of the artery (2). It should be
noted that both thrombus and atherosclerosis, although
related events, have historically been studied separately.

Additionally, the vessel wall can initiate a pathological
stenosis in response to vascular injury that damages or
removes part of the endothelial cell lining of the blood
vessel. The endothelium is a single-cell lining of the inner
vessel wall that is in direct communication with blood. The
endothelium responds to damage by an increase and mi-
gration of smooth muscle cells into the lumen and associ-
ated narrowing of the vessel luminal diameter at the site
of injury. Smooth muscle cells predominately make up the
cross-sectional vessel wall. The migration of smooth mus-
cle cells and their expansion via cell division and homing
of blood stem cells increases the cross-sectional thickness
of the vessel wall. This pathological process is called res-
tenosis, a form of stenosis that accompanies surgical ma-
nipulation of blood vessels such as the delivery of a stent
to prop open a blood vessel stenosis and restore maximal
blood flow to the target organ. A complication of placement
of a stent is damage to the surrounding endothelium caus-
ing an increase and migration of smooth muscle cells from
the vessel wall toward the lumen. If this complication per-
sists, significant restenosis of the artery can develop re-
sulting in ischemia of the tissue supplied by the vessel.

Apart from the influence of vessel mechanics on vascu-
lar injury responses, a complex interaction exists between
vascular cells and chemical mediators in the development
of atherosclerosis and thrombosis. Vascular cells are in-
fluenced by localized and circulating growth factors, cyto-
kines, vascular regulators, stem cells, inflammatory cells,
cholesterol, and circulating levels of plasma homocysteine,
interleukin-6 (IL-6), IL-18, and C-reactive protein (3). Me-
chanical stimuli effects on vascular cells directly influ-
ences biologically programmed normal vascular function
and injury responses.

Hence, an understanding of normal vascular biology,
mechanical stresses, and biological mediators in relation
to coagulation and injury is fundamental to understand-
ing the development of thrombosis and stenosis. Throm-
bus formation depends on at least three factors: (1) the
depth of vessel wall injury and the thrombogenicity of the
exposed plaque; (2) the prothrombotic state; and (3) hemo-
dynamic factors that promote vasoconstriction and stasis
of blood flow (4). Little doubt exists that coagulation and
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thrombus are involved in the initiation of atherosclerosis
and end-stage atherothrombosis.

With respect to this chapter, a number of primary vas-
cular injury responses or defined endpoints exist:

1. Coagulation/thrombus vascular interaction to pro-
mote healing or further injury and inflammation
following an initial disruption to the vascular en-
dothelium,

2. Vascular smooth muscle cell proliferation promoting
restenosis following an initial disruption to the en-
dothelium,

3. Atherosclerosis in which both early thrombus and
smooth muscle cell proliferation/migration partici-
pate,

4. Atherothrombosis that interacts with a mature ath-
erosclerosis plaque.

First, the properties and function of the vascular wall
and blood interaction will be described.

1.1. The Vascular Wall

The biological activity of vascular wall cells and their ma-
trix components are fundamental to the events involved
with stenosis and thrombosis. Relevant aspects of these
vascular cell and matrix processes and the function and
interaction with circulating blood components are sum-
marized below.

Three basic structural constituents make up the wall of
arteries: endothelium, smooth muscle, and connective tis-
sue, including elastic elements. These constituents are ar-

ranged in concentric layers: intima, media, and adventitia
(Fig. 1). The relative amount and configuration of the ba-
sic structural elements vary in different parts of the cir-
culatory system. Arteries are divided into three types
according to their size and certain histologic features:

1. Large or elastic arteries, including the aorta and its
major branches;

2. Medium-size or muscular arteries (such as the cor-
onary or renal arteries), also referred to as distrib-
uting arteries; and

3. Small arteries (usually less than 2mm in diameter)
that course, for the most part, within the substance
of tissues and organs (5).

In normal arteries, the intima is composed of the lining
endothelial cells (ECs) with minimal underlying subendo-
thelial connective tissue. It is separated from the media by
a dense elastic membrane. The media varies among dif-
ferent vessels. In the larger elastic arteries (i.e., aorta and
innominate, subclavian, common carotid, iliac, and pul-
monary arteries), the media is rich in elastic fibers, dis-
posed in fairly compact, fenestrated layers separated by
alternating layers of vascular smooth muscle cells
(VSMCs) (5).

1.1.1. The Endothelium. Vascular endothelium is a ver-
satile multifunctional tissue that has many synthetic and
metabolic properties. The endothelium is a semipermeable
membrane in which the ECs control the transfer of small
and large molecules into the arterial wall and through the
wall of capillaries and venules. In most regions, the inter-
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cellular junctions are normally impermeable to such mol-
ecules, but the relatively labile junctions between endo-
thelial cells may widen under the influence of
inflammation.

Moreover, ECs serve a role in the maintenance of a
nonthrombogenic blood-tissue interface, the modulation of
blood flow and vascular resistance, the metabolism of hor-
mones, the regulation of immune and inflammatory reac-
tions (as noted above), the modification of lipoproteins
during transport into the artery wall, and the growth reg-
ulation of other cell types, particularly VSMCs.

Thus, the endothelium is an active participant in the
interaction between blood and tissue. Besides contributing
to the formation of thrombin, endothelial injury may be
responsible, at least in part, for initiation of atherosclero-
sis and the vascular lesions of hypertension and other dis-
orders (5). Endothelial cells can also affect changes in
solute permeability and leukocyte traffic during the gen-
eration of inflammatory and immune responses, and in-
fluence the processes of vessel growth and angiogenesis
(6).

Endothelial cells are involved in the following activities
(7):

1. Provision of a nonadherent surface for leukocytes
and platelets;

2. A permeability barrier that controls the exchange of
nutrients and fluid between plasma and the artery
wall;

3. Maintenance of vascular tone and, hence, vessel di-
ameter by release of vasodilator molecules, such as
nitric oxide (NO) and prostacyclin (PGI2), and vaso-
constrictive molecules, such as endothelin (ET) and
angiotensin-II (A-II);

4. Formation and secretion of a series of growth-regu-
latory molecules and cytokines;

5. Formation and maintenance of connective tissue
matrix, including the basement membrane upon
which cells reside, collagen, and elastic fibres and
proteoglycans;

6. Modification of substances from plasma such as lipo-
proteins that are oxidized or modified as they are
transported into the artery wall;

7. Provision of a nonthrombogenic surface by the for-
mation of molecules such as PGI2 and heparin sul-
phate; and

8. Provision of anticoagulant and procoagulant activi-
ties.

The EC produces growth regulatory molecules such as
platelet-derived growth factor (PDGF), fibroblast growth
factor (FGF), colony-stimulating factor (CSF), and trans-
forming growth factor beta (TGFb), all of which influence
the function and regulation of the vascular smooth muscle
cell. The majority of mitogens for ECs belong to the family
of growth factors known as heparin-binding growth fac-
tors (HBGF) or FGF, including beta FGF, and endothelial
cell growth factor (ECGF) (8). Endothelial cells can re-

spond to specific mitogens secreted from a variety of neo-
plasms, platelets, and from ECs themselves.

In summary, the role of endothelial cells are to provide
a nonthrombogenic surface that actively transports mole-
cules from plasma into the artery wall, while acting as a
permeability barrier modifying plasma substances such as
lipoproteins, and to regulate vascular tone (blood pres-
sure) by vasoconstriction (e.g., production of endothelin)
and vasodilation (e.g., production of nitric oxide). Addi-
tionally, ECs influence smooth muscle cell migration and
proliferation under states of inflammation and repair.

1.1.2. Vascular Smooth Muscle Cells (VSMCs). VSMCs
are capable of many functions, including vasoconstriction
and dilatation, in response to normal or pharmacologic
stimuli; synthesis of various types of collagen, elastin, and
proteoglycans; elaboration of growth factors and cyto-
kines; and migration and proliferation. VSMC prolifera-
tion and the production of extracellular matrix
components by these muscle cells contribute to athero-
sclerotic plaque formation (5).

VSMCs form a three-dimensional chain-like matrix
throughout the media and provide a load-bearing struc-
ture within the arterial wall. They synthesize and secrete
matrix proteins consisting of collagen, elastic fiber pro-
teins, and proteoglycans, and are responsible for the main-
tenance of structural integrity and for the formation of
elastic laminae within the developing artery as well as the
laying down of surrounding collagen and proteoglycans
(9). These cells are responsible for the physical contraction
and dilation of vessels in response to various vasoactive
agents, in particular, signals originating from the endot-
helium (see section above).

Smooth muscle cells can also be a source of a series of
growth factors, including PDGF, FGF, insulin-like growth
factor-1 (IGF-1), monocyte-colony stimulation factor (M-
CSF), TGF-alpha, and heparin-binding epidermal growth
factor-like growth factor (HB-EGF). When the genes and
cytokines for these molecules are induced, the cells can
stimulate their neighbors in a paracrine fashion and
themselves in an autocrine fashion (10,11). Activation of
SMCs will, in part, depend on the cell’s phenotype. The
contractile SMC phenotype consists of cells whose cytosol
is filled almost entirely with contractile myofilaments,
whereas the synthetic SMC has relatively few contractile
elements but does have a well-developed, rough endoplas-
mic reticulum and Golgi complex (7). These changes in
phenotypic state may also relate to cell-surface adhesive
molecules such as specific integrins that form on the sur-
face of the SMCs (12,13).

However, in contrast to striated muscle, VSMCs are
capable of return from a contractile to a synthetic pheno-
type. Importantly, this return takes place in relation to
atherogenesis when smooth muscle cells are established
in culture (14,15). As VSMCs appear to be able to shift
back and forth between these states and do not return to a
multipotential state, it has been suggested that the pro-
cess should be referred to as phenotype modulation rather
than dedifferentiation (15).

Smooth muscle cells in a contractile state respond to
agents such as endothelin (ET), angiotensin II (A-II), pro-
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staglandin (PGE2), prostacyclin (PGI2), neuropeptides, ni-
tric oxide, and leukotrienes that induce vasoconstriction
or vasodilation (7). Cells in the synthetic state may ex-
press genes for growth-regulatory molecules and cyto-
kines and, as such, may also respond to these agents.
The surrounding SMC matrix can also affect the response
of these cells to various molecules.

As stated above, the principal function of the VSMC is
contraction, and the VSMC has evolved a repertoire of
appropriate contractile proteins, agonist receptors, ion
channels, and signal-transducing molecules to carry out
this specialized function. VSMCs are also capable of a
multitude of other functions that vary at different devel-
opmental stages (16). Thus, during development, these
cells are highly proliferative and produce large amounts of
extracellular matrix proteins, whereas fully differentiated
VSMCs in mature blood vessels proliferate very slowly
and produce only small amounts of extracellular matrix
proteins (17). However, these processes are again acti-
vated in mature vessels, during vessel remodeling and
following vessel injury. In vitro and in vivo studies have
shown that certain factors associated with vascular pa-
thology, such as cytokines and mechanical injury, induce
the expression and trigger the activation of matrix met-
alloproteinases (MMPs) by VSMCs (18). MMPs have been
found to be capable of degradation of collagen in the vul-
nerable shoulders of atherosclerotic plaques and may be
the cause of vascular tissue weakening and plaque desta-
bilization (19,20).

The remarkable plasticity of the VSMC is a necessary
part of the cell’s differentiation program, because it is a
survival advantage to the organism. If an artery is in-
jured, some VSMCs must be recruited to repair that in-
jury, while at the same time the contractile function of the
blood vessel must be maintained for normal cardiovascu-
lar homeostasis.

1.2. Atherosclerosis

A good example of stenosis and thrombosis is the disease
of atherosclerosis. Vascular disorders are responsible for
greater morbidity and mortality than any other category
of human disease. Among them, arterial diseases are the
most important. They achieve this unenviable preemi-
nence by:

1. narrowing vessels and thus producing ischemia of
tissues perfused by such vessels;

2. damaging the endothelial lining and thus promoting
intravascular thrombosis, a process that contributes
to critical ischemia of vital organs such as the heart
and brain;

3. weakening the wall of the vessel, predisposing to di-
lation or possibly rupture; and

4. contributing to the pathogenesis of some of the most
common diseases in humans, namely atherosclero-
sis, hypertension, and diabetes (5).

Accelerated proliferation of VSMCs is known to play an
integral role in atherosclerotic lesion formation as well as

postangioplasty restenosis, and it is a characteristic fea-
ture in arteries of hypertensive patients (16,21,22). Thus,
extensive interest exists in defining positive and negative
regulation of VSMC growth, and many factors have been
identified that may play a role in this process.

1.3. Thrombosis

The clotting cascade of blood (Fig. 2) contributes to vas-
cular thrombus formation under pathological conditions.
Hemostasis is a typical example of a molecular series of
interdependent cascade steps, where the assembly of sub-
strates, enzymes, protein cofactors, and calcium ions on a
phospholipid surface markedly accelerates the rate of co-
agulation. Thrombosis is a complex balance between pro-
and anticoagulant and between pro- and antifibrinolytic
mechanisms. For blood to flow normally throughout the
body, it is necessary for a relatively antithrombotic state to
be maintained. In pathological situations in which throm-
bus develops, one or more perturbations can usually be
demonstrated.

The fibrinolytic system is a complex mechanism for
producing a balance between either fibrin formation or the
enzymatic lysis of clots. The dissolution of fibrin is carried
out by the plasma enzyme plasmin. Plasmin is produced
by an enzyme reaction involving plasminogen activator
inhibitor (t-PA) that is synthesized and released by the
vascular endothelium.

The essential features for the coagulant cascade are the
presence of a number of steps activated in sequence. The
human blood coagulation system comprises a series of
linked glycoproteins that, upon activation, induce the gen-
eration of downstream enzymes, ultimately forming fibrin.
This process is primarily important to arrest bleeding
(hemostasis). Each step is characterized by the conversion
of a pro-enzyme into an enzyme by the splitting of one or
more peptide bonds, which brings about a conformational
change in the molecule and reveals the active enzyme site.
Two pathways exist within the cascade (see Fig. 2). First is
the intrinsic system where the clotting sequence is initi-
ated by the absorption of factor XII to negatively charged
subendothelium collagen and microfibrils and results in
the appearance of an active enzyme site on the molecule.
The cascade continues over a series of reactions until fac-
tor XIIIa is activated by thrombin to stabilize fibrin poly-
mers at the site of coagulation by forming covalent bonds
between the fibrin chain. Interaction of factors IX, VIII,
and V takes place on the surface of platelets to increase
the rate of clotting.

The second system is the extrinsic system, which con-
sists of two factors, tissue factor released from damaged
tissue and factor VII present in serum. In injury, both of
these factors may interact to generate cofactor Xa that
interacts in the intrinsic coagulation system.

Increased fibrinogen, factor VII coagulant activity, and
possibly lipoprotein a have been associated with an in-
creased risk for atherosclerosis and thrombosis. Impaired
fibrinolysis, as detected by increased levels of plasminogen
activator inhibitor (t-PA), is associated with recurrent
myocardial infarction. Whatever the mechanism involved,
activation of the coagulation system or an increase in one

4 STENOSIS AND THROMBOSIS



or more of its procoagulant factors, or decrease in fibrin-
olytic activity, are commonly associated with atheroscle-
rosis related thrombus.

Table 1 lists the blood clotting factors and their actions
with the clotting cascade.

2. STUDIES ON STENOSIS, ATHEROSCLEROSIS, AND
THROMBOSIS

2.1. Atherosclerosis and Vascular Smooth Muscle Cell
Response to Injury

Atherosclerosis, the principal cause of heart attack,
stroke, and gangrene of the extremities, is responsible
for 50% of all mortality in Western countries. The lesions
result from an excessive, inflammatory-fibroproliferative
response to various forms of insult to the endothelium and
VSMCs. A large number of growth factors, cytokines, and
vasoregulatory molecules participate in this process.

Atherosclerotic lesions consist of:

1. the fatty streak that may be found in childhood and
consists of lipid accumulation (cholesterol, choles-
tryl ester) in macrophages, T-lymphocytes, and
VSMCs (22,23) in addition to ingested lipoprotein-
proteoglycan complex in more complex foam cells
(23);

2. the fibrous plague, which consists of a lipid core sur-
rounded by a fibrous cap that results from the syn-
thesis of collagen, elastin, and proteoglycans by
VSMCs and macrophages that have migrated to
the intima of the vessel (24).

The atherosclerotic process begins, according to the re-
sponse-to-injury-hypothesis (Table 2) with a structural or
functional injury to the endothelium, resulting in an in-
creased permeability of the endothelial barrier to blood
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cells, hormones, and lipoproteins (22). Platelets aggregate
at the site of injury and release growth factors and chemo-
attractants that stimulate the proliferation of VSMCs and
the migration of VSMCs to the subintimal region where
the atherosclerotic process develops (25).

Traditional risk factors for atherosclerosis are well-es-
tablished, such as family history, poor diet, reduced exer-
cise, obesity, smoking, and high blood pressure (26). Other
emerging risk factors include increased plasma levels of
homocysteine, IL-6, IL-18 (27), C-reactive protein (28),
and persistent infection or infectious diseases such as
chlamydia.

The cause of vascular stenosis is most likely multifac-
torial involving cytokines, growth factors, stem cells, and
their interaction with mechanical factors and risk factors
outlined above. Thus, many underlying causes may exist
leading to a common final pathway for atherosclerosis.

2.2. Localized Occurrence of Atherosclerosis

Few studies have considered the very localized nature of
atherosclerosis. For example, the clinical effects of athero-
sclerosis are mainly evident in medium-sized muscular
arteries, particularly the coronary, carotid, basilar, verte-
bral, superficial femoral, and iliac arteries, as well as in
the aorta (29). Anatomical sites where lesions develop en-
compass blood flow changes, making flow and shear stress
an important influence on the development and progres-
sion of lesions. For example, lesions are most likely to de-
velop at:

1. the entrance regions of arteries, such as the ascend-
ing aorta, the origins of the iliac arteries, the ante-
rior descending, and circumflex coronary arteries;

2. the lateral leading edges of the flow divider at the
principal branches from the aorta; and

3. less often at areas not associated with a particular
orifice.

2.3. Mechanical Factors

The arterial mechanical environment has been proposed
as the leading factor for the localized development of ath-
erosclerosis. Characterization of blood flow in atheroscle-
rotic lesion-prone arteries is an area of interest in the
study of atherosclerosis and, more recently, atherosclero-
sis-related thrombus formation. Hemodynamic and vessel
wall mechanics have been shown to participate in the reg-
ulation of vascular cell function, particularly with the pro-
duction of substances believed to be involved with
atherogenesis. The development of atherosclerosis is of-
ten in association with arterial mechanical stresses,
where damaged or dysfunctional endothelial cells respond
to mechanical stresses.

As discussed in the previous section, atherosclerosis
only forms at specific locations throughout the vascular
system, which raises an important question about
whether a link exists between blood flow dynamics and
mechanics, which vary dramatically at different vessel
wall locations, and the localized occurrence of atheroscle-
rosis.

In view of the early development of stenosis at vascular
branch sites, many studies have appeared with conjecture
about the effects of localized hemodynamics and their in-
volvement in the development of atherosclerosis. For some
time it has been thought that the localization of lesions
shows a strong correlation with specific hemodynamics,
such as high- or low-shear stress. Fry (30) studied acute
changes in endothelial histology associated with induced
blood velocity increases using shear stresses above
379 dynes/cm2. Exposure to stresses in excess of normal
levels for periods as short as one hour resulted in marked
deterioration of the endothelial surface finally leading to
dissolution and erosion of the cell substance. Other theo-
ries supported unusual flow patterns such as eddy cur-

Table 1. Blood Coagulation Factors

Factor Name Action

I Fibrinogen Converted to fibrin
II Prothrombin Converted to thrombin
III Thromboplastin, -kinase, tissue factor Catalyzes thrombin formation
IV Ionized Ca2þ Needed for essentially all stages of coagulation
V Accelerator globulin Both extrinsic and intrinsic mechanisms
VI Not used
VII Proconvertin Extrinsic pathway
VIII Antihemophilic globulin (A) Intrinsic pathway
IX Plasma thromboplastic component (PTC), Christmas factor Intrinsic pathway
X Stuart – Prower factor Both extrinsic and intrinsic mechanisms
XI Plasma thromboplastin antecedent (PTA) Intrinsic pathway
XII Hageman factor Intrinsic; activates plasmin
XIII Fibrin-stabilizing factor (FSF) Cross-links fibrin making it insoluble

Table 2. Response to Injury Hypothesis

1. Low-density lipoprotein-associated endothelial cell injury
2. Medial VSMC phenotype modulation:
contractile/synthetic

3. Tripartite VSMC response
a. migration
b. proliferation
c. excessive matrix protein synthesis

4. Progression of atherosclerosis
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rents and back flows for initiating atheroma development
(12). It is now accepted that vascular endothelial cells are
able to sense changes in the forces acting on them and re-
spond accordingly, for instance, by modifying expression of
a range of genes. For example, Sheikh et al. (31) demon-
strated that fluid stress not only modulates the ability of
the endothelium to recruit neutrophils and permit their
transendothelial migration, but the action is also depen-
dent on whether inflammatory mediators are present. For
example, it was shown when tumor necrosis factor-alpha
was added to flow cultures, significant differential effects
of shear stress on the ability of endothelial cells to induce
adhesion and migration of flowing neutrophils were dem-
onstrated (31), which may explain why infection that pro-
motes proinflammatory cytokines are frequently
associated with vascular events such as atherosclerosis.

Studies have also focused on determining an associa-
tion between hemodynamics and the localized develop-
ment of atherosclerosis. Shear stress depends largely on
arterial geometry, the flow rates through dividing vessels,
and the pulsatility of the cardiac output. Ku et al. (32)
studied flow velocities under conditions of pulsatile flow in
a human carotid bifurcation model. The inner wall of the
internal carotid sinus, in the region of the flow divider, had
the highest wall shear stress (systole¼ 41dynes/cm2, di-
astole¼ 10dynes/cm2, mean 17dynes/cm2) and remained
unidirectional during systole, where intimal thickening
was minimal. The outer wall of the carotid sinus had a low
mean shear stress (� 0.5 dynes/cm2), and the instanta-
neous shear stress oscillated between � 7 and 4dynes/
cm2. This region corresponded to the thickest intimal
plaques. These studies confirmed earlier reports using
steady flow (33), that plaques tend to form in areas of
low, rather than high, shear stress. An indication that os-
cillatory shear stress may enhance atherogenesis also ex-
isted. The effects of sequential and prolonged exposure to
high and low wall shear stress on arterial remodeling in a
rabbit carotid arteriovenous fistula (AVF) model were re-
cently investigated by Sho et al. (34). Blood flow was in-
creased by approximately 17-fold to 20-fold when the AVF
was open and returned to normal when the AVF was oc-
cluded. Repeated opening and closing of the AVF resulted
in sequential exposure of the artery to high and low wall
shear stress. High flow and high wall shear stress induced
arterial dilatation, elongation, and tortuosity, without int-
imal thickening. Whereas intimal thickening in response
to low wall shear stress was maximal in the distal carotid
artery. Therefore, it appears that intimal thickening is re-
lated to local levels of low wall shear stress and occurs
when wall shear stress chronically falls to less than
5dynes/cm2 (34).

In another study, wall shear stress measurements were
performed in a model of the human abdominal aorta (35).
Measurements were compared with aortic intimal thick-
ening from post-mortem cadavers. Shear stress oscillated
in direction throughout most of the infrarenal aorta, most
prominently in the distal region. The time-averaged mean
wall shear (� 1.7 to 1.4 dynes/cm2) was lowest near the
posterior wall, which coincided with the locations of max-
imal intimal thickening. Pulse and maximum shear stres-
ses did not correlate with plaque localization as has been

shown for other sites. Under exercise conditions, results
showed that in the infrarenal aorta, regions of low mean
and oscillating wall shear stresses are likely locations of
plaque development, whereas high wall shear regions
were not.

Blood pressure induces hoop stresses in the artery wall
as a result of circumferential dilation. The pressure causes
an enlargement of the vessel resulting in the stretching of
an endothelial cells’ substrate. Hoop stress depends pri-
marily on arterial geometry, blood pressure, the elastic
properties of the artery wall, and the presence of residual
stresses (36). Although less is known about the character-
istics of hoop stress on arteries compared with shear
stress, one study shows, for stresses in the wall of the car-
otid artery, the highest ratio of inner wall to outer wall
stress is at the lateral wall of the carotid sinus (36). This
location is the same where Ku et al. (32) found low and
oscillatory shear stress, and the highest degree of early
intimal thickening, compared with other vascular sites.

In the late 1990s there was found to be an association
between atherosclerotic plaque formation and the phase
angle differences between shear stress and stretch (37).
This work focused on the observation that the phase angle
between shear stress and stretch varies significantly
within the geometry of a single bifurcation. Although the
phase angle is affected by distal impedance and wave re-
flections, the vessel geometry can cause local variations
that may play a role in localized tissue damage and sub-
sequent plaque development.

2.4. Thrombosis

The underling mechanisms of atherosclerosis and corre-
sponding undesirable triggering of thrombus formation
has, until recently, been studied independently. Acute
changes in rheologic characteristics induced by vasocon-
striction, plaque disruption, and thrombus formation in-
duce changes in the shear rate of flowing blood. Thrombus
formation increases with increasing shear stress (38).
Shear stress is directly related to flow velocity and in-
versely related to the third power of the lumen diameter.
Thus, acute platelet deposition after plaque disruption de-
pends on arterial size and the geometric changes and de-
gree of narrowing after disruption (39). Changes in
geometry may increase platelet deposition, whereas a sud-
den protrusion of plaque contents or growth of thrombus
at the injury site may create severe stenosis and throm-
botic occlusion. Most platelets are deposited at the apex of
a stenosis, which is the site of maximal shear stress
(38,40).

In summary, excess pathological coagulation activity
occurs in ‘‘thrombosis,’’ the formation of an intravascular
clot, which, in the most dramatic form, precipitates in the
microvasculature as disseminated intravascular coagula-
tion. Thrombosis occurs at a rate according to a biochem-
ically determined cascade model in the case of
atherothrombosis on a ruptured atherosclerotic plaque,
but may develop at a slower rate in venous thrombosis,
illustrating that the coagulation cascade mechanisms can
act at different flow velocities.
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2.5. Platelets and Atherothrombosis

Studies of atherogenesis have indicated platelet mural
thrombi association with lesion formation at branches and
bifurcations during all of the phases of the disease (41,42).
The occluding thrombus is mixed in nature and contains
significant quantities of fibrin in addition to platelets, sug-
gesting an important role for the coagulation cascade in
plaque thrombus formation (39). Tissue factor (TF), a 47-
kDa transmembrane glycoprotein, is known to be the key
element in the initiation of the extrinsic pathway of the
coagulation cascade and appears to be a critical determi-
nant of atherosclerotic plaque thrombogenicity. Adherent
and aggregated platelets in thrombus-formed plaques are
a source for the release of platelet contents that include
such growth-regulatory molecules as PDGF, TGF-alpha,
TGF-beta, and IGF-1 (7). These growth factors regulate
smooth muscle cell proliferation and migration as well as
influencing further platelet interaction. Exposure of
subendothelium (see below) and plaque contents to circu-
lating blood activates the hemostatic system and gener-
ates thrombin. Platelets recognize von Willebrand factor
(vWF) by coreceptors glycoprotein Ib and collagen by
platelet glycoprotein Ia (39,40). The binding of platelets
to these arterial structures leads to a complex intracellu-
lar signaling, ion currents, protein kinase activation, po-
lymerization of the platelet cytoskeleton, and arachidonic
acid metabolism. Expressed integrin exposes the high-af-
finity binding site for fibrinogen. The cross-bridging of
circulating activated platelets to fibrinogen results in
platelet aggregation. Thrombin generated at the blood-
plaque interface in association with platelets converts fi-
brinogen to fibrin, activates platelets and coagulation fac-
tors V and VIII, and stabilizes the growing thrombus by
cross-linking fibrin. Thrombin activity and continued gen-
eration are necessary for maintaining platelet cohesion
within mural thrombi and thrombus growth (40).

2.6. Platelets and Endothelial Injury

The earliest and most consistent consequence of denuding
endothelial injury is the adhesion of platelets to the sub-
endothelial connective tissue (43). In experimental ani-
mals, this adhesion begins within seconds after
denudation, and although greater numbers of leukocytes
subsequently become attached, platelets are the predom-
inant cell type in the first 24 hours. Adhesion is followed
by the platelets release reaction. Biologically important
molecules are released from platelets, including platelet
factor 4, b-thromboglobulin, vasoconstrictive amines, ar-
achidonic acid metabolites, and, of most relevance to at-
herogenesis, mitogenic factors. Platelets secrete PDGF,
epidermal growth factor, TGF-b, and other less well-char-
acterized mitogens. PDGF induces migration and prolif-
eration of VSMCs (44).

Platelets are excellent candidates as the initiators of
intimal plaque formation after denuding injury. In almost
all models studied, the major burst of VSMC mitotic ac-
tivity occurs within 48 hours of denudation, consistent
with the presence of adherent activated platelets at these
early time periods. Mitotic activity declines considerably
thereafter as platelets disappear. Platelet products gain

access into the intima, and PDGF is highly cationic, po-
tentially adsorbing to the glycosaminoglycan-rich anionic
intima. Several studies have shown that experimentally
induced thrombocytopaenia inhibits intimal proliferation
(45). In humans, it is highly likely that platelets are in-
volved in early lesion formation in catheter-induced in-
jury, in peri-anastomotic lesions of vascular grafts, and in
other traumatic vascular disease.

The degree of endothelial vascular injury may be an
important factor for platelet activation. For example,
Igawa et al. (46) demonstrated that catheter-induced
mildly denuded rat carotid arteries with stenosis show a
markedly different proliferative and thrombogenic re-
sponse profile compared with arteries with severe denu-
dation.

2.7. Atherosclerosis and Inflammation

2.7.1. Monocyte-Derived Macrophage. The lesions of
atherosclerosis contain elements of specialized, chronic
inflammation, with large numbers of monocyte-derived
macrophages, as well as varying numbers of T lympho-
cytes (28,47,48). Macrophages are a rich source of growth-
regulatory molecules and cytokines, and could participate
in mediating cell migration and proliferation within these
lesions (49).

The uptake of oxidized LDL and other substances
within the lesions of atherosclerosis may serve as a stim-
ulus to induce gene expression for several growth-regula-
tory molecules and cytokines that can be chemotactic
agents, growth agonists, or antagonists (7,50). Macro-
phages are capable of producing agents that induce mono-
cyte proliferation (e.g., M-CSF), smooth muscle
proliferation (e.g., PDGF, HB-EGF, beta FGF, TGFb and
endothelial cell proliferation [e.g., vascular endothelial
growth factor (VEGF), FGF, TGFbb (51–53) and growth
inhibitors such as interferon gamma (IFNb, interleukin-1
(IL-1), and TGFb. Activated macrophages induce produc-
tion of chemotactic molecules for other monocytes (mono-
cyte-CSF), monocyte chemotactic protein-1 (MCP-1),
oxidized LDL, for endothelial cells (e.g., VEGF, beta
FGF), and for smooth muscle cells (e.g., TGFb, PDGF,
FGF) (49).

Studies have shown that macrophages as well as
smooth muscle cells replicate within forming lesions of
atherosclerosis (54,55) and therefore play an important
role in the progression of the disease.

2.7.2. T Lymphocytes. T lymphocytes have been found
in atherosclerotic lesions, raising the belief that they play
a role in atherogenesis (56). It may be that the formation
of interleukin-2 (IL-2) by monocyte-derived macrophages,
stimulates lymphocyte proliferation (7). Activated lym-
phocytes may then release substances that have the abil-
ity to activate and chemotactically attract macrophages
(49). The circulating blood components of monocytes, T
lymphocytes, and platelets interact with the artery wall in
the transport of various molecules and growth factors.
Evidence suggests that these components are implicated
in the development of atherosclerosis.
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2.8. Nitric Oxide

Nitric oxide (NO) is an important factor expressed from
vascular endothelial cells. NO is closely related to endo-
thelial dysfunction, atherosclerosis, and many other dis-
eases (57) and is directly involved in vascular
inflammation. Endothelial-derived NO encompasses
many events in the vasculature, including vasodilatation,
inhibition of platelet aggregation, adhesion molecule ex-
pression, and vascular smooth muscle cell proliferation,
which are directly or indirectly related to many cardio-
vascular pathological processes (58). Endothelial cells re-
lease NO more potently in response to increased shear
stress than to agonists that raise intracellular free cal-
cium concentration [Ca2þ ] (58). Decreased wall stresses
because of decreased blood flow or axial accumulation of
red blood cells (RBCs) (as in thrombus) are associated with
suppressed expression of vascular and other systemic tis-
sue NO synthesizing mechanisms (59).

2.9. Animal Models

Until the last decade, the most widely used animal models
of primary atherosclerosis were cholesterol-fed rabbits,
pigs, and nonhuman primates. These models develop
only minimal disease and require more than 1 year to de-
velop significant lesions. One of the major drawbacks of
these animal models is the lack of end-stage atheroscle-
rosis with spontaneous plaque rupture, characterized by
an area of fibrous cap disruption, whereby the overlying
thrombus is in continuity with the lipid core.

Mouse and rabbit models of acute plaque rupture re-
semble human ruptured lesions but require mechanical
intervention or the use of vasoconstricting agents, which
might not reflect pathogenesis in humans. Primates, on
the other hand, tend to model human atheromas (60).

Differences between animal species and humans have
been highlighted for endothelial cell function and migra-
tion within endothelial denuded areas and over stent or
graft materials. That is, ECs have been shown to re-en-
dothelialize in dogs but not in humans (61), further high-
lighting the differences between human and animal
results.

Although animal studies provide valuable information
for developing theories and undertaking research, the an-
imal species studied will significant impact the results.
Results obtained from animal models are specific to the
species studied, and the data’s applicability to humans
cannot be assumed.

3. EVALUATION OF A DISEASE PROCESS, TREATMENTS,
AND FUTURE DIRECTIONS

Vascular stenosis development involves complex interac-
tions between blood components and vascular endothelial
and smooth muscle cells. Synthetic smooth muscle cells,
macrophages, lipids, and foam cells are all involved in the
formation of occlusive plaques. It has been assumed that
SMCs derived from the blood vessel wall medial layer mi-
grate, proliferate, and synthesize extracellular matrix
components on the luminal side of the vessel. Although

much effort has been devoted to targeting migration and
proliferation of medial SMCs, no effective therapy exists
that prevents occlusive vascular remodeling. Develop-
ments with vascular prostheses and tissue-engineered
vessels are examples of the pursuits to overcome the con-
sequences of atherosclerosis or smooth muscle cell res-
tenosis. In the last few years, it has been shown that in
models of postangioplasty restenosis, graft vasculopathy,
and hyperlipidemia-induced atherosclerosis, bone-mar-
row-derived stem cells give rise to most of the SMCs
that contribute to arterial remodeling (62). On the other
hand, It has also been suggested that progressive progen-
itor cell deficits may contribute to the development of ath-
erosclerosis in the aging population (63).

Atherosclerotic plaque formation has been shown to
occur at vessel locations where particular levels of shear
(low or oscillatory) and solid stresses are present. The
phase angle relationship between these stresses and the
ratio of inner to outer wall stress have also been shown to
be important factors at disease-prone sites. Aspects of en-
dothelial cell function are affected by shear stress or dy-
namic stretch. Nitric oxide, a vasodilator, and endothelin,
a vasoconstrictor, are regulated by mechanical stimula-
tion of endothelial cells. Stress applied to ECs has also
been shown to activate particular adhesion molecules.

The study of endothelial cell transduction mechanisms
in association with vascular mechanics will provide new
fundamental aspects to understanding endothelial dam-
age and how this damage promotes stenosis and thrombus
formation. For example, in a study by Houston et al. (64),
it was shown that acute changes in shear stress confer a
procoagulant cell-signaling phenotype on the blood-ex-
posed vascular endothelium. Additionally, it has been sug-
gested that chronic shear stress may confer an
antiatherogenic phenotype on the endothelium (65), and,
indeed, it has been demonstrated that chronic shear stress
may protect the endothelium from apoptosis (66). It is
proposed that an acute change in shear stress rather than
exposure to a constant chronic shear stress may be an ini-
tiating factor for the stimulation of cell signaling mecha-
nisms to upregulate cell surface proteins involved in
endoluminal platelet activation. For example, immediate
early gene expression via extracellular signal-regulated
kinases 1 and 2 (Erk 1/2) has been shown to be activated
with acute changes in sheer stress (64).

Blood flow restrictions caused by chronic (or long-term)
stenosis are treated by treating the consequences of the
disease, by removal of the section and replacing it with a
graft, bypassing the section using grafting, or less invasive
more modern techniques such as stenting. Grafts can be
autologous (a vein or artery from the same person), syn-
thetic (e.g., Dacron or Gortex), or tissue-engineered (from
autologous, synthetic, or another donor, e.g., allograft or
xenograft). These various options are all active areas of
research aiming to improve treatment outcomes (67–70).

Stenting is a procedure where a metal mesh in its com-
pressed state is positioned within the vessel segment be-
ing treated, and it is then expanded to push the stenosis
outward, structurally supporting the vessel to maintain
patency. It is used in conjunction with balloon angioplasty,
where a deflated balloon is inflated at the treatment site to
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push the atheroma outward in the stenosed vessel, a pro-
cedure that typically precedes stent deployment. These
procedures are becoming more popular because of their
less invasive nature (vascular access via adjoining arteries
with a small incision, e.g., femoral artery), shorter proce-
dure times, and faster patient recovery (71).

A more primary focus for treating stenosis is an at-
tempt to control the processes occurring during the for-
mation of the disease, such as inhibiting the proliferative
cellular growth in the vessel media. Various pharmaceu-
tical agents to control these processes have been suggested
(14,15,72).

However, modern medicine, in this case, tends not to be
preventive, rather a treatment of the developed disease
after it causes a significant clinical problem. Once diag-
nosed, treatments typically aim to treat the blood flow oc-
clusive element resulting from stenosis, rather than the
background events causing the stenosis, and inhibiting a
thrombotic event from developing at the diseased site both
before treatment and after treatment.

The treatments of stenosis typically gives rise to throm-
botic events that can lead to restenosis, that is the re-oc-
clusion of the treated section, which is the case with
traditional stent treatment and balloon angioplasty,
where restenosis typically occurs in 20–30% of cases
(73). New drug-eluting stents have recently entered the
market and claim to significantly lower restenosis rates
(74). The drug-eluting agent blocks specific reactions in
the blood clotting cascade. However, this block may only
delay restenosis for as long as the drug elution lasts (75).
Grafting also can be problematic, for example,
thrombogenicity of synthetic graft linings is a fundamen-
tal problem in small diameter grafts (o6mm) for long-
term patency (70).

Additional research on the mechanical factors associ-
ated with stent design has the potential to address com-
pliance mismatch and undesirable localized blood flow
conditions, which may result in stents that further reduce
restenosis rates (73).

Other treatments of stenosis and thrombosis that may
have an impact in the future could be gene therapy based
(76), where disease-prone individuals are administered
with agents delivered to a prone site, or that travel in their
blood stream inhibiting the activation of various reactions
involved in thrombotic and stenotic events. However, cur-
rent approaches tend to focus on restenosis prevention af-
ter stenosis treatment.

We have illustrated that endothelial cells are a modu-
lating interface, actively involved in communication be-
tween blood and vascular wall tissues. Thus, they play a
fundamental role in atherogenesis, and their function
must be considered in the development of therapeutic
treatments against atherosclerosis.

Despite many developments and advances in scientific
and clinical research in the field, no absolute method ex-
ists that can overcome stenotic-related diseases from be-
ing activated. Therefore, all treatments for stenosis and
thrombosis, whether preventative or a treatment of a de-
veloped stenosis, require a greater understanding of the
underling cascade of reactions and complex mechanisms
involved.

Studies integrating biology with vascular mechanical
events are likely to yield clinically relevant information,
thereby allowing the development of improved treatment
methods and outcomes. The continued study of the mech-
anisms related to stenosis and thrombosis are particularly
important, as vascular disease is the leading cause of mor-
tality and morbidity in both the developing world and the
western world today.
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1. INTRODUCTION

Disease-induced narrowing in the fluid-carrying vessels of
the human body can occur in a wide variety of circum-
stances. For example, blockages in the vascular system
can deprive the downstream tissue of oxygenated blood,
constrictions of the urinary tract can lead to pain and loss
of renal function, and biliary duct blockages can lead to
pathologic jaundice. In the past, open surgical approaches
were used to solve these problems, but more recently,
stents have been used; a stent may be defined as a device
that is intended to keep a biological passageway open.

Most often stents take the form of cylindrically shaped
devices that press out against the vessel or duct wall
thereby restoring patency (patency of a vessel or duct re-
fers to it being open or unobstructed). Since the early
1990s, stents have revolutionized the treatment of vascu-
lar disease; they were first reported for use in restoring
patency in the coronary artery (1); since then, their use
has accelerated to the degree that 1.5million cardiovas-
cular stenting procedures are performed in the United
States annually (2). They are now also used in peripheral
arteries, including the carotid, cerebral, femoral arteries,
and in the aorta.

The procedure for deployment of a stent in the human
body has received considerable attention from engineers
and cardiologists. The stent is introduced in a crimped
state allowing it to pass into the site of the constriction or
blockage via the femoral or brachial arteries; once it is in
the correct position, the stent is deployed. The deployment
phase involves expansion of the stent so that it presses out
against the vessel wall to remove the constriction. Expan-
sion of the stent can be achieved in several ways: by ex-
panding a balloon onto which the stent has been crimped
or by releasing a self-expanding stent or a coiled stent
from a restraining sheath. The expanding stent pushes
the inner lumen radially outward to restore patency.

In the case of a vascular stent, the material causing the
blockage (a stenosis) is deformed and ‘‘scaffolded’’ against
the vessel wall. In the vast majority of cases, the deploy-
ment of a stent restores an unimpeded blood flow in the
direct post-intervention period. However, three types of
post-stent narrowing of the vessel may occur:

1. The compressive force created by the vessel may
cause elastic recoil of the stent and an associated
immediate narrowing of the lumen.

2. Injury caused by stent deployment may initiate int-
imal hyperplasia (IH) whereby smooth muscle cells

in the vessel wall proliferate into the lumen (the in-
ner part of the vessel) causing a process of re-steno-
sis to occur over time.

3. Remodeling of the vessel wall may occur as the stiff-
ness of the vessel wall changes in response to the
stresses generated in the tissue and the vessel nar-
rows—termed ‘‘negative’’ remodeling (2).

Renarrowing of a stented vessel is termed in-stent res-
tenosis and it involves the formation of IH though a com-
plex cascade of cellular events post-stenting (3). Although
in-stent restenosis can be dealt with by additional stent
deployment, it is not ideal to have to perform multiple
stenting at the same site. Restenosis rates, or binary res-
tenosis rates, are defined by the number of stented vessels
that have greater than 50% vessel lumen stenosis at fol-
low-up post-stenting and have been reported for many
different stent designs from the results of clinical trials. To
overcome high rates of restenosis observed with bare-
metal stents (Kastrati et al. (4) observed a 20–50% res-
tenosis rates with some stent designs), drug-eluting stents
were developed in the early 2000s (5). Drug-eluting stents
have shown superior performance in prevention of in-
stent restenosis—one of the key clinical trials shows a re-
duction from 26.6% for the bare-metal stents compared
with 7.9% for the drug-eluting stents (6).

Stent design is a major factor influencing in-stent res-
tenosis post-stenting; however, many other design re-
quirements for stents exists, which include (1) it should
be sufficiently rigid to resist the compressive forces of the
vessel wall (i.e., minimal elastic recoil); (2) it should have
sufficient flexibility in its crimped state to navigate tortu-
ous vessels as it is brought to its deployment site, for ex-
ample, a vascular stent should not gouge the vessel as it is
pushed through the arterial tree; (3) it should be suffi-
ciently flexible in bending during expansion that it will
not unduly straighten curved vessels; (4) it must have
sufficient scaffolding properties (i.e., there should be min-
imal prolapse or ‘‘draping’’ of the inner lumen between the
struts of the expanded stent and stenotic material should
not be so highly stressed that part of it might break off); (5)
the amount of shearing of the metal of the stent over the
vessel wall during expansion should be minimized as such
shearing would denude the vessel wall of its endothelial
cell lining; and (6) the stent should not foreshorten during
expansion (i.e., the degree of longitudinal contraction dur-
ing expansion should be a little as possible). Clearly meet-
ing all of these design objectives simultaneously is difficult
if not impossible (7); further discussion on design require-
ments is given below.

2. STENT DELIVERY

2.1. Percutaneous Transluminal Angioplasty (PTA) and
Balloon Expansion of Stents

Before stenting was developed, arteries were dilated using
balloon angioplasty or percutaneous transluminal an-
gioplasty (PTA). PTA is a catheter-based procedure per-
formed in order to open up blocked, or stenosed, arteries

1
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using a balloon. The first case of mechanically dilating a
blocked artery was reported by Dotter (8). Dotter’s tech-
nique consisted of successive passage of coaxial catheters
into large peripheral arteries. In 1977, Andreas Gruentzig
performed the first human precutaneous transluminal
coronary angioplasty (PTCA) using a catheter with a dis-
tensible balloon at its end (9,10). The key to Gruentzig’s
success was developing a high-pressure balloon made of
polyvinylchloride, which was capable of applying the high
pressures required to unblock stenosed arteries, without
overextending the artery. The basic design of angioplasty
catheters in use today are based on Gruentzig’s balloon
catheter.

Two main classifications of balloon catheter design ex-
ist:

1. The over-the-wire catheter consists of a guide-wire
port and an inflation-deflation port at the proximal
end, which are connected to a high-pressure balloon
at the distal end via dual lumen or coaxial tubing. In
the case of coaxial over-the-wire catheters, the guide
wire passes through the smaller, inner tubing,
whereas the pressurization fluid passes between
the inner tubing and the outer tubing. Dual lumen
over-the-wire catheters have separate lumens for
the guide-wire and pressurization fluid within a sin-
gle tube.

2. The rapid exchange catheter generally consists of a
long stainless-steel shaft (called the hypotube) and a
short flexible polymer shaft at the distal end, to
which the balloon is bonded. The guide-wire exit
port, or rapid exchange port, is located along this
distal shaft, which facilitates insertion and removal
of the catheter from the patient. The inflation-defla-
tion port is located at the proximal end of the cath-
eter.

Both over-the-wire and rapid exchange catheters are
designed to be kink-resistant, flexible yet pushable, to
have fast inflation and deflation times, high tensile
strength, the lowest possible profile (or outer diameter),
and a high burst strength. Minimum standards for balloon
burst pressures, bond strengths, and deflation times have
been set by regulatory agencies such as the Food and Drug
Administration (FDA).

Angioplasty balloons are required to have burst pres-
sures of more than 15 bar in order to dilate hard and
heavily calcified stenoses; however, they are also required
to have a very low wall thickness (5–50) in order to min-
imize the profile of the catheter. They are generally man-
ufactured by extruding tubing to a specific geometry, and
then forming the balloon by blow molding the tubing in a
heated glassform under carefully controlled conditions
into the geometry required (see Fig. 1) (11,12). Both the
extrusion process and the forming temperature and the
forming pressure and timing of the blow molding process
are known to affect the balloons properties (11). Balloons
used in modern angioplasty catheters are generally man-
ufactured from either polyethylene terephthalate (PET) or
nylon (12). PET balloons are generally stronger and have

a lower compliance (compliance refers to the change in
balloon diameter as a function of inflation pressure) than
nylon balloons, which generally means that nylon balloons
require a thicker wall thickness for a given burst pressure,
resulting in a larger balloon profile once the balloon is
wrapped. On the other hand, nylon balloons are generally
softer and therefore re-fold easier after deflation, making
them easier to withdraw into a guiding catheter or intro-
ducer sheath.

Balloon angioplasty has been extremely successful. The
first patient treated by Gruentzig in 1977 remained free of
angina and the artery was observed to have remained
open without restenosis when he was recatheterized 10
years later (13). Lumen enlargement because of balloon
angioplasty is believed to be caused by a combination of
plaque reduction (compression/embolization), axial plaque
redistribution within the lesion, plaque extrusion, and
vessel expansion (14). However, because of the elastic na-
ture of arteries, stretching of the artery wall during an-
gioplasty is followed by elastic recoil. In fact, a substantial
loss (up to 50%) of the arterial cross-sectional area from
elastic recoil may occur (15), subsequently resulting in
restenosis of the artery in a significant number of cases
(16). For this reason, balloon angioplasty is today rou-
tinely accompanied by stenting to reduce the problem of
elastic recoil (17).

3. DESIGN REQUIREMENTS OF STENTS

Intravascular stents, whether expanded using a balloon or
self-expanding stents, are delivered via the femoral or
brachial arteries through the tortuous vessels of the car-
diovascular system. The delivery of the stent in this man-
ner poses many problems and design issues for stents and
stents mounted on catheters. To ensure accurate place-
ment of the stents, they must be visible under fluoroscopy
and, as a result, the materials chosen for stents are radi-
opaque. In addition, balloon-expanding stents have radi-
opaque markers on the proximal and distal ends of the
balloon to aid positioning of the stents.

To minimize in-stent restenosis, enable delivery of a
stent on a catheter, ensure accurate placement of a stent,
and maintain vessel patency after stent deployment in the
long-term, stents must fulfill the following expanded list of
design requirements:

1. High Radial Strength: Required radial support/
structural strength to prevent vessel recoil and
hence lumen loss post-stenting.

2. Low Elastic Radial Recoil: a knowledge of the de-
gree of elastic recoil of a stent must be factored into
the expansion of a stent during deployment in order
to achieve a final lumen diameter consistent with
the host vessel diameter. A measure of elastic recoil
may be defined by (Rload-Runload)/Rload, where R rep-
resents the radius of the stented vessel for full bal-
loon expansion (load) and after deflation of the
balloon (unload).

3. Good Flexibility: The crimped stent on the delivery
catheter must be flexible such that it can be deliv-
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ered to the deployment site. The expanded stent
must conform to the tortuous vessel geometry and
should not straighten the vessel, as that would in-
duce excessive injury to the vessel wall.

4. Low Stent Profile: The crimped stent on the delivery
catheter should have low profile to prevent excessive
flow disturbances during delivery and once de-
ployed. Reducing the stent strut thickness reduces
the profile of the stent and stent catheter system.

5. Good Trackability: Trackability is a measure of the
ability of a stent deployment catheter to follow a
tortuous path to its ultimate destination. Trackabil-
ity depends on the (i) shaft flexibility, which should
be high; (ii) the friction between the stent and its
surrounding environment, which should be low to
prevent damage to the vessel wall and hinder the
movement of the catheter; (iii) axial stiffness, which
should be high so as to reduce axial deformation of
the catheter. Good trackability is achieved by ob-
taining a balance between these variables, which
are clearly not independent of one another.

6. Minimal Foreshortening: The length of a stent may
shorten as the stent expands radially, which may
affect both the final position of the stent and the final
length of the stent. A measure of foreshortening may
be defined by (L�Lload)/L, where L represents the

length of stent before deployment, and Lload, the
length of the stent after balloon inflation.

7. Minimal Elastic Longitudinal Recoil: The length of
a stent may also recoil after the balloon is deflated
and a measure of longitudinal recoil may be defined
by (Lload�Lunload)/Lload. Foreshortening and longi-
tudinal recoil may also cause undesirable shearing
along the arterial walls, which can cause injury in
the form of denudation of the endothelial cells from
the lumen of the vessel during stent expansion.

8. Optimum Scaffolding: A stent should provide opti-
mum vessel coverage to ensure that the vessel tissue
does not prolapse between the stent struts; however,
a Low Artery-Stent Contact Surface Area should also
be maintained, because the foreign material of the
stent can initiate an aggressive thrombotic re-
sponse.

9. Stent material requirements:
* Radiopacity: Stent materials need to be radi-
opaque to enable delivery, precise positioning,
and evaluation of stents at follow-up under the
guidance of fluoroscopic imaging.

* Biocompatible: Stent materials must be biocom-
patible so as not to elicit an adverse reaction from
the body.

Conical balloon

Spherical
balloon

Conical/square
balloon

Conical/square
long balloon

Conical/
spherical
long balloon

Conical/offset
balloon

Stepped
balloon

Long spherical
balloon

Square balloon

Tapered
balloon

Dog bone 
balloon

Offset balloon
Figure 1. Examples of various high-pressure
balloon shapes. A specific shape may be re-
quired for a particular anatomical site or for
the balloon expandable stent (12).
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* Corrosion-resistant: Stent materials are chosen
which prevent corrosion by the development of a
passive oxide layer.

* Good fatigue properties: Cyclic stresses because of
blood flow can cause fatigue failure in stents.
Stents must therefore be designed to withstand
at least 380 million cycles, which is equivalent to
10 years of cyclic fatigue (18).

All of these design requirements can be achieved by
optimizing the following parameters:

1. Material selection

2. Strut dimensions and cross section

3. Number of circumferential and axial repeating
units, and their geometry

4. The manufacturing process used to produce the
stents

The various materials, geometrical characteristics, and
manufacturing processes used in the most commonly
available stents will be discussed in the following section
in terms of their ability to achieve the above design objec-
tives.

4. CLASSIFICATION OF STENT DESIGNS

Stents designs can be categorized according to their ex-
pansion mechanism, geometrical shape, and manufactur-
ing process. In terms of stent expansion, stents can be
either balloon expanding or self-expanding. Self-expand-
ing stents are those manufactured frommaterials that can
undergo large deformations that are completely recover-
able. Stents made from shape memory alloys, such as
Nickel-titanium (Ni-Ti), can undergo elastic strains as
high as 11% and can therefore be retracted inside cathe-
ters and, when released, expand to their preformed shape
as they recover their deformation (see Fig. 2) (19). The
unique shape memory capability of Ni-Ti has been ex-
ploited for many other medical devices including various
self-expanding stents (20). Self-expanding stents such as
the Wallstent (Boston Scientific), which is made from a
cobalt alloy, have been found to have poor in-stent res-
tenosis rates in comparison with balloon-expanded stents
(21). In recent years, the use of self-expanding stents has
been more successfully applied to the treatment of abdom-
inal aortic aneurysms, where the shape memory stents are
covered with a graft material such as PTFE
(polytetrafluoroethylene) or polyester and used to protect
the injured and dilated regions of an abdominal aorta from
further expansion under the influence of blood pressure
(see Fig. 3). The shape memory material of the stents en-
ables the stent grafts to be easily expanded in the complex
bifurcation of the abdominal aorta.

Balloon-expandable stents are those that are plasti-
cally deformed using balloon dilation. The stent, which is
initially crimped down over the balloon, is delivered to the
site of the stenosis and plastically deformed to an ex-
panded shape by inflation of the balloon. Balloon-expand-

able stents have a number of advantages over self-
expanding stents in that they can be very precisely posi-
tioned and expanded to a predetermined diameter within
the stented vessel.

4.1. Geometrical Stent Design

Various types of stent design exist that may be described
by the geometry of the stent and categorized into the fol-
lowing classes: coil designs, modular open-cell designs,
and multi-cell closed-cell designs. Other stent types in-
clude woven stents such as the Wallstent self- expanding
stent design. Examples of various types of stent are shown
in Table 1.

Figure 2. Expansion of the self-expanding coronary RADIUS
stent. Retraction of the restraining catheter sheath releases the
stent such that it recovers its deformation (19).

Figure 3. The Medtronic AneuRx AAA Stent Graft; the shape
memory nitinol stents are covered with a polyester graft material
and deployed in the abdominal aorta to prevent blood pressure
causing rupture of an abdominal aortic aneurysm [from
www.medtronic.com].
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Table 1. Examples of Various Stent Designs Implanted in Human Coronary Arteries Including Restenosis Rates*

Stent
Material & Manufacturing

Process Restenosis Rate Stent Design

Gianturco-
Roubin II

Balloon expanding coil stent
with repeating coil units
welded to an axial spine

47.3% (22)

316L stainless steel
Strut thickness: 0.127mm

CardioCoil Self-expanding nitinol coil stent 20% (25)

Strut thickness: round: 0.15 –
0.25mm

flat: 0.12 – 0.18mm

Wallstent Self-expanding interwoven
mesh stent

16% (19) and 49%
(20)

Platinum inner core and cobalt
based alloy outer core

Strut thickness: 0.08 – 0.1mm

AVE GFX, S670
& S7

Balloon expanding 12% (19)

Laser cut 316L stainless steel
tube segments welded
together

Open-cell modular type stents
Strut thickness: AVE GFX –

0.13mm
S670 – 0.13mm
S7 – 0.1mm

Palmaz-Schatz Balloon expanding 29% (4)

Laser cut 316L stainless steel
tube

Articulations between segments
Strut thickness: 0.07mm

NIR &
NIROYAL

Balloon expanding NIR 37.8% (4)

Laser cut 316L stainless steel
tube (NIR) and gold plated
stainless steel tube
(NIROYAL)

Multiple closed-cell design
Strut thickness: 0.1mm

ACS MultiLink
RX Ultra

Balloon expanding 20% (4)

Laser cut 316L stainless steel
tube

Open-cell modular type stent
Multiple rings connected with

multiple links
Strut thickness: 0.13mm

JoStent Balloon expanding 25.8% (4)

Laser cut 316L stainless steel
tube

Multiple closed-cell design
Strut thickness: 0.09mm

BxVelocity Balloon expanding 31.4% (24)

Laser cut 316L stainless steel
tube

Multiple closed-cell design
Strut thickness: 0.14mm
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4.1.1. Coil Stents. Coil stents are those that have either
individual coil units attached along an axial spine, such as
the Gianturco Roubin II stent (Cook Inc.), or those that are
composed of a single continuous coiled wire, such as the
Cardiocoil stent (Medtronic InStent). Coil stents are un-
common in vascular applications because they have been
found to cause increased early complications and high
restenosis rates in comparison with other stent designs
(22). In addition, coil stents allow significant tissue pro-
lapse between their widely spaced struts and therefore
have inferior scaffolding properties to other stent designs
(22).

4.1.2. Open-Cell Modular Stents. Open-cell modular
stents are those that have either multiple rings connected
with multiple links, such as the MultiLink stent designs
by Guidant, or multiple rings joined by welds also called
ring stents, such as the S670 or S7 stents (Medtronic Vas-
cular). Modular stents have superior flexibility to closed-
cell stent designs but may have areas more susceptible to
corrosion and fatigue where welds are present.

4.1.3. Multi-Cell Closed-Cell Structure Stent De-
signs. These designs are those that are laser-cut from
tubes and, consequently, they are also called slotted tube
stent designs. Examples include NIR and NIROYAL
stents (Boston Scientific), BxVelocity (Cordis J&J), BeS-
tent designs (Medtronic Vascular), JoStent (Jomed), and
Inflow stent designs (Inflow Dynamics). Multi-cell slotted
tube stent designs are more rigid than modular stents and
have high radial strength. Many of the new generation
slotted tube stent designs have included novel flexible
segments in order to improve the stents’ conformability to
the curved vessel wall and prevent straightening of the
vessel (see Case Study I below). Straightening of the ves-
sel wall has been observed with rigid stents such as the
NIR stent designs and can have implications in terms of
injury to the vessel and hence restenosis (23).

4.2. Stent Manufacture

Stents can be wound coils (Cardiocoil), woven mesh de-
signs (Wallstent), or laser-cut designs. Most stents avail-
able today are laser-cut stents and the closed-cell types
are slotted tubes whereby the stent geometry is machined
from a full cylinder such that no welds exist in the struc-
ture; examples include the NIR, BeStent, and Inflow stent
designs.

Modular open-cell stent designs were commonly man-
ufactured from laser-cut rings welded together (S670 and
S7); however, most modular-type stents are now also la-
ser-cut slotted tube stents to prevent fatigue and corrosion
(MultiLink stents).

4.3. Stent Materials

Stent materials clearly need to be biologically inert and
radiopaque to enable visualization of stent deployment.
All stent materials also need to be corrosion-resistant to
withstand the highly corrosive environment of the body.
The material chosen for a stent depends on the expansion
mechanism of the stent, as self-expanding stents must be
able to recover considerable elastic deformation and bal-
loon-expanding stents need to plastically deform during
deployment. The most common material used for self-ex-
panding stents is the shape memory Nickel-Titanium al-
loy, Nitinol; examples include the RADIUS (Scimed) stent
and the Medtronic AneuRx AAA Stent Graft. Other ma-
terials that have been used in self-expanding stents in-
clude a platinum core with a cobalt alloy outer layer,
which has been used for the mesh of the Wallstent (Bos-
ton Scientific).

For balloon-expanding stents, materials that undergo
plastic deformation during stent deployment have been
used, including medical-grade stainless steel, tantalum,
and cobalt chromium. By far, the most widely used mate-
rial for balloon-expandable stents is 316L stainless steel, a
low carbon (0.03% maximum) steel that has a high chro-
mium content (17–20%) and molybdenum (2–4%) to pre-
vent pitting corrosion in saline solutions (24). Stents made
from 316L stainless steel include the first coronary stent,
the Palmaz–Schatz stent (Cordis), NIR (Boston Scientific),
BeStent, S7 (Medtronic), Jostent (Jomed), Inflow (Inflow
Dynamics), and many more (see Table 1) (2,19,20,22–26).
Tantalum has also been used for stents such as the
Strecker stent (Medi-Tech) and the Tantalum Crossflex
stent (Cordis) because the material is a highly radiopaque
material but it has not been used extensively because it is
a very brittle material and therefore more prone to frac-
ture than stainless steel (27). Cobalt chromium has been
used for stents in recent years, including the Multilink
Vision (Guidant) and the Driver stents (Medtronic Vascu-
lar), to enable stents with thinner struts to be designed,
because cobalt chromium alloys have higher strength than
stainless steel (28). Some stainless-steel stents have also
been plated with gold to improve their radiopacity; how-

Table 1 Continued

Stent Material & Manufacturing Pro-
cess

Restenosis Rate Stent Design

Inflow gold Balloon expanding 50.3% (4)
Laser cut 316L gold plated

stainless steel tube
Multiple closed-cell design
Strut thickness: 0.075mm

*Stent dimensions from Colombo et al. (23) and pictures adapted from Serruys and Kutryk (19).
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ever, the restenosis rates observed in clinical trials for the
gold-coated stents in comparison with the uncoated stents
have been very poor; examples include the Inflow gold, the
inflow stent coated with gold, and the NIROYAL, the NIR
stent coated with gold (28).

5. STENT DESIGN CASE STUDIES

By investigating the unique geometrical characteristics of
a few stent designs, the elaborate shapes and structures of
these medical devices may be clearly observed as well as
the way in which these structures enable the complex
stent design requirements to be achieved. The geometrical
characteristics of a range of stent designs, their materials,
and the restenosis rate associated with each specific stent
design are given in Table 1.

5.1. Case Study I: BeStent2 (Medtronic Vascular)

The BeStent2 is a laser-cut, slotted tube, closed-cell stent
design made from 316L stainless steel. It includes several
novel junctions, which enable the design requirements of a
stent to be achieved as follows:

A. As the stent expands, the S crown and V crown
straighten in the longitudinal and circumferential
directions (see Fig. 4).

B. The S crown supports circumferential stress and the
V crown supports longitudinal stress.

C. The rotating junction distributes stress evenly and
minimizes foreshortening and recoil.

5.2. Case Study II: BxVelocity Stent (Cordis J&J)

The BxVelocity is a laser-cut, slotted tube, closed-cell stent
design made from 316L stainless steel. It includes ‘‘FLEX-
SEGMENTS,’’ which enable the stent to conform to curved
vessel geometries and provide excellent scaffolding along
the vessel lumen as follows:

A. FLEXSEGMENTS expand along the larger radius
of curvature on the outside of the curved vessel and
close along the sharp curvature of the inside of the
curved vessel (see Fig. 5).

B. FLEXSEGMENTS help to maximize vessel cover-
age while maintaining great flexibility.

C. The Clearflex stent (Clearstream) is another exam-
ple of a stent that uses similar flexible segments to
achieve good vessel curvature combined with flexi-
bility.

5.3. Case Study III NIR Stent (Boston Scientific)

The NIR is a laser-cut, slotted tube, closed-cell stent de-
sign made from 316L stainless steel. The NIR design in-
cludes horizontal and vertical loops, which minimize the
foreshortening and recoil of the stent. As the stent ex-
pands, the vertical loops straighten and elongate horizon-
tally, while the horizontal loops foreshorten horizontally
and expand vertically (see Fig. 6) (19).

6. STENT-DELIVERED THERAPIES

Currently, the most important goal in stenting is to solve
the problem of restenosis. Many new therapies and treat-
ments have been developed to overcome this problem in-
cluding radiation therapy, biodegradable, coated stents,
and drug-eluting stents.

6.1. Brachytherapy

Intracoronary radiation therapy or brachytherapy has
been found to significantly reduce in-stent restenosis rates
in humans when delivered via a radiation catheter to ves-
sels with in-stent restenosis. Gamma and beta radiation
have been evaluated for the reduction of restenosis, and
both modalities have shown reductions of in-stent res-

S Crown V Crown Rotating
junction

*3.5 mm BeStent2

Figure 4. Crimped BeStent2 (top) and deployed BeStent2 (bot-
tom), illustrating the movement of the stent junctions during
stent deployment [from www.medtronic.com].

FLEXSEGMENTs open
along the outside radius
of a bend.

FLEXSEGMENTs close
along the inside radius
of a bend.

Figure 5. The deployed BxVelocity stent showing the ability of
the stent to conform to a curved vessel using the FLEXSEGMENT
technology [from www.cordis.com].

STENTS 7



tenosis rates of the order of 50–60% (29). A problem asso-
ciated with brachytherapy is the difficulties associated
with aligning the radiation catheter with the affected por-
tion of the artery. Misalignment of the radiation source
has been found to result in restenosis occurring in areas
that did not receive the prescribed dose of radiation. The
long-term side effects of brachytherapy are still unknown;
however, it has been found to be a safe and effective ther-
apy in the mid-term (3 years) (29). To overcome the lim-
itations of catheter-based intracoronary brachytherapy,
brachytherapy has been combined with stenting. Radio-
active stents have been implanted in coronary vessels to
prevent the onset and progression of restenosis post-stent-
ing. Only limited success, however, has been reported for
this stenting therapy because of edge effects where the
injury caused to the vessel at the stent ends is very high
and the radiation levels are too low at these locations be-
cause of radiation falloff to prevent in-stent restenosis
(30).

6.2. Stent Coatings

Many stent coatings have been investigated to reduce the
thrombogenicity of stents and in-stent restenosis includ-
ing gold, carbon, and silicon carbide coatings (31). As men-
tioned previously, although gold coatings have been found
to improve stent radiopacity, they have also been found to
increase the level of in-stent restenosis when compared
with their stainless steel counterparts. Initial results from
the ANTARES study investigating carbon-coated stents
look promising and silicone carbon stents have shown a
significant reduction in adverse cardiac events through
the TRUST study (31). Phosphorylcholine is a synthetic
mimic of the outer wall of a red blood cell and has been
used as a biologically inert coating for stents (31). In vivo
experiments have shown that phosphorylcholine does not
interfere with stent re-endothelialization, but it has been
found to cause a similar degree of neointimal hyperplasia
as for uncoated stents (32). Phosphorylcholine-coated
BiodivYsio stents (Abbott Laboratories) are currently
available for clinical use and have also been loaded with
the anti-inflammatory drug dexamethasone and the va-

sculoprotective hormone 17-b-estradiol (33). Another com-
mon stent coating that has been applied to many stents is
heparin coating. Heparin is an antithrombotic drug and
heparin-coated stents have been found to reduce platelet
and endothelial activation when compared with bare
metal stents (31).

6.3. Drug Elution

In recent years, stents have been coated with anti-prolif-
erative drugs to prevent the onset and progression of
smooth muscle cell (SMC) proliferation, the major cellu-
lar process that contributes to in-stent restenosis. Only
two drug-eluting stents are currently FDA-approved, the
TAXUS (Boston Scientific) and the CYPHER (Cordis J&J)
stents. The TAXUS is a bare-metal Express stent coated
with paclitaxel, an anti-cancer drug that prevents SMC
replication. The CYPHER stent is a bare-metal BxVelocity
stent coated with sirolimus, also called rapamycin, which
prevents SMC proliferation. Results for both these stents
have been very favorable. In the most recent trial of the
CYPHER stent versus the control bare-metal stent, binary
restenosis rates of 3.1% and 42.7%, respectively, were ob-
tained. In the TAXUS trials, target lesion revascularizat-
ion was found to be 53% lower in the TAXUS stent group
in comparison with the control bare-metal group (9.1% vs.
19.4%) (34).

Other drug-eluting stents that are in trials include the
Medtronic Endeavour stent, a bare-metal Driver stent
coated with a sirolimus derivative, ABT-578, and the Co-
nor stent, which has novel drug reservoirs in its design
that can release drug to the lumen or the vessel or both
(see Fig. 7) (34).

Problems associated with drug-eluting stents include
the removal of the coating during stent expansion and the
influence of physiological transport forces on local drug
concentrations causing them to deviate significantly from
mean concentrations (35). Many methods have been used
for drug-loading stents with and without polymer coat-
ings. Some drugs can be loaded directly onto the stent
metallic surfaces (e.g., prostacyclin, paclitaxel) and there-
fore overcome the problem of the long-term residency of a
degrading drug-eluting polymer in the body. However,
most drugs require a polymeric coating where the poly-
mers ensure drug retention during deployment and mod-
ulate drug release kinetics (see Fig. 8). Polymer stent
coatings are applied by dipping or spraying the stent
with a drug held to the polymer by covalent, ionic, or hy-
drogen bonding. Drugs are released by particle dissolution
or diffusion when non-bioerodable matrices are used, or by
polymer breakdown when incorporated into a biodegrad-
able substance (32).

To date, the most successfully tested drug-eluting
stents have been coated with synthetic polymers: poly-n-
butyl methacrylate and polyethylene–vinyl acetate with
sirolimus, and a poly(lactide-co-S-caprolactone) copolymer
with a paclitaxel-eluting platform (32). However, poly(lac-
tic acid), poly(glycolic acid), and poly(lactide-co- glycolic
acid) are polymers that are naturally excreted from the
body and are therefore favored over potentially toxic poly-

Figure 6. Crimped NIR (top) and deployed NIR (bottom), illus-
trating the movement of the stent junctions during stent deploy-
ment (19).
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mers (36). For a more complete discussion of polymer stent
coatings to provide controlled drug release, see (36).

6.4. Biodegradable Stents

A final innovation that has occurred recently in stent de-
sign is to fabricate them from resorbable materials, see
(37) for detailed discussion of biodegradble stents.

7. CONCLUSION

Avery high rate of innovation has occurred in stent design
in very recent times. Innovation has occurred in both stent
deployment and stent design technologies such that vast

arrays of devices are now available. Cardiovascular stents
in particular have undergone rapid development in terms
of coatings with anti-proliferative drugs. Use of such drug-
eluting stents has solved one of the main issues with bare
metal stents (i.e., restenosis).
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Figure 8. Schematic representation of differ-
ent modalities of drug-eluting stent platforms
(black: stent strut; grey: coating). (a) Drug-
polymer blend, release by diffusion. (b) Drug
diffusion through additional polymer coating.
(c) Drug release by swelling of coating. (d) Non-
polymer-based drug release. (e) Drug loaded in
stent reservoir. (f) Drug release by coating ero-
sion. (g) Drug loaded in nanoporous coating
reservoirs. (h) Drug loaded between coatings
(coating sandwich). (i) Polymer-drug conjugate
cleaved by hydrolysis or enzymic action. (j) Bio-
degradable, polymeric stent (30).
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1. PHYSICAL MEANING

The word stress has many different meanings depending
on the context in which it is used. However, in mechanics,
it has a precise meaning. Stress is a measure of force in-
tensity in a material and may be described in terms of a
force per unit area. It is important to differentiate stress
from strain, which is a measure of the deformation of a
material resulting from stress. Stress and strain are sep-
arate, but physically coupled entities, which are related
mathematically by a constitutive equation.

The basic unit of stress in the International System of
Units (SI) is the pascal (Pa), which is equal to one newton
(N) per square meter (M2), where a newton is the basic
unit of force and a meter is the basic unit of length. Sim-
ilarly, the basic unit of stress in the American System of
Measures (U.S. Customary Units) is the pound per square
inch (PSI), where a pound is the basic unit of force and an
inch is the basic unit of length. The conversion of units of
stress between these two systems is given by the following
relation: 1 � 106 Pa¼ 1 MPa¼ 145 PSI (1).

Stress may act in a direction that is either normal to or
parallel to the surface upon which it acts. Normal stress
may be either compressive (tending to shorten the mate-
rial) or tensile (tending to elongate the material). Shear
stress may be developed by forces that are either linear
(tending to slide the material) or rotational (tending to
twist the material) (see Fig. 1).

Take, for example, the case of a woman wearing high-
heeled shoes stepping down onto a man’s foot (Fig. 2a). If
the woman weighs 100 pounds and the heel of her shoe is
one-quarter inch � one-quarter inch¼ one-sixteenth
square inches, the compressive stress that she can apply
to the man’s foot is 100 pounds per one-sixteenth square
inches, or 1,600 PSI (11.03 MPa). On the other hand, if the

man weighing 200 pounds (twice the woman’s weight)
turns around and steps on the woman’s foot with the heel
of his shoe, which is 3 inches � 3 inches¼ 9 square inches,
the compressive stress he can apply is 200 pounds per 9
square inches¼ 22.2 PSI (0.15 MPa) (Fig. 2b). Although
the man weighs twice as much as the woman, he can only
generate about 1% of the compressive stress with his heel!
Thus, it is not only important to consider the amount of
force applied but the area to which it is applied.

2. HISTORY

The example cited above in the section on the physical
meaning of stress includes stresses in both fluids and sol-
ids. The stress in the heels of the shoes is a problem of
pure solid mechanics, whereas the stresses in the feet are
a complex combination of stresses carried by the struc-
tures of the foot, which include solid, liquid, and biphasic
materials. Similarly, the history of the development of the
concepts of stress come from a mixture of endeavors in the
fields of fluid and solid mechanics.

The earliest reported notions of the concept of stress
date back to the work of Archimedes of Syracuse, Sicily
(287–212 B.C.) (2,3). Archimedes’ work, On Floating Bod-
ies, laid down the basic principles of hydrostatics, includ-
ing his most famous theorem called Archimedes’ Principle,
which gives the weight of a body immersed in liquid.
Nearly two millennia passed before the Dutchman Simon
Stevin (1548–1620) (2,3) took up the problem of the con-
cept of stress in hydrostatics. Stevin was actually born in
Bruges, Flanders (now Belgium), but he migrated to the
Netherlands where he became a military engineering ad-
visor to Prince Maurits who, with the help of some of
Stevin’s inventions, managed to gain independence from
the Spanish. In 1586, Stevin wrote his treatise De Begins-
elen des Waterwichts on hydrostatics. This work contained
notable advancements on the foundations laid by Archi-
medes. Stevin’s Principle of Solidification stated that in
any fluid at rest, if any portion of the fluid is replaced by a
rigid solid, the forces exerted on the remainder of the fluid
are unaltered. Stevin showed that the force of a static liq-
uid acting on a submerged surface was proportional to the
density of the fluid multiplied by the product of the area of

Figure 1. Examples of compressive, tensile,
and shear stress.
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the surface and the depth of the fluid above the surface
(rAh). However, his significant advancement beyond Ar-
chimedes has become know as Stevin’s Hypothesis, which
defines a traction vector acting normal to the submerged
surface tn¼ � krhn, where k is a constant and n is a unit
normal vector to the surface. This formula foreshadows
the culmination of the core of modern stress theory pre-
sented by Cauchy over 200 years later.

The Italian, Galileo Galilei (1564–1642) (2–4), is fa-
mous for his work on the dynamics of falling bodies and
the pendulum. He is also known for having been perse-
cuted by the Catholic Church for his promotion of the Co-
pernican theory, which states that the Earth and planets
orbit around the sun, such that the Earth is not the center
of the universe. Galileo’s belief in the Copernican system
was based on his use of telescopes. Many of Galileo’s ideas
were developed through experimental methods rather
than through pure philosophical thought, which was a
new and controversial approach to science at the time.
One of his less well-known contributions was on the con-
cept of rupture stress, presented in his book Discourses
and Mathematical Demonstrations Concerning Two New
Sciences (1638). The rupture stress concept, applied to the
strength of a perfectly uniform rope, indicates that the
strength of the rope is proportional to its cross-sectional
area and not its length. Hence, rupture in tension occurs
when a certain force per unit area is achieved, which is the
first presentation of the concept of stress in terms of a
force per area.

If Englishman Robert Hooke (1635–1703) (2,3) were
alive today, he would have been called a bioengineer. He
came from a family in which, traditionally, all males were
educated and became members of the Church. However,
as a young man, Hooke had poor health and was not ex-
pected to live to adulthood. His parents gave up on his
education and left him to his own devices. In so doing, he
was largely self-educated, studying what interested him:
plants, animals, farms, rocks, cliffs, the sea and beaches,
mechanical toys, and clocks. He had a natural talent for
drawing and spent time as a portrait painter’s apprentice.
After spending some time as an artist, Hooke decided that
he needed a more formal education. Although he never
attained a bachelor’s degree, he attended Westminster
School and Christ College, Oxford, where he was exposed
to many of the major scientists of his day. He later became
a member of the fledgling Royal Society of London. One of
his most well-known contributions to biology is his dis-

covery of and naming of the cell. His book Micrographia
contains many beautiful drawings and descriptions of
Hooke’s observations using an early microscope. The cells
that Hooke observed were actually the walls of plant cells
in cork, which he likened to so many little jail cells, hence
the name ‘‘cell.’’ Hooke also made significant contributions
to the field of mechanics. However, in his day, he was not
given proper credit for much of his work. In fact, it ap-
pears that Isaac Newton may have stolen some of his ideas
without giving him due credit. Perhaps the most profound
discovery of Hooke’s that was appropriated by Newton was
the inverse square law of gravity. Hooke’s contribution to
the field of stress came from his interest in clocks for nav-
igation. In order for a clock to function at sea, it could not
be powered by a pendulum, which is what led to Hooke’s
interest in springs. After his experience with intellectual
thievery, Hooke decided to announce his notion of elastic-
ity in 1676 as an anagram: ceiinosssttuv. He later decoded
his discovery to the world in 1678 as: Ut tensio sic vis (the
power of any springy body is proportional to the extension)
(6). It is this contribution that gives the name Hooke’s Law
to the basic equation of elasticity. However, Hooke’s orig-
inal work only considered force and not stress, as he did
not consider the issue of the area over which the force was
distributed.

Sir Isaac Newton (1643–1727) (2,3) was knighted by
Queen Anne of England in 1705 as the first scientist to be
so honored for his work. He is probably most well-known
by physicists and engineers for his three laws of motion
and his universal law of gravity (the latter of which he
probably appropriated from Hooke). On the other hand,
Newton laid the foundations for differential and integral
calculus early in his life and later fought with Leibniz, his
colleague in the Royal Society of London, for recognition
as the inventor of calculus. His contributions to the field of
stress touched on the concept of hydrostatic pressure.
These ideas harked back to the work of Stevin. However,
Newton’s theory was special and not general in that it was
constrained to an incompressible fluid in a stationary
spherical vessel.

Gottfried Wilhelm von Leibniz (1646–1716) (2,3) was
born in Saxony (now part of Germany) and traveled widely
in Europe. He met with many of the leading scientists of
his day. He was well educated, having earned a doctorate
in law. He is best known for his contributions to calculus.
He was the undisputed inventor of the integral notation

R

and the derivative notation dx. Leibniz was a fellow of the

(a) (b)
Figure 2. (a) 1,600 PSI (11.03 MPa), See text.
(b) 22.2 PSI (0.15 MPa), See text.
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Royal Society of London and a contemporary of Newton,
with whom he had a serious dispute over his claim that he
was the inventor of calculus. Leibniz contributed to the
field of stress with his analysis of rupture of transversely
loaded beams. His early beam theory calculated stress, but
neglected the resulting deformations of the longitudinal
fibers of the beam, thereby treating the beam as a rigid,
undeformable object.

Christiaan Huygens (1629–1695) (2,3) was a mathema-
tician who came from an important Dutch family. He was
in Paris in 1672 where he mentored Leibniz in mathemat-
ics. Huygens is known for his work with telescopes and
clocks, both technologies used for navigation. Huygens, a
fellow of the Royal Society of London, argued in favor of
the wave theory of light, which contradicted Newton’s
particle theory. He favored pendulum clocks over the
spring clocks promoted by Hooke. In his work with the
pendulum, he asserted that a plumb line was always per-
pendicular to the surface of the sea. Of course this asser-
tion was only valid in a calm sea—the reason why spring
clocks ultimately proved to be superior at sea. In his work
with pendulums and plumb lines, he sought unsuccess-
fully to correctly describe the shape of a rope suspended at
both ends.

The problem of the suspended rope was correctly de-
scribed by Ignace Gaston Pardies (1636–1673) (2–4), who
is known for having intervened between Newton and
Huygens in their controversies regarding the nature of
light. Pardies, a French Jesuit, who was described as being
as good a cleric as a scientist, correctly described the cate-
nary curve as it applied to the suspension bridge. Pardies’
principle stated that if a segment of a flexible line was re-
placed by a rigid segment of the same shape, the forces in
the remaining portions of the flexible line remain un-
changed.

Jacob (James) Bernoulli (1654–1705) (2–4) was the el-
dest of the family of Swiss mathematicians whose name is
famous for their contributions to the field of mechanics.
Jacob Bernoulli adopted Pardies’ principle (supra) and
wrote the equations for static equilibrium in a flexible
line. Jacob Bernoulli’s equilibrium equations were not
published until after his death in 1744. However, in the
meantime, his student Jakob Hermann (1678–1733) (2–4)
published these ideas in the form of the Tenacitas vel
Firmitas (1716), which essentially stated that the tensile
force in a flexible line acted in a direction that was tangent
to the curve of the line at any given point, and that if the
line were cut at a given point, the force required to main-
tain its position would be equipollent to the tensile force in
the intact line. The later portion of this concept is similar
to Euler’s cut principle (infra). Jacob Bernoulli also stated
the elastic law for the fibers of a beam, where the frac-
tional extension was given as a function of the force di-
vided by the area. As this paper contained some errors on
other matters, the ideas were not completely mastered by
those who followed (see Parent, 1713). However, Ber-
noulli’s work on this topic from 1705 is the first instance
where it became mathematically necessary to use a gen-
eral equation for the material properties (i.e., accounting
for cross section) rather than specific equations for differ-
ent-sized bodies (i.e., Hooke). Bernoulli’s law of beam

bending yielded the well-known result that stands today:

B¼EI;

B¼ rM, where r is the radius of curvature of the beam’s
neutral axis and M is the bending moment. I is the area
moment of inertia of the beam’s cross section, a concept
that dates back to work done by Leibniz. E is the modulus
of elasticity, which later became known as ‘‘Young’s mod-
ulus,’’ a term that comes from a series of lectures given by
Thomas Young in 1807 on the topics of Bernoulli’s and
Euler’s work.

Johann (John) Bernoulli (1667–1748) (2–4) was Jacob’s
younger brother. Johann was formally educated in medi-
cine, but had great interest in mathematics. Had his doc-
toral dissertation been published today, it would have
been considered to be a work of bioengineering, as it was
on mathematical modeling of muscular movement. Joh-
ann had a jealous nature and competed viciously with his
brother Jacob and his son Daniel Bernoulli (1700–1782).
Like his father, Daniel applied mathematical physics to
medicine in order to obtain his medical doctorate. His dis-
sertation was on the mechanics of breathing. In 1730,
Daniel developed the first relationship between steady
flow of an incompressible fluid in a tube to the pressure
that it exerts on the walls. He had the basic concepts cor-
rect in his 1738 publication Hydrodynamica; however,
some problems existed in the form of his equation and
his lack of conceptualizing internal pressure. In 1743,
Daniel’s father, Johann, attempted to appropriate his
son’s work by publishing, Hydraulica, nunc primum de-
tecta ac demonstrata ex fundamentis pure mechanicis with
a false date of 1732. However, it was indeed the work of
the elder, thieving Bernoulli who ultimately presented the
concepts in a form that is consistent with the modern form
of the famous ‘‘Bernoulli equation’’:

Pþ 1=2rv2þ rgh¼ constant:

Frenchman Antoine Parent (1666–1716) (2–4) was known
by his colleagues as an aggressive, tactless, critical, and
uncompromising character. His strength was a utilitarian
sense of the practical. He wrote widely on topics including
astronomy, cartography, chemistry, biology, psychology,
music, and various areas of theoretical and applied math-
ematics, particularly on the subject of strength of materi-
als and the effects of friction on motion. In 1713, Parent
followed the earlier unpublished work of Jacob Bernoulli
(supra) in order to accurately describe the equilibrium
forces and moments within a loaded beam. Parent relied
on Bernoulli’s earlier unsuccessful attempts to correctly
describe the neutral axis of a beam. Parent correctly de-
scribed the triangular distribution of axial forces across
the beam (with tensile forces acting on the convex side and
compressive forces acting on the concave side of the neu-
tral axis, respectively). He also determined that forces
must act in a direction parallel to the cross section of the
beam in order to satisfy the conditions of equilibrium. Al-
though he did not use the word, it was the first recognition
of the existence of shear stresses. Certain aspects of his
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analysis were not extended or even repeated until over
half a century later by Coulomb (infra).

Englishman Brook Taylor (1685–1731) (2,3) was a
mathematician in the Royal Society of London. He is
known for his development of the calculus of finite differ-
ences, integration by parts, Taylor polynomials, and Tay-
lor’s theorem. He was appointed to a committee of the
Royal Society set up to determine whether Newton or
Leibniz had invented calculus. He also had a priority dis-
pute with Johann Bernoulli, who was infamous for that
sort of thing. As a disciple of Newton, in 1715, he drew on
Newton’s concepts of hydrostatics and Huygen’s principle
of plumb in order to write a general differential form of
Stevin’s Hypothesis, which allows for varying density of
the fluid (i.e., compressibility):

dF / rAdh;

where r is the density of the fluid, A is the cross-sectional
area of the fluid perpendicular to plumb, and dF and dh
represent differential elements of force and height, respec-
tively. The modern student will immediately recognize
this relation and realize that the constant of proportion-
ality is the acceleration of gravity, g.

Leonhard Euler (1707–1783) (2–4) was the most prolific
writer of mathematics of all time. Leonhard’s father, Paul
Euler, lived with Johann Bernoulli in Jacob Bernoulli’s
house when they were undergraduates at Basel, Switzer-
land. Leonhard was a friend and colleague of Daniel Ber-
noulli and a distant relative of Jakob Hermann.

Euler’s Scientia Navalis (completed 1738, published
1749) presents an integrated version of Taylor’s hydro-
static equation (supra), which is based on the concept that
the pressures in all directions at a given point are equal
and are normal to the surface elements upon which they
act:

F¼ � rg
Z

S

hndS;

where F is the resultant force on surface S; h is the depth
at the point where the unit outer normal to S is n; and rg
is the density of the fluid times the acceleration of gravity
(which is the specific gravity). Although Euler’s work only
considered incompressible fluids near the surface of a flat
earth, the formula presented remains valid on a spherical
earth.

Further work by Euler, done in 1727 but not published
until after his death in 1862, gave a proof of the theory of
beam bending, based on a law of extension of the fibers.
This theory was based on the earlier, incomplete work on
this subject done by Jacob Bernoulli (B¼EI).

‘‘Euler’s Hydrodynamics’’ (1750–1755) presented Eu-
ler’s cut principle: The way to describe the motion of a
body is to cut it in two imaginary parts, an inside and an
outside, and to represent the entire action of the exterior
on the interior fields defined on the boundary. Cauchy
used this concept in deriving his ‘‘fundamental theorem.’’

Frenchman Charles Coulomb (1736–1806) (2–4) was a
military engineer and an applied theoretical physicist. His

crowning achievements were in the area of friction, which
is related to the subject of shear stress. Following the work
of Parent (supra), Coulomb wrote down, in integrated
form, all the equations for the cross section of a beam;
he concluded that the area under the curve of pressures
must equal that under the curve of tensions, and he cal-
culated the resulting shear stress in terms of the load.
Furthermore, he showed that a beam subjected to pure
axial compression had a shear stress that was greatest on
a plane inclined at 451.

Englishman Thomas Young (1773–1829) (2,3) was for-
mally trained as a physician and made many discoveries
in natural philosophy and physiological optics. He had
mastered several languages and was one of the first to
translate Egyptian hieroglyphics. He became president of
the Royal Society of London. He is famous for his presen-
tation of ‘‘Young’s modulus’’ from a series of lectures given
in 1807 on the topics of Bernoulli’s and Euler’s work. Euler
tried to derive Jacob Bernoulli’s law of bending of a beam
from Hooke’s law of extension for the longitudinal fibers,
which is a classic mathematical problem described in mod-
ern textbooks. In order to solve the problem, Euler found
that it was mathematically necessary to introduce a mod-
ulus of elasticity that represents a material property that
was independent of the size of the specimen. This value
was E (the ratio of stress to strain), which is the modern
elastic modulus, commonly referred to as ‘‘Young’s modu-
lus.’’ Ironically, the modulus actually presented by Young
in 1807 is not the same as the modern elastic modulus E,
which bears his name. Young was a nonmathematical,
largely empirical scientist. He bungled his definition of E
and presented it as a ratio of force to strain instead of
stress to strain.

Parisian Augustin Louis Cauchy (1789–1857) (2–4) was
a mathematical genius who produced 789 mathematical
papers in his lifetime. However, because of his staunch
Catholic beliefs, he was not well liked by his fellow scien-
tists. Along with Euler, Cauchy is considered to be the fa-
ther of the modern concept of stress. Although the basic
concepts date all the way back to Stevin (1586), Cauchy
was the first to present the stress principle in the frame-
work of a continuum in 1822. Cauchy’s principle asserts
that defined upon any imagined closed surface in the in-
terior of a continuum exists a stress vector field whose
action on the material occupying the space inside that
surface is equipollent to the action of the exterior material
upon the surface. This concept is essentially the same as
‘‘Euler’s cut principle’’ (supra). Using the principles of
equilibrium, Cauchy derived his fundamental theorem,
commonly referred to as Cauchy’s formula, which states
that a linear transformation exists over a space of vectors,
known today as the stress tensor (sij), whose operation on
the unit outer normal vector (nj) yields the traction vector
Ti
n.

Tn
i ¼ njsij;

where the traction vector has units of force per area
(stress). See the section 3.
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In 1901, R. F. Muirhead (4,5) wrote a letter to the editor
of the journal Nature, reviewing the history of the use of
the actual word ‘‘stress.’’ The true and complete concept
itself dates back to the works of Euler and Cauchy. How-
ever, according to Muirhead, the word itself was first in-
troduced by William Rankine (1820–1872) in his work ‘‘On
Axes of Elasticity and Crystalline Forms’’ in 1855. Inter-
estingly, Muirhead’s letter, which is intended to enlighten
the scientific community on the topic of stress, actually
insists that the word stress refers specifically to a vector
with dimensions of force alone and that the concept of force
per unit area should be referred to as ‘‘unital stress.’’ A
rebuttal to this opinion follows Muirhead’s letter. The un-
named reviewer contradicts Muirhead’s opinions conclud-
ing, ‘‘While I share Muirhead’s regret at the limitation
thus imposed on the meaning of a general term ‘stress’ as
indicating the mutual action between two bodies, I hardly
think his suggestion to distinguish between ‘stress’ and
‘unital stress’ will meet the case.’’ Looking back now, over
100 years later, it is apparent that the reviewer was cor-
rect!

3. MATHEMATICAL THEORY

3.1. The Continuum (6,7)

The mathematical description of mechanical stress is
based on the concept of a continuum. Although all mate-
rials are ultimately composed of discrete particles, a con-
tinuum is a mathematical abstraction describing a body,
which contains such a large number of particles per unit
volume of interest that the individual particles may be
neglected and the body is considered to be continuous. Al-
though the mathematical concept of a continuum may ap-
ply to an n-dimensional system, most engineering
applications involve a body with three dimensions or
less. As an analogy, consider a 2D example: a photograph.
If one looks close enough at a photograph, the individual
grains of pigment (or pixels in the case of digital photog-
raphy) are visible. However, at arm’s length, the image
appears smooth and continuous. As the photograph is vi-
sually continuous, the continuum model assumes that the
body being analyzed is mathematically continuous.

3.2. Surface Forces, Body Forces and the Traction Vector
(6,7)

Forces may be transmitted to a body in two ways: from a
distance or at the surface. Forces acting from a distance,
such as gravitational or electromagnetic forces, are called
body forces and may be described as a force per unit mass.
Forces acting at the surface of an object or acting at a
boundary within a body are called surface forces.

Consider a surface force acting on an arbitrary bound-
ary S within a body, as shown in Fig. 3. The surface force
may be described mathematically by a vector Tn, which
acts normal (perpendicular) to the surface boundary S. Tn

is called the traction vector or the stress vector. If one con-
siders a small portion of the surface DS, and the force act-

ing on DS as DF, then in the limit as DS-0,

lim
DS!0

DS=DF¼dS=dF¼Tn
ð1Þ

The stress principle, attributed to Euler and Cauchy,
states that the traction vector Tn acting on the exterior
of the surface boundary S is equipollent to the stress vec-
tor acting inside of S. A corollary to this principle is Ca-
uchy’s formula, which relates the traction vector to the
stress tensor, will be described below.

3.3. The Stress Tensor (4,6–8)

Consider a small cube of material with its faces parallel to
a rectangular Cartesian coordinate system (X1, X2, X3), as
shown in Fig. 4. The components of stress acting on this
cube are completely described by the following matrix:

Stress Components

∆F

∆S

S

B
X1

X3

X2

�

Figure 3. Stress principle (see text).

σσ33

σ32

σ23

σ22

σ21

 

σ31

σ13

σ12

σ11

 

X3

X2 

X1

Figure 4. Notation of stress components (see text).
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1 2 3

Surface normal to X1 s11 s12 s13

Surface normal to X2 s21 s22 s23

Surface normal to X3 s31 s32 s33

The first subscript of each stress component represents
which surface of the cube it is acting on, whereas the sur-
faces are designated by the coordinate axes that they are
perpendicular to. The second subscript represents the co-
ordinate direction in which that stress component is act-
ing. Hence, components with like subscripts represent
components of normal stress, and components with differ-
ent subscripts represent shear stress. It may be shown
that, if the stress matrix described is transformed into a
different coordinate system, the laws of the transforma-
tion obey the mathematical rules of a rank-2 tensor.
Therefore, stress is a tensor. Furthermore, it may be
shown from laws of moment equilibrium, in the absence
of couple-stresses, the stress tensor is symmetric, for ex-
ample,

s12¼ s21

s13¼ s31

s23¼ s32

or; sij¼ sji:

ð2Þ

Hence, the stress tensor is completely described by six
unique components.

3.4. Cauchy’s Formula (Cauchy’s Fundamental Theorem)
(6,7)

Cauchy’s Formula gives the relation between the traction
vector Tn and the stress tensor sij:

Tn
i ¼ njsji; ð3aÞ

where nj is the surface normal vector as shown in Fig. 3.
Note that Equation 3a uses the indicial notation and the
summation convention such that the complete expanded

form reads:

Tn
1¼ n1s11þ n2s21þ n3s31

Tn
2¼ n1s12þ n2s22þ n3s32

Tn
3¼ n1s13þ n2s23þ n3s33;

ð3bÞ

where Tn
1, Tn

2, and Tn
3 are the components of the traction

vector and n1, n2, and n3 are the components of the surface
normal vector.

Cauchy’s formula uniquely associates the nine compo-
nents of stress sji with the traction vector Tn on any sur-
face element in a body.

3.5. Coordinate Transformations (6,7)

To rotate a Cartesian coordinate system in which the
stress is defined from x1, x2, x3 to x01, x

0
2, x

0
3, as shown

in Fig. 5, use the following equation:

skm 0 ¼ sjibkjbmi; ð4Þ

where the repeated indices are dummy indices that are
summed over their range and the nonrepeated indices are
free indices. bkj are the direction cosines between the k
and j axes (Fig. 6).

3.6. Principal Stresses (6–8)

Principal stresses are obtained through a rotation of the
coordinate system such that all components of shear stress
vanish.

3.7. Saint Venant’s Principle (6,7)

The stress field in a large body is not affected by local
nonuniformities that occur near the points of application
of forces. These so-called end-effects that occur where
forces are applied vanish at a distance. For example, if a
bolt is subjected to torque by the application of a wrench at
the head of the bolt, the stress field locally will reflect the
nonuniformities of the interface of the wrench with the
head. However, at a distance, in the shaft of the bolt, the
stress field will be that of pure shear.

X ′
3

X3
X3

σ33

σ22

σ33

σ11

′

σ11
′

σ22′

X′
1

X2

X2  

X1

X ′
2

X1

Given stresses Desired stresses 
Figure 5. Transformation of stress components
under rotation of coordinate system (see text).
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3.8. Alternative Definitions of Mechanical Stress (9)

Stress may be defined mathematically according to vari-
ous conventions. For example, in the case of a rectangular
plate of uniform thickness with two pairs of forces (Fxx and
Fyy) acting on the edges of the plate, where x and y rep-
resent the principal axes, L0 and L represent, respectively,
the undeformed and deformed lengths of an edge, r0 and r
represent, respectively, the density of the material in the
undeformed and deformed states, and l¼L/L0 are called
the stretch ratios:

sxx¼
Fxx

Lyh
syy¼

Fyy

Lxh
Txx¼

Fxx

Ly0h0
Tyy¼

Fyy

Lx0h0

Sxx¼
1

lx
Txx¼

r0

r
1

l2
x

sxx Syy¼
1

ly
Tyy¼

r0

r
1

l2
y

syy:

ð5Þ

sxx and syy are the stresses defined in the sense of Cauchy
and Euler used in Equations 2–4 above. Txx and Tyy are the
stresses defined in the sense of Lagrange and Piola. Sxx

and Syy are the stresses defined in the sense of Kirchoff
(also called the second Piola Kirchoff stress). In the case of
infinitesimally small deformations of the material, the dif-
ferences among these forms of stress become negligible.

3.9. Residual Stress and the Zero Stress State (9)

A body that is not subjected to any applied loads is not
necessarily in a state of zero stress. Certain objects in an
unloaded state may exhibit internal residual stresses. An
example occurs in metals when they are machined. The
plastic deformation that occurs at the machined surface
traps stress in the machined part, even when it is not
subjected to external loads. Although this example may
lead to undesirable mechanical consequences, in other sit-
uations, residual stresses may be used to engineer a me-
chanically superior device. For example, in the case of a
cylindrical pressure vessel, residual stresses in the vessel
wall will distribute the stress more evenly through the
vessel wall, making it capable of withstanding higher
pressures. Engineering examples of this include gun bar-
rels and beer barrels. In mammals, the arteries are resid-
ually stressed, allowing them to withstand higher blood
pressures. The residual stress may be observed by deter-
mining the zero-stress state compared with the no-load
state. If an artery is removed from the body and cut trans-
verse to its long axis on two parallel planes, a ring will be
produced. If the ring is allowed to float in a neutrally

buoyant solution, it will be free of external loads (the no-
load state). If a single radial cut is made in the ring, it will
tend to spring open into a sector, thereby releasing the
residual stress, which is the zero-stress state. The opening
angle of the sector is a measure of the amount of residual
stress that was in the vessel wall before the radial cut was
made.

3.10. Finite Element Method (FEM) (10)

The analysis of stress and strain in a body (or structure) is
governed by a set of partial differential equations posed in
the form of a boundary value problem. In certain cases of
simple geometry, analytical methods provide closed-form
solutions to the governing differential equations. In cases
of more complex geometry, numerical methods, which
yield approximate solutions, must be applied. The Finite
Element Method (also called Finite Element Analysis,
FEA) is a numerical technique, which generally involves
the use of a computer program. The body (or structure)
being analyzed is broken up into a set of continuously
connected, discrete finite elements (polyhedra) that are
geometrically connected via their common vertices
(nodes). The change of the dependent variable with re-
gard to location is approximated within each element by
an interpolation method. The original boundary value
problem is then replaced with an equivalent integral for-
mulation. The interpolation functions are then substi-
tuted into the integral equation, integrated, and
combined with the results from all the other elements in
the solution domain. The results of this procedure are
then reformulated into a matrix equation, which is sub-
sequently solved for the unknown variables. The output of
this numerical computer technique is a graphical repre-
sentation of the stress (or strain) field in the body or struc-
ture being analyzed. Elements are color-coded to
represent the magnitude of stress (or strain) in each ele-
ment. This technique is used in many biomedical engi-
neering applications to analyze stresses and strains on the
cellular, tissue, organ, or organism level. FEM is also used
in the design and development of medical implants and
devices.

4. MEASUREMENT TECHNIQUES

All currently known stress measurement techniques ac-
tually measure deformation (strain). The stress-strain re-
lationship may then be used to calculate the stress state.
Most methods for measuring stress actually measure sur-
face forces on the boundary of a test specimen. Saint Ven-
ant’s principle may then be applied to determine stresses
within the specimen. One exception to this principle is the
technique of photoelastic stress measurement in which po-
larized light is transmitted through a stressed piece of
glass. The resulting color pattern, which is physically pro-
duced by the strain in the glass, provides a means to vi-
sualize the stress field, which is proportional to the strain
field (8). Some of the more common methods of determin-
ing stress by measuring surface forces are:

Figure 6. Pressurized, no-load, and zero-stress state of an artery.
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4.1. Load Cells

Load cells are devices that are attached to the surface of a
test specimen where forces are applied. The load cell de-
forms, and electrically resistive strain gauges are used to
measure the resulting strain in the load cell. The electrical
output signal from the strain gauge(s) may then be cali-
brated against known load standards in order to provide
physically meaningful force data. Bending beam load cells
are the most popular design. In this type of a load cell, the
force is applied to a rectangular block of steel mounted as
a cantilever beam. Strain gauges are mounted to the top
and bottom of the beam. The output from these strain
gauges is proportional to the applied load. In a similar
fashion, torque can be measured by mounting strain
gauges on the surface of a cylindrical shaft. The output
from these strain gauges is proportional to the applied
torque. Multi-axis load cells combine the elements of force
and torque sensors. The majority of multi-axis transduc-
ers use strain gauges to decompose the applied loads into
orthogonal components. The strain gauges are configured
in a full four-arm Wheatstone bridge. Each strain gauge is
mounted on a different surface of the loading element in
such a way that individual force and moment components
may be resolved. Using this technique, load cells can be
configured with up to six degrees of freedom (6-DOF):
three force axes (Fx, Fy, Fz) and 3 moment axes (Mx, My,
Mz). An example of an application of a 6-DOF load cell may
be found in the technique developed by Fuije et al., in
which the magnitude, direction, and point of application of
the force in the anterior cruciate ligament of a cadaver
knee is determined without making any direct mechanical
contact with the ligament itself (11).

4.2. Pressure Sensors

Data on the distribution of compressive stresses are useful
in gait analysis, prosthetic joint surface design, grip
strength sensors, proprioceptive feedback sensors in robo-
tic control systems, and so on. Distributed compressive
stresses can be measured through a variety of contact
pressure-sensing techniques:

The simplest method involves the use of pressure-sens-
ing films that record peak stresses. One such device makes
use of a mylar film containing microcapsules. The appli-
cation of force on the film causes the microcapsules to
rupture, producing an immediate and permanent image of
the pressure variation across the contact area. The inten-
sity of the image color is proportional to the peak stress
(12). This technique is useful for recording static stress or
peak stress in a dynamic situation. However, if dynamic
compressive stress measurements are required, electrical
techniques must be used.

One such dynamic compressive sensor uses an array of
microsensors distributed between two flexible polyester
sheets. Using printed circuit technology, the polyester
sheets contain an array of electrodes. The electrode-bear-
ing sheets are separated by a thin layer of electrically re-
sistive ink. When stress is applied to the outer sheets, the
ink is strained (compressed), changing its electrical resis-
tance. Computer-controlled electronics and data acquisi-
tion systems allow for dynamic recording and real-time

graphical display. The manufacturer offers sensors with a
spatial resolution of 0.140 mm2 and full-scale stress range
from 0–0.15 kPa to 0–175 MPa, depending on which device
is used (13).

A competing device uses an array of capacitive ele-
ments, wherein two electrically conductive materials are
separated by a dielectric membrane consisting of a rubber
material. As the rubber membrane is compressed, it’s di-
electric constant changes, thereby changing the capaci-
tance. This device is available in various geometries of
sensor arrays. Output can also be displayed in real-time or
recorded on a computer system. The manufacturer offers a
variety of sensor pads with the most sensitive capable of
measuring stress ranges from 1–60 kPa with an average
spatial resolution of 7.2 mm2 and the least sensitive mea-
suring stress ranges from 50–1,800 kPa with an average
spatial resolution of 400 mm2 (14).

4.3. Piezoelectric Sensors (15,16)

The application of mechanical stress to certain anistropic
crystals generates an electric charge on the surface of the
crystal. The converse effect also occurs where the applica-
tion of an electrical charge to the crystal will cause the
crystal to deform. The word piezoelectric, first coined by
W. G. Hankel in 1881, comes from the Greek word piezein,
to press. The piezoelectric effect occurs in naturally grown
crystals such as quartz and tourmaline. Additionally,
manmade ceramic and polymer materials have been de-
veloped for their piezoelectric properties. Certain biologi-
cal materials, including bone, exhibit piezoelectric effects
that may play a role in the tissue remodeling response to
mechanical stress. Piezoelectric materials exhibit a highly
linear relationship and low hysteresis between the applied
stress and the generation of electrical charge. As sensors,
piezoelectric materials are most well-suited for the mea-
surement of dynamic, high-frequency loading events. Pi-
ezoelectric sensors are used in a variety of biomedical
engineering applications, including force- and stress-sens-
ing devices. A force platform consisting of four three-com-
ponent piezoelectric transducers can determine the
vertical and the two shear forces resulting from a stress
applied to the surface of the platform. The use of four
transducers in the plate also allows one to mathematically
determine the point of application of the force-resultant
vector and the moment around the axis perpendicular to
the plate surface.

5. NONMECHANICAL MEANINGS OF STRESS RELEVANT
TO BIOMEDICAL ENGINEERING

‘‘ywhen an engineer estimates the weights a beam or
bridge must support, or the pressures to which a boiler
will be subjected, he does not provide merely for those
stresses in building the structurey How are our bodies
built? yis there allowance for contingencies – have safety
factors been introduced on which we may count in times of
stress?’’ (20).

In addition to discrete mechanical definitions of stress,
bioengineers often consider variables referred to as phys-
iological stresses. Responses to changes in temperature,

8 STRESS



water balance, oxygen, and pressure affect whole organ-
isms, organs and tissues, cells, and molecular structures,
which enable life in a broad range of environments.

Organisms must integrate their individual functional
units. Complex, vital, but sometimes less obvious, activi-
ties are required for the constant regulation of their in-
ternal environment from the molecular to the organismal
level. This maintenance of a relatively stable internal en-
vironment, homeostasis, is accomplished by constant vari-
ations among integrated functional units in response to
stimuli. Internal regulation allows organisms the freedom
to move from oceans to freshwater and from aquatic to
terrestrial and airborne lifestyles.

Temperature regulation and thermal adaptation allow
life in air temperatures ranging from � 701C in polar win-
ters to above 451C in desert summer shade. Organisms
survive water temperatures from near the freezing point
of seawater [near �21C] to above 501C in hot springs. Salt
concentrations vary from near zero in freshwater to nearly
three times that of seawater in shallow estuaries, whereas
mineral springs can be saturated with salts. Atmospheric
pressure varies from one atmosphere [one ATM¼
760 mm Hg] at sea level or slightly above that for deep
valleys (e.g., Death Valley, CA) to less than half that at an
altitude of 5000 m (21–25). For example, the barometric
pressure of Mt. Everest at 8848 m (B29,000 ft) is
226 mm Hg. The partial pressure of oxygen (PO2) de-
creases from 159 mm Hg (21.2 kPa) at sea level to less
than 50 mm Hg, whereas the alveolar PO2 in lung de-
creases to B21 mm Hg while alveolar air PO2¼

104 mm Hg at sea level (26). Partial pressures of oxygen
decrease with altitude, which includes hypobaria, with
high temperature on land and with breath-hold diving
(apnea) in aquatic environments. Hypoxic hypobaria in
mammals accustomed to living at sea level induces pul-
monary hypertension, which results in changes of the
gene expression, morphology, and the zero-stress state of
the pulmonary arteries (27), which is an example of a form
of physiological stress that induces changes in mechanical
stresses within the body. Residual stress and the zero-
stress state in arteries are described in the section 3. Am-
phibians and reptiles live at altitudes of 3700 m to 5200 m
in the Himalayan Mountains, whereas birds have been
documented to over 28,000 feet (8500 m). Aquatic species
experience hydrostatic pressures from one ATM at the
water’s surface to near 1110 ATM in the deepest ocean
(e.g., the Marianas Trench 11,100 m depth). Perhaps most
amazing are organisms that survive states of ‘‘suspended
animation’’ or hypometabolism. Tardigrades are versatile
invertebrates that can survive extreme desiccation and
low temperature for many years by assuming a state of
dormancy beyond that of hibernation or torpor. These wa-
ter bears contract into a cyst-like state enabling them to
withstand immersion in liquid helium [� 2721C], brine,
ether, and absolute alcohol. This anabiotic or cryptobiotic
state can be reversed within a few hours of immersion in
water (18,19,28).

Physical or emotional stress can excite the sympathetic
nervous system of more derived animal forms and is often
referred to as the sympathetic stress response, the fight or
flight reaction, or ‘‘alarm reaction.’’ Sensory signals from

peripheral nerve receptors send signals to the spinal cord
and brain stem or hypothalamus, which may elicit reflex
responses back to peripheral organs or tissues to regulate
their activities. If fear, rage, or severe pain activates the
mammalian hypothalamus, mass sympathetic discharge
enables the body to perform vigorous muscle activity.
Blood flow and arterial pressure are increased in active
organs and muscles, while blood flow to less-needed tis-
sues is decreased, conserving energy for strenuous activ-
ity. Increased cellular metabolism, increased blood
glucose, and increased conversion of glucose to lactic
acid in muscle (glycolysis) contribute to increased muscle
strength and activity enabling vigorous physical activity
(i.e., fight or run).

‘‘Perhaps a comparative study would show that every
complex organization must have more or less effective self-
righting adjustments in order to prevent a check on its
function or a rapid disintegration of its parts when it is
subjected to stress.’’ (17).

Living organisms are unique in their ability to respond
to stress, mechanical or otherwise.
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1. INTRODUCTION

Substrate arrays of microelectrodes (MEAs) are microfab-
ricated devices that can be electrochemically coupled to
portions of brain tissue maintained in vitro (i.e., either
cultures of dissociated neurons or brain tissue slices),
because the electrically excitable cellular components in
these experimental preparations are comparable in size
with the MEA-engineered microstructures (see Figs. 1 and
2). These arrays are usually made of up to 100 indepen-
dent microelectrodes, each with a diameter of a few tens of
micrometers, embedded in a planar biocompatible sub-
strate and spatially distributed over an area of a few
square millimeters (see Figs. 3 and 4) (1). MEAs are
employed as the bottom of an ad hoc electrophysiological
recording chamber, or as a kind of Petri dish for cell
cultures, in the standard settings of in vitro cellular
electrophysiology. Thanks to appropriate electronic in-
strumentation, such as low-noise multichannel preampli-
fiers and stimulus isolators, it is possible to extracellularly
and noninvasively detect and stimulate the distributed
electrophysiological activity of a neuronal population in
vitro, either acutely coupled on top of the MEAs (see Fig. 1,
right panel), or growth on it during several weeks and
cultured under sterile physiological conditions (see Fig. 2).

The advantages of the MEAs can be better appreciated
when compared with the current state-of-the-art network-
level electrophysiological approaches in vitro. These con-
sist of simultaneous intracellular/patch-clamp access to
the membrane voltage from visually identified single
neurons, on manual or semiautomatic placement of sev-
eral glass pipette electrodes (e.g., 5–10) in close contact
with the somatic membranes (2). However, the maximal
number of electrodes, thus of cells, is severely restricted by
space constraints below the stage of an upright microscope
and by the availability of very expensive (e.g., piezoelec-
tric) multi-micromanipulator units. More importantly,
such an approach is highly invasive and requires the
experimenter to possess considerable skill for a quick
and precise micromanipulation. Although superior in
terms of the quality of the electrophysiological recordings,
patch-clamp electrodes dialyze the intracellular compart-
ments with the pipette solution, altering the physiological
cytosolic concentrations, and they always irreversibly
damage the neuronal membrane, which makes it extre-
mely difficult to keep stable and reliable recording condi-
tions for more than a few hours, posing serious limits to

the experimental issues that can be investigated. On the
contrary, MEAs offer the unique opportunity to monitor
and stimulate the temporal electrochemical activity of a
neuronal network with a much higher spatial resolution,
noninvasively and over a longer time horizon (i.e., up to
several months with cultured neurons). Although only an
extracellular detection of neuronal spiking activity is
usually possible [but see (3)], MEAs further opened the
way to the long-term study and identification of the
impact of metabolic and homeostatic neuronal mechan-
isms, affecting and modulating the spatial patterns of the
network electrical activity, as well as of the development
and plasticity of synaptic connections.

2. MEAs FABRICATION

Several research groups today are using MEAs as a
standard tool for neurophysiological investigations1. How-
ever, it was only after a pioneering period at the beginning
of the 1980s, during which MEAs design and fabrication
were exclusively achieved by researchers with access to
nanotechnological facilities (i.e., clean-rooms), that sub-
strate arrays and integrated multichannel hardware be-
gan to be commercially available2.

As already mentioned, the technological processes in-
volved in the fabrication of MEAs have been mainly
derived from the microelectronic technological processes
that, over the last several decades, evolved into reliable
and precise industrial automated methods. Such technol-
ogies, oriented to the large-scale production, and particu-
larly advanced in the field of microprocessors fabrication,
basically consist of a multilayered bi-dimensional manip-
ulation of substrate materials and semiconductors (see
Fig. 3). A similar paradigm is conceptually similar to the
fabrication of (macroscopic) electronic printed board cir-
cuits in discrete electronics.

For biocompatibility reasons, the substrate materials
employed in the fabrication of MEAs are usually glass,
quartz, or silicon. Individual leads are made of gold or
indium-tin oxide and are able to carry electrical signals,
linking external amplification/stimulation electronics to
the microelectrode-electrolyte interface (see Figs. 1–4).
The deposition of the bi-dimensional substrate leads,
independently contacting each microelectrode, follows
micro-photolithographic procedures, after the fabrication
of a photographic mask, in a very similar way to what is
requested for the design of VLSI electronic components.
Leads are coated with an insulating layer (e.g., silicon
oxide, silicon nitride), preventing the electrical shunting
of the signals to the bath solution and further allowing the
cells to be intimately coupled to the MEAs, after surface
coating by adhesion-promoting molecules (e.g., laminin,
polylisin, cellulose nitrate, etc.). The microelectrode active
area, left exposed by the insulating layer, is usually

1Other types of excitable cells and tissues, such as syncytia of

cardiac miocytes, are also being actively studied.
2See for example: http://www.multichannelsystems.com/neuro;
http://www.panasonic.com/medical_industrial/MEDSystem;
http://www.ayanda-biosys.com; http://www.cnns.org.
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treated by platinum coating to fabricate a metallic elec-
trode (Fig. 4).

A few examples of MEA devices, microfabricated on a
silicon substrate, are reported in Figs. 3 and 4, showing
planar and three-dimensional micromachined MEAs for
different applications. Planar arrays are suitable to be
coupled to dissociated neurons when employed as cell-
culture dishes (Figs. 2 and 4), while more sophisticated
three-dimensional structures and perforated substrates
are commonly used with acute and organotypic brain
tissue slices (Figs. 1 and 3).

Finally, as attempted by several laboratories, silicon
substrates can also be exploited as a semiconductor,
fabricating arrays of a special kind of transducers, im-
plementing ion-sensitive field-effect transistors (IS-FET)
or insulated gate field-effect transistor (IG-FET) (4–6).
Moreover, thanks to the compatibility with standard

CMOS fabrication technology, besides difficulties develop-
ing from worse signal-to-noise ratio, compared with pas-
sive metallic microelectrodes, the same approaches can
lead to the development of high-density arrays (i.e., with
thousands of independent recording sites), with inte-
grated signals multiplexing and processing capabilities.

3. COMPLEMENTARY TECHNIQUES: OPTICAL IMAGING

It is easy to foresee that, in the next years, in vitro
network neurosciences will take advantage of the simul-
taneous combination of MEAs and complementary tech-
niques. In fact, MEAs do not represent the only possible
technological way to overcome the poor spatial resolution
of the traditional in vitro electrophysiology (1,7). Beyond
the intracellular and whole-cell patch-clamp recording
techniques, in the last few years, impressive advances in

Figure 2. Cartical neurons dissociated from rat
embryos can be cultured on arrays of planar micro-
electrodes. Cells grow and ‘‘randomly’’ develop neur-
ites and synaptic connections over several weeks in
vitro, organizing into a bi-dimensional network.
Electrical signals can be detected extracellularly
by each microelectrode, and mainly result from the
combined emission of action potentials by a few
neurons (usually up to three) covering the same
microelectrode.

Figure 1. Substrate arrays of microelectrodes (MEAs) are suitable to be coupled to acute as well
as organotypic brain tissue slices: (left) The MEA is made of a small microfabricated glass
substrate attached to a standard pcb board, which provides the physical interface to external
electrophysiological stimulation/recording equipment. Acute parasagittal slices of rat brain
neocortex (right) are prepared according to standard methods, maintained under healthy condi-
tions in vitro, and placed on the top of the MEAs. The location of the pial surface and of the white
matter are indicated. Standard infrared interference contrast (DIC) videomicroscopy can be
implemented, thanks to optical properties of the glass substrate, making it possible to combine
MEAs to traditional glass electrode techniques (e.g., patch-clamp in the whole-cell configuration).
The sketch of a glass pipette, patching a layer V pyramidal neuron, has been superimposed to the
image of the cortical slice. This MEA has been developed at the Swiss Federal Institute of
Technology of Lausanne (EPFL), Switzerland.
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(a)

(b)

Figure 3. Examples of (a) Pt-tip and (b) Pt-
hillock microelectrodes, micromachined on a
perforated silicon substrate. The correspond-
ing electron-microscopy images, the sketch of
the cross sections and the geometrical fea-
tures of the microelectrodes are reported.
These arrays have been developed at the
Institute of Microtechnology, University of
Neuchatel, Switzerland, for brain tissue slices
electrophysiology (picture kindly provided by
L. Berdondini).

Figure 4. Example of an array of 30 planar microelec-
trodes, microfabricated on a silicon substrate, designed
and developed at the Institute of Microtechnology,
University of Neuchatel, Switzerland (picture kindly
provided by L. Berdondini).
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the optical imaging techniques and confocal microscopies
occurred. Such approaches are usually combined with the
use of calcium- and voltage-sensitive dyes, together with
photodiode arrays or special high-sensitivity CCD cam-
eras. Actually, once the individual cells of a population
(i.e., both brain slices and dissociated cell cultures) are
filled with these dyes in vitro, they emit fluorescent
signals when excited by an appropriate wavelength light
stimulation, as a function of the local intracellular free
calcium concentration or electrical field (8). However,
when the temporal resolution is of concern, these techni-
ques are still one or two orders of magnitude slower than
electrophysiological recordings. These approaches are, of
course, extremely invasive and have several disadvan-
tages related to low signal-to-noise ratios and phototoxi-
city. More importantly, by the optical techniques, it is
usually not possible to deliver a distributed, patterned
stimulation of the electrical activity in a network, as the
signal transduction is, by definition, one-way [but see in
the literature the light-activated chemically-caged neu-
roactive compounds (9,10)].

4. BRAIN TISSUE SLICES COUPLED TO MEAs

As mentioned in the Introduction, brain tissue slices can
be coupled to MEAs for recording as well as stimulation
purposes, acutely or in organotypic long-term tissue cul-
tures. Compared with the cultures of dissociated neurons,
slices have the advantage of retaining the same cytoarch-
itectural details and phenotypes of the in vivo brain
microcircuits. Furthermore, the biophysical properties of
single neurons and synapses, developing as a consequence
of the expression and distribution of voltage-gated protein
ion channels, are fully retained in vitro.

Until very recently, by coupling MEAs to hippocampal,
cortical, and cerebellar brain tissue slices, it was possible
to detect electrical signals that are mainly related to the
simultaneous activation of a large number of closely
located neurons, resulting in the so-called slow field-
potential activity. Today, several groups are successful in
also recording the individual action potentials (see Fig. 5),
occurring on a much faster time scale (i.e., a few milli-
seconds), similarly to what is detected by conventional
extracellular tungsten electrodes (11), which can be
achieved by means of special three-dimensional microelec-
trode layouts, employed in the fabrication of the MEAs. In
these devices, microelectrodes are microscopical tips,
whose arrangement provides an intimate mechanical
coupling to the tissue slice: It is thought that the shape
of the individual microelectrodes helps in overcoming the
outer cell layers of the slice, damaged during the cutting
procedures, thus reducing the distance between the micro-
electrode and the active cells and improving considerably
the signal-to-noise ratio.

Although the use of MEAs with acute brain tissue slices
is still in its infancy and represents a new research field,
several interesting applications have already been pro-
posed. For instance, it has been experimentally shown
that a spatially distributed electrical stimulation, deliv-
ered through the MEA, induces an in vivo-like sustained

background synaptic activity in acute cortical slices (12).
This activity mimics a physiological barrage of asynchro-
nous postsynaptic currents, reproducing what is experi-
enced by cortical cells in the intact cortex and affecting the
single-cell discharge properties (4,13). Furthermore, dis-
tributed activity-dependent network plasticities, as well
as the generation and spatial propagation of epileptiform
electrical activity, can be induced and investigated in
hippocampal slices (14), where stimulation and recording
of the activity of neuronal microcircuits may lead to novel
insights on the spatially distributed storage of information
under physiological as well as pathological conditions.

Finally, it is possible to simultaneously combine the
traditional electrophysiological techniques with MEA re-
cording and stimulation (see Fig. 1). Taking advantage of
the (transparent) optical properties of the glass-substrate
MEAs, the infrared interference contrast microscopy
(DIC) required by whole-cell patch-clamp technique in
brain tissue slices, can be implemented. It is therefore
possible to image living cells and micro manipulate the
pipette electrodes accordingly, ultimately compensating
for the compromise between the increased spatial resolu-
tion, provided by the MEA, and the poor (extracellular)
access to the single-neuron electrical activity. As a con-
sequence, it is routinely possible to monitor and control
the intracellular membrane voltage of a few cells in great
detail, while recording or stimulating the activity of an
entire neuronal population, in which such cells are em-
bedded.

5. NETWORKS OF DISSOCIATED NEURONS CULTURED
ON MEAs

According to standard procedures, neurons can be enzy-
matically dissociated from the hippocampus, the cortex,
and the spinal cord and plated over the MEAs surface. In
such a way, cells can be kept in a healthy condition for a
very long time, and cultured in vitro under a highly
controlled physical-chemical environment (15). Under
such conditions, neurons grow, develop, and establish
functional synaptic connections, organizing into bi-dimen-
sional networks so that their electrical activity can be
detected by the MEA microelectrodes (16,17). Compared
with the acute preparations, cultured neurons may not
express a physiological set of membrane ion channels and,
of course, the topological arrangement of the synaptic
connection does not replicate the in vivo microcircuits.
Nevertheless, the cultures of dissociated neurons offer the
unique opportunity of observing and influencing the de-
velopment and the electrical activity of relatively large
neuronal networks (i.e., 104–105 neurons) in vitro, from
days up to several weeks or even months (see Figs. 6–8)
(18). Similarly to what was discussed for the brain tissue
slices, it is possible to characterize the network discharge
patterns, as well as the activity-dependent plasticities of
the synaptic coupling between cells, exploiting, in parti-
cular, the lack of network topology and taking advantage
of the enhanced spatial resolution offered by the MEAs.

Although such in vitro networks should be considered
only as an artificial nervous system, deprived of any
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sensory-related input and motor-related output, they re-
present a reduced ideal framework to explore and test
hypotheses and mathematical models of the emergent
activity patterns, expected to emerge in biological neuro-
nal networks. Moreover, because any progress in the
quantitative analysis of such phenomena is relevant for
the understanding of the strategies employed by an in vivo
nervous system to represent and process information
(19,20), the use of MEAs represents an unparalleled
research tool.

In particular, the in vitro generation of rhythmic
electrical activity, spontaneously developing in cultured
neuronal populations, has been extensively approached by
several authors, taking advantage of MEAs (Fig. 6)
(17,21,22). Such coordinated patterns, which can be, to
some extent, modified by means of pharmacological and
electrical stimulation (22), can be monitored with respect
to the spatial and temporal features, with the aim of
dissecting the cellular mechanisms that underlie the
similar collective network activities in vivo.

In addition, such networks represent a novel kind of
biosensor, whose applications range from biochemistry to
whole-animal experiments, providing quantitative infor-
mation on the neurophysiological responses to chemicals,
drugs, and toxins (23–25) or to localized electrical stimu-
lating waveforms (Figs. 7 and 8) (26,27).

6. MEAs AND NETWORK-LEVEL IN VITRO
PHARMACOLOGY

The possibility of long-term monitoring and characteriz-
ing the spatial features of the electrical activity of an in
vitro neuronal network proposes the use of the MEAs as a
novel tool for studying the acute and chronic consequences
of the delivery of neuroactive substances. In the simplest
experiment, a substance can be bath-applied and the
spontaneous and evoked activity of the network compared
with control conditions and monitored over time.
Although, in this case, substances are not delivered in a

Figure 5. Simultaneous recording of the spiking activity from up to 60 microelectrodes in an acute
slice of rat brain somatosensory cortex (see Fig. 1, right). The top panel indicates, for each
recording channel, the times of occurrence of individual action potentials detected by the
microelectrodes of the array as small vertical lines. Such an activity develops spontaneously
under artificial cerebro-spinal fluid extracellular solution (ACSF). The population mean firing rate
(bottom panel) was estimated by counting all the events, detected within a 10 ms sliding time
window. The network is characterized by a very low spontaneous firing rate with rare bursts of
activity, as opposed to the 5 – 10Hz asynchronous activity observed in the intact cortex of behaving
animals. Such a difference is mainly related to the network deafferentation and the lack of a
substantial fraction of cortico-cortical afferents, a consequence of the brain slicing procedure.
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spatially localized way, the spatial features of the ongoing
network electrical activity, resulting from the neuron-to-
neuron synaptic interactions, can be characterized and
quantified. The biophysical effect of a particular substance
on individual receptors and subcellular pathways, known
from previous biochemical and molecular biology studies,
for instance, can be related to its network-level influence,
similarly to what is performed on living animals but with
an unparalleled resolution.

For instance, it is possible to relate the physiological
and pathological properties of glutamatergic excitatory
synaptic transmission to the spontaneous collective activ-
ity that emerges in cultured networks of cortical and
spinal cord neurons in vitro, which is possible by bath-
applying APV (D-2-amino-5-phosphonovalerate), a compe-
titive antagonist of the NMDA (N-methyl-D-aspartate)
receptors, and CNQX (6-cyano-7-nitroquinoxaline-2,3-
dione), an antagonist of nonNMDA receptors, specific
blockers of the postsynaptic receptors. Such a pharmaco-
logical modulation is known to result in a strong change of
the network recurrent activity and excitability, which can
be quantified by the MEA recordings in terms of the lack
of an organized collective spontaneous network bursting
and of a different sensitivity to additional (e.g., electrical)
stimuli, which, under control conditions, require the ac-
tive recruitment of recurrent excitatory synaptic interac-
tions (22).

Finally, more sophisticated micromachined MEAs,
which include microfluidics and nanoactuators, are ex-
pected to provide even more insights, as they can restrict
the delivery of the same drugs at a specific spatial target
(e.g., an identified subpopulation of neurons), with a
precise temporal concentration profile, mimicking physio-
logical and pathological conditions (e.g., the localized
release of neuromodulator peptides).

7. MEAs AND THE ELECTRICAL STIMULATION OF THE
NERVOUS SYSTEM

It is well known that neuronal networks activity can be
modulated by electrical stimulation (19,27), as sometimes
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Figure 7. The peri-stimulus time histograms of the network
spiking responses (right traces), evoked by electrical stimulation
and detected at two recording sites, has been chosen as observable
to examine the synaptic pathways in a cultured network. A
delayed evoked response is apparent (upper panels), when the
stimulus is delivered at the location indicated as ‘‘12. ’’ A change
in the location of stimulus delivery considerably modifies the
evoked activity pattern, and only an early response is obtained
(lower panels).
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employed in clinics for the treatment of epilepsies, motor
impairments, as well as pathological motor tremors (28).
Several in vitro experiments have shown that stimulation-
induced persistent modifications in the network activity
reflect changes in the synaptic efficacy (19,27), which is
largely considered as a cellular correlate of learning,
memory, and developmental plasticity (16,26,29). By deli-
vering electrical stimuli through MEA microelectrodes, it
is possible to characterize the activity evoked by brief
stimuli on developing cultured neuronal networks. For
instance, stimuli consisting of trains of monopolar bipha-
sic pulses at low frequency (e.g., 0.2 Hz), delivered
through several independent spatial locations, reliably
modify the network spiking activity, which can be quanti-
fied by a Peri-stimulus time histogram (PSTH) (30), that is
usually composed by an early or by a late discharge
response component (see Figs. 7 and 8).

Recent results show remarkable differences in the
electrophysiological activity of the network, under differ-
ent stimulation paradigms, so that it is possible to induce
plastic changes in the network and to force the network to
shift toward desired collective dynamical states (29),
which is an important experimental evidence attesting
to the existence of an adaptive learning, retained even in
in vitro neurobiological systems.

Additionally, when the distribution of the time inter-
vals between successive spontaneous collective bursts of
activity (i.e., the Inter-Burst-Intervals) is considered, the
repetitive electrical stimulation can, in some cases, en-
train the spontaneous rhythm, locking it around the
stimulus frequency.

8. CONCLUSIONS

As introduced and exemplified in the previous sections,
substantial contributions to the investigations of the auto-
organization properties of the nervous system and the
cellular basis of the elementary form of behavior (i.e.,
motor/rhythmic patterns generation and basic mechan-
isms of plasticity and learning) are coming from the novel
experimental approach employing substrate arrays of
microelectrodes.

In particular, its long-term, noninvasive, and distrib-
uted character is of paramount importance for the net-
work-level neurosciences and neuroengineering, which
suggests future development directions and trends, in
the context of basic and applied research, under the
general perspectives of a deeper understanding of the
way the central nervous system represents, processes,
and stores information. As far as the information technol-
ogy field is concerned, this will undoubtedly lead to
substantial sources of inspiration for the design of artifi-
cial neuromorphic systems (31,32). However, such
achievements will be particularly crucial for the design
and development of new brain-machine interfaces and
neuroprostheses, such as the recent implantable artificial
retina on-a-chip (33). Such devices necessarily include a
bi-directional physical interface, usually interacting with
the neuronal tissue by means of electrical signals, accord-
ing to a multisite strategy, similarly to the MEAs. There-
fore, the development of new signal-processing
techniques, the interpretation of multichannel extracellu-
lar recordings, and the definition of appropriate strategies
and microtechnologies for the electrochemical stimulation
of in vitro reduced preparations represents the most
important contribution of the MEA research for the future
neuroprosthetic clinical applications.
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13. A. Destexhe and D. Paré, Impact of network activity on the
integrative properties of neocortical pyramidal neurons in

vivo. J. Neurophysiol. 1999; 81:1531–1547.

14. M. Giugliano, M. Pisciotta, M. Grattarola, and H. Jahnsen, In
vitro induction of activity-dependent network plasticity by
means of substrate arrays of 3d microelectrodes, in hippo-
campal brain slices. In Recent Res. Dev. Biomed. Eng. 2002;
1:1–14.

15. S. M. Potter and T. B. De Marse, A new approach to neural
cell culture for long-term studies. J. Neurosci. Meth. 2001;
110:17–24.

16. S. Marom and G. Shahaf, Development, learning and memory
in large random networks of cortical neurons: lessons beyond
anatomy. Quart. Rev. Biophys. 2002; 35:63–87.

17. H. Kamioka, E. Maeda, Y. Jimbo, H. P. C. Robinson, and A.
Kawana, Spontaneous periodic synchronized bursting during
formation of mature patterns of connections in cortical cul-
tures. Neurosci. Lett. 1996; 206:109–112.

18. J. Van Pelt, A. Van Ooyen, and M. A. Corner, Growth cone
dynamics and activity-dependent processes in neuronal net-
work development. Progr. Brain Res. 1996; 108:333–346.

19. G.-Q. Bi and M.-M. Poo, Distributed synaptic modification in
neural networks induced by patterned stimulation. Nature

1999; 401:792–796.

20. M. A. L. Nicolelis, E. E. Fanselow, and A. A. Ghazanfar,
Hebb’s dream: the resurgence of cell assemblies. Neuron

1997; 19:219–221.

21. J. Streit, A. Tscherter, M. O. Heuschkel, and P. Renaud, The
generation of rhythmic activity in dissociated cultures of rat
spinal cord. Eur. J. Neurosci. 2001; 14:191–202.

22. E. Maeda, H. P. Robinson, and A. Kawana, The mechanisms
of generation and propagation of synchronized bursting in
developing networks of cortical neurons. J. Neurosci. 1995;
15(10):6834–6845.

23. M. Chiappalone, A. Vato, M. T. Tedesco, M. Marcoli, F. A.
Davide, and S. Martinoia, Networks of neurons coupled to
microelectrode arrays: a neuronal sensory system for phar-
macological applications. Biosens. Bioelectron. 2003; 18:627–
634.

24. M. Canepari, M. Bove, E. Maeda, M. Cappello, and A.
Kawana, Experimental analysis of neuronal dynamics in
cultured cortical networks and transitions between different
patterns of activity. Biologic. Cybernet. 1997; 77:153–162.

25. G. W. Gross, B. K. Rohades, and R. J. Jordan, Neuronal
networks for biochemical sensing. Sens. Actuat. 1992; 6:1–8.

26. Y. Jimbo, T. Tateno, and H. P. C. Robinson, Simultaneous
induction of pathway-specific potentiation and depression in
networks of cortical neurons. Biophys. J. 1999; 76:670–678.

27. Y. Jimbo, H. P. C. Robinson, and A. Kawana, Strengthening of
synchronized activity by tetanic stimulation in cortical cul-
tures: application of planar electrode arrays. IEEE Trans.

Biomed. Eng. 1998; 77:1297–1304.

28. The Deep-Brain Stimulation for Parkinson’s Disease Study
Group. Deep-brain stimulation of the subthalamic nucleus or
the pars interna of the globus pallidus in parkinson’s disease.
N. Engl. J. Med. 2001; 345(13):956–963.

29. G. Shahaf and S. Marom, Learning in networks of cortical
neurons. J. Neurosci. 2001; 21(22):8782–8788.

30. F. Rieke, R. D. Warland, R. van Steveninck, and W. Bialek,
Spikes: Exploring the Neural Code. Cambridge, MA: MIT
Press, 1997.

31. R. Douglas, M. Mahowald, and C. Mead, Neuromorphic
analogue VLSI. Annu. Rev. Neurosci. 1995; 18:255–281.

32. R. Douglas and M. Mahowald, A silicon neuron. Nature 1991;
354:515–518.

33. E. Zrenner, Will retinal implants restore vision? Science 2002;
295:1022–1025.

8 SUBSTRATE ARRAYS OF MICROELECTRODES FOR IN VITRO ELECTROPHYSIOLOGY



SURFACE ELECTROMYOGRAPHY (EMG) SIGNAL
PROCESSING

DARIO FARINA

Aalborg University
Aalborg, Denmark

The surface electromyogram (EMG) comprises the sum of
the electrical contributions of the active motor units
(MUs) as detected by electrodes placed on the skin over-
lying the muscle (1). The information extracted from the
surface EMG is often considered a global measure of MU
activity caused by the inability of traditional recording
configurations (e.g., bipolar) to separate the activities of
single MUs. The global characteristics of the surface
EMG, such as its amplitude and power spectrum, depend
on the membrane properties of the muscle fibers as well as
on the timing of the MU action potentials. The main chal-
lenge in the extraction of information from the global
characteristics of surface EMG is to relate the mathemat-
ical variables obtained from the signal to the underlying
physiological processes. As an example, the increase in
signal amplitude may be associated to the recruitment of
MUs, thus it can indirectly provide indication on a specific
aspect of the neural control.

The information extraction from global analysis of the
surface EMG can be considered as an inverse modeling
approach. The relation between global signal features and
the underlying physiology is indeed always based on the
assumption of a model (sometimes very simple and im-
plicit) and on the identification of variables of the system
from the model and the outcome measure. The association
of MU recruitment to increased surface EMG amplitude,
for example, implicitly refers to a model of linear summa-
tion of the MU action potentials into the resultant signal.
More recently, methods for analyzing the activity of single
MUs from the surface EMG have also been proposed (2).
They are often based on the processing of multichannel
recordings of surface EMG signals and, with respect to
global analysis, allow the extraction of direct information
on single MU activities.

An overview of the common methods for processing
surface EMG signals is provided. Techniques for the global
description of surface EMG and for the analysis of single
MU properties are presented.

1. SPATIAL FILTERING

The first processing on surface EMG signals is performed
by the detection system and consists of a one- (1-D) or two-
dimensional (2-D) digital filtering. Surface EMG is de-
tected by a number of electrodes placed over the muscle.
The electrical potentials recorded by these electrodes with
respect to a reference electrode are linearly combined to
obtain the resultant EMG signal. The bipolar or single
differential system, for example, detects the difference be-
tween electric potentials recorded by two electrodes lo-
cated along the muscle fiber direction. In this case, the
weights assigned to the signals detected at the two elec-
trodes are 1 and � 1, which characterizes a discrete first-

order derivative operator. Similarly, the weights 1, � 2,
and 1 can be assigned to three electrodes located on a line
in the direction of the muscle fibers to obtain a double dif-
ferential system, whose weights correspond to a second-
order derivative operator (3).

The same concepts can be applied to more complex
electrode architectures, such as those resulting from 2-D
grids of electrodes. The set of weights defined by the fol-
lowing matrix:

MNDD¼

0 1 0

1 �4 1

0 1 0

2

6

6

4

3

7

7

5

ð1Þ

defines the so-called normal double differential (NDD)
(Laplacian) detection system (4–6). The weights in the
NDD system are the summation of the weights of the dis-
crete second-order differential operators in two perpendic-
ular directions (from which the name Laplacian originals)
(3).

Although any set of weights can be assigned to a set of
surface EMG electrodes, in practice, the weights are cho-
sen so that their summation is zero, which assures that
any common component is canceled in the detected signal.
The examples provided above satisfy this condition.

The linear combination of EMG signals detected by
surface electrodes realizes a spatial filter because it allows
selective reduction or enhancement of specific spatial fre-
quencies. The filter properties are determined by the
transfer function of the detection system, which is com-
puted from the filter mask (i.e., from the matrix of
weights) (Equation 1).

Consider a spatial potential distribution fðx; zÞ gener-
ated over the skin by a muscle fiber, and suppose that the
potential is moving along the fiber direction (for example,
z) at the velocity v. The potential detected over the skin by
an electrode at the coordinates (x0, z0), at the time instant
t¼ t0, is:

V0¼fðx0; z0 � vtoÞ

¼ ½fðx; zÞ�ðdðxÞdðz� vtoÞÞ� x¼ x0
z¼ z0

;
ð2Þ

where d( � ) is the Dirac distribution. The weighted sum-
mation of the signals detected by Mþ 1 electrodes can be
written as:

X

M

i ¼ 0

aiViðtÞ¼ fðx; zÞ�
X

M

i¼ 0

aidðxþ xiÞdðzþ ziÞ

" #

x¼ 0
z¼�vt

¼ ½fðx; zÞ�hðx; zÞ� x¼ 0
z¼�vt

;

ð3Þ

where ai (i¼ 0,y,M) are the weights assigned to the linear
combination. The equivalent 2-D spatial impulse response
of the detection system is thus:

hðx; zÞ¼
X

M

i¼ 0

aidðxþ xiÞdðzþ ziÞ; ð4Þ

1
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to which corresponds the transfer function:

Hðfx; fzÞ¼
X

M

i¼ 0

aie
j2pfxxi ej2pfzzi ð5Þ

The weights assigned to the electrodes can be designed
in order to realize specific spatial transfer functions with
design methods similar to those applied for 2-D finite im-
pulse response (FIR) filters in image processing (3). Spa-
tial filters for surface EMG detection are often high-pass
filters (Fig. 1), corresponding to edge detection filters in
image processing, which enhance spatial selectivity and
separation between sources. The main application of
highly selective spatial filters is the detection of single
MU activities. Enhanced selectivity indeed allows an in-
crease of the separation of single MU action potentials in
the interference surface EMG (Fig. 2).

In the following, we will refer to a channel of surface
EMG as the signal recorded after spatial filtering. Thus,
for example, five electrodes arranged crosswise provide a

single EMG channel with the application of the NDD filter
or many bipolar EMG channels.

2. SINGLE-CHANNEL PROCESSING

The most common signal features extracted from a single-
surface EMG channel are amplitude and spectral charac-
teristics. Other variables can be obtained from nonlinear
surface EMG analysis.

2.1. Surface EMG Amplitude

Surface EMG amplitude estimation can be mathemati-
cally described as the task of best estimating the standard
deviation of a colored random process in additive noise.
This issue has been addressed for several years. Inman et
al. (11) are credited with the first continuous EMG ampli-
tude estimator. They implemented a full-wave rectifier
followed by a resistor-capacitor low-pass filter. Subse-
quent early investigators studied the type of nonlinear
detector that should be applied to the waveform. From
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Figure 1. Magnitude of the transfer functions (normalized with respect to the maximum value) of
eight spatial filters used for surface EMG detection. The electrode configuration and the weights
assigned to the electrodes are also shown. (a) Longitudinal single differential (LSD) (bipolar), (b)
transversal single differential (TSD), (c) longitudinal double differential (LDD), (d) transversal
double differential (TDD), (e) laplacian (NDD) (5), (f) inverse binomial of the second order (IB2) (7),
(g) inverse rectangle (IR) (5), (h) one ring system (C1) (8). fz and fx are the spatial frequencies in the
direction parallel and transversal with respect to the muscle fibers, respectively. LSD, TSD, LDD,
and TDD are 1-D filters (their transfer functions represented in the two spatial dimensions is
constant in one of the two directions). The grid point electrode systems have an interelectrode
distance of 5mm, and the ring system has a radius of 5mm. The transfer function of the system in
(H), which is made of nonpoint electrodes, was derived in (8). Redrawn from (9).
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these works, a standard cascade of sequential processing
stages was proposed for EMG amplitude estimation (12):
(1) noise and interference attenuation, (2) whitening, (3)
demodulation, (4) smoothing, and (5) relinearization (Fig.
3). Noise and interference attenuation seek to limit the
adverse effects of motion artifacts, electronic noise, power
line interference, etc. The correlation between neighbor-
ing EMG samples is a consequence of the limited signal
bandwidth, which reflects the actual biological generation
of EMG and the low-pass filtering effects of the tissues.
Decorrelation, that is whitening, makes the samples sta-
tistically uncorrelated, increases the ‘‘statistical band-
width’’ [defined in (14)], and reduces the variance of
amplitude estimation. Demodulation rectifies the whit-
ened EMG and then raises the result to a power. A power
of 1 corresponds to the average rectified value (ARV) and a
power of 2 to the root mean square (RMS) value, the most
common amplitude estimators. Powers higher than 1 or 2
could be used. Smoothing filters the signal, whereas re-
linearization inverts the power law applied during the de-
modulation stage, returning the signal to units of EMG
amplitude.

Estimation of surface EMG amplitude is applied in
myoelectrically controlled upper-limb prosthetics (15), to
study muscle coordination and activation intervals (16), or
as an indicator of MU recruitment in fatigue studies (17).

2.2. Surface EMG Spectral Analysis

Surface EMG spectral analysis has been associated with
the investigation of muscle fatigue since the observation
by Piper (18), who detected a decrease in the dominant
oscillation frequency of the recorded surface EMG signal
during maximal voluntary contractions. The theoretical
basis for the interpretation of the evolution of the power
spectrum of the surface EMG during sustained contrac-
tions and for understanding the factors influencing it fol-
lows from the work of Lindstrom and Magnusson (19),
DeLuca (20), and Lago and Jones (21). These studies un-
derlined theoretically and proved experimentally that the
surface EMG power spectrum is scaled by muscle fiber
conduction velocity (19). Thus, relative changes in con-

duction velocity, as occured during sustained contractions,
can be monitored by spectral variables (17,22). This asso-
ciation led to the development of online objective fatigue
monitors based on surface EMG spectral analysis (23,24).

Surface EMG signals detected during isometric, volun-
tary, constant force contractions can be assumed wide
sense stationary in time intervals of 0.25–2 s, depending
on the contraction force. Thus, they are divided in epochs
of such duration, from which a power spectrum is esti-
mated with classic methods for spectral analysis (Fig. 4a).
Both periodogram-based approaches and autoregressive
approaches have been applied to surface EMG with no
substantial difference in the results (26). The spectral
analysis of EMG signals generated during electrically elic-
ited contractions (M-waves) is also based on dividing the
signal in epochs, which can be done in different ways, de-
scribed in Fig. 4b, c, and d.

The information contained in the power spectrum is
usually reduced to a few descriptive spectral variables.
One of these variables is the mean or centroid frequency
(MNF):

fmean¼

R fs=2
0 fSðf Þdf
R fs=2
0 Sðf Þdf

; ð6Þ

where S(f) is the power spectral density of the signal and fs
is the sampling frequency. MNF is the moment of order
one of the power spectrum. In general, the central mo-
ments of order k are defined as (27)

MCk¼

R fs=2
0 ðf � fmeanÞ

kSðf Þdf
R fs=2
0 Sðf Þdf

: ð7Þ

Other characteristic spectral variables are the pth fractile
frequencies:

Z fp

0

Sðf Þdf ¼p

Z fs=2

0

Sðf Þdf 0opo1: ð8Þ

The median frequency (MDF) is obtained with p¼ 0.5 in
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Figure 2. Signals detected from the biceps
brachii muscle with three spatial filters (lon-
gitudinal single differential, LSD; longitudi-
nal double differential, LDD; and normal
double differential, NDD; see Fig. 1). The in-
terelectrode distance is, in the three cases,
5mm. Note that single MU action potentials
are better separated in the interference EMG
signal with the NDD or LDD system with re-
spect to the LSD. Modified from (10).
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Equation 8, whereas p¼0.25 and p¼ 0.75 define the other
interquartile frequencies.

The spectral descriptors defined above are applied in
case of EMG signals generated both during voluntary and
electrically elicited contractions.

When the assumption of wide sense stationarity does
not hold even for short signal portions, time-frequency
representations of the signal are necessary (28), which is
the case of EMG signals detected during dynamic contrac-
tions with the force and joint angle varying rapidly over
time. In case of nonstationary signals, the time-varying
autocorrelation function (expectation of the instantaneous
product) depends on both time and lag. The time-varying
spectrum is defined as the Fourier transform (from lag to
frequency) of the time-varying autocorrelation function
and can be seen as the expectation of the Wigner–Ville
transform (called Wigner Ville spectrum):

Pðt; f Þ¼

Z þ1

�1

Z þ1

�1

Z þ1

�1

Efxðt0 þ t=2Þ x�ðt0 � t=2Þg

� e�j2pyðt
0�tÞe�j2pf tdydt0dt;

ð9Þ

where P(t, f) is the Wigner Ville spectrum, * indicates the
complex conjugate, E{ � } is the expectation operator, and
x(t) is the realization of the stochastic process under con-
sideration.

When only one realization of the signal is available, it is
impossible to compute the expectation as an ensemble av-
erage, and the expectation is approximated by a double
smoothing, in time and frequency, with an admissible
smoothing kernel. All the so-defined time-frequency rep-

resentations belong to the Cohen’s class (29):

TFðt; f Þ¼

Z þ1

�1

Z þ1

�1

Z þ1

�1

xðt0 þ t=2Þ x�ðt0 � t=2Þ

�gðy; tÞe�j2pyðt
0�tÞe�j2pf tdydt0dt;

ð10Þ

where TF(t, f) is the time-frequency representation and
gðy; tÞ is the smoothing kernel. The choice of the kernel
identifies the specific transformation.

The Cohen’s class of time-frequency representations
were first applied by Bonato et al. (30) for processing sur-
face EMG signals detected during movement. The Choi–
Williams transform (31) has been suggested as particu-
larly suitable for processing EMG signals detected during
movement (30,32). Its kernel is gðy; tÞ ¼ e�ð2pytÞ

2=s, with the
parameter s defining the selectivity of the kernel in the
ðy; tÞ domain. In case only one realization of the stochastic
process is available, as for EMG signals, the expectation
operator in Equation 9 is removed (33). From the time-
frequency transform, the mean frequency of the EMG sig-
nal can be computed for each time instant, with the for-
mula used in case of stationary EMG signals (Equation 6)
applied to each time instant of the transformation (34),
which is an estimate of the instantaneous frequency of the
signal. The continuous wavelet transform has also been
used as an alternative representation of the EMG signal
in the time-domain and scale (which corresponds to fre-
quency)-domain (Fig. 5).
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2.3. Nonlinear Analysis

Nonlinear analysis methods, such as recurrence quantifi-
cation analysis (RQA), have been applied in recent years
for the study of single-channel surface EMG signals,

mainly in fatigue assessment. Nonlinear analysis was
first introduced in the study of surface EMG by Webber
et al. (35) and Nieminen and Takala (36). RQA, described
by Eckmann et al. (37), is based on a graphical method
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originally designed to locate recurring patterns (hidden
rhythms) and nonstationarities (drifts) in experimental
datasets. By mapping the signal in a bi-dimensional space,
it is possible to identify time recurrences, whose presence
may be related to specific muscle conditions (38). This
method has been recently used in experimental surface
EMG studies that showed its potential in detecting
changes in muscle properties during isometric (39,40)
and dynamic (41) contractions.

3. SPATIAL SAMPLING

When many EMG detection systems are placed over the
muscle, a 1-D or 2-D spatial sampling of the surface po-
tential distribution over the skin is obtained (42,43). If a
specific spatial filter is applied to each detection point, the
potential distribution is first spatially filtered and then
spatially sampled. As the 2-D representation changes over
time, the resultant signal is described by three coordi-
nates, two spatial and one temporal. A topographical rep-
resentation of the signal is thus obtained (43,44) (Fig. 6).
High-density (100–200 electrodes) 2-D surface EMG de-
tection, introduced by Stegeman et al. (45), is currently
used for the diagnosis of neuromuscular disorders in clin-
ical investigations (46–48).

From 2-D surface EMG maps, it is possible to nonin-
vasively identify muscle anatomical properties (such as
the location of innervation zones, tendon endings, or the
inclination of the muscle fibers), muscle fiber conduction,
and to decompose the surface EMG signal into the con-
stituent single MU action potential trains (43).

4. ESTIMATION OF MUSCLE FIBER CONDUCTION
VELOCITY

Muscle fiber conduction velocity reflects the membrane
muscle fiber properties and thus the modifications of the
peripheral properties of the neuromuscular system as a
consequence of pathology (49–52), fatigue (17,34,53), or
exercise (54). It can be estimated either from intramuscu-
lar or surface EMG signals (55).

Measure of conduction velocity from surface EMG re-
cordings implies the estimation of a delay between signals
detected from many locations along the fiber direction
(spatial sampling). Although this task seems trivial, a
number of problems exist related to conduction velocity
estimation that require advanced processing methods for
their solution. The basic requirement for the estimation of
conduction velocity is the detection of action potentials
along their propagation from the innervation zone(s) to
the tendon regions. Ideally, the surface-detected action
potentials should travel unchanged in shape along the fi-
ber length; but this condition is not met in practice for
many reasons. First, the detection system may not be per-
fectly aligned with respect to the muscle fiber orientation.
Second, the potentials do not purely propagate along a
line, but rather are generated and extinguished at the
end-plates and tendons. Moreover, for each muscle fiber,
two potentials exist propagating in opposite directions to
the two tendon regions. Third, each MU has a specific
conduction velocity of propagation, thus the interference
surface EMG signal is comprised of potentials traveling at
different velocities (distribution of conduction velocities).
Fourth, the tissues separating the muscle fibers and the
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Figure 5. Time-frequency representa-
tion of surface EMG signals from the
right vastus lateralis muscle in three
contractions, selected in the (a) begin-
ning, (b) middle, and (c) end of a re-
peated dynamic exercise consisting of
approximately 100 contractions of max-
imum isokinetic knee extension. For
each contraction, the raw EMG signal,
the contour plot of its time-frequency
distribution obtained from the Contin-
uous Wavelet transform (with the cor-
respondence between scale and
frequency), MNF of the distribution,
force, and the knee movement velocity
are plotted (from top and down). MNF
can be defined for each instant of time,
providing indication on the spectral
changes within a single burst of EMG
activity and between different bursts.
MNF progressively decreases during
the exercise (from (a) to (c)) because of
muscle fatigue. From (32).
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recording electrodes are inhomogeneous along the direc-
tion of propagation, thus affecting the surface signal shape
during propagation. Fifth, the signals always contain
noise and are sampled at discrete instants of time rather
than acquired as analog functions. In some conditions, the
factors affecting the shape of the action potentials may
hinder the possibility of estimating muscle fiber conduc-
tion velocity from surface EMG signals, which is the case
of multipinnated muscles, muscles presenting largely
scattered innervation zone locations, or muscles covered
by thick subcutaneous layers (56).

As the potentials detected along the fiber direction by
surface recordings, in practice, present different shapes, a
strictly unique mathematical definition of the delay be-
tween them does not exist. Rather, many definitions are
possible. Each definition corresponds to an estimation
method (Fig. 7). In this light, designing a conduction ve-
locity estimation technique corresponds to proposing a
specific definition of the delay between signals of unequal
shapes. Methods based on the cross-correlation function,
peak distance, multichannel maximum likelihood, and
phase difference approaches have been described (Table

1) and their limitations outlined by experimental and sim-
ulation studies (62).

5. SEPARATION OF EMG SIGNALS GENERATED BY
DIFFERENT MUSCLES

One of the most critical issues in surface EMG signal de-
tection is crosstalk between nearby muscles. Crosstalk is
the signal recorded over one muscle that is actually gen-
erated by a nearby muscle and conducted through the in-
tervening volume to the recording electrodes (82). The
identification and separation of crosstalk from signals
generated by the muscle under study is complicated by
the fact that crosstalk signals have frequency bandwidth
largely overlapped with that of signals generated by close
sources (83). Thus, simple filtering techniques in the time-
domain cannot be applied for crosstalk removal.

Crosstalk has been investigated by modeling (84–87)
and experimental approaches (82,88–96). Morrenhof and
Abbink (92) used the cross-correlation coefficient between
signals as an indicator of crosstalk, assuming minor shape

Figure 6. High-density matrix of surface EMG electrodes (on the left). Various spatial filters can
be applied for signal detection. Topographical maps of RMS of monopolar (ACH) and bipolar (ICP)
recordings from the upper trapezius muscle at forces of 5% (A, I), 10% (B, J), 15% (C, K), 20% (D, L),
35% (E, M), 50% (F, N), and 100% (G, O) of the maximal force and at the end of a fatiguing exercise
at 50% of the maximal force (H, P). Grey values are scaled between the minimum (black) and
maximum (white) of RMS. A 2-D matrix of 28 electrodes similar to that shown on the left was used
for the maps on the right. From (44).
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changes of the signals generated by the same source and
detected in different locations over the skin. This assump-
tion was based on a simple model of surface EMG signal
generation and has been proven to be wrong in most prac-
tical conditions (83,85,97). Perry et al. (93) proposed cross-
talk indices based on the ratio between the amplitudes of
the surface and intramuscular recordings. De Luca and
Merletti (82) investigated crosstalk by electrical stimula-
tion of a single muscle and detection from nearby muscles,
a technique more recently applied for crosstalk quantifi-

cation by other investigators with more complex recording
systems (95,96).

Crosstalk rejection has sometimes been associated with
spatial selectivity (87,89), as selectivity implies a small
detection volume. In spatial filter theory, the selectivity of
a detection system is related to its high spatial cut-off fre-
quency (7); but the relationship between spatial and time
domains is valid only for signals propagating along the
filter direction without shape changes (see the hypotheses
in section ‘‘Spatial Filtering’’) and without generation or
extinction points. The theoretical spatial transfer func-
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Figure 7. Estimation of conduction velocity through the analysis of two single-differential surface
EMG signals. Single fiber action potentials have been simulated as generated by fibers at 8mm
distance from the detection surface. The simulation model comprises two layers (bone and muscle)
and is cylindrical (57). In the cases (a), (b), and (c), the volume conductor is homogeneous in the
direction of propagation of the intracellular action potentials, whereas in (d), a local inhomogeneity
has been included and the volume conductor has been described by a finite element approach (58).
In the latter case, the inhomogeneity was a cylinder, 10-mm long, 1-mm radius, located under the
second electrode of the three providing the two single-differential signals, with an inclination of 351
with respect to the propagation direction and a depth of 5mm. The simulated conduction velocity
value was 4m/s in all cases. (a) Infinite fiber length, (b) the semifiber length is 35mm, (c) As in (a)
with additive noise (colored noise, bandwidth 10–400Hz), (d) Infinite fiber length with inhomoge-
neous volume conductor in the direction of source propagation. The mean square error function
(59), the cross-correlation function (60), and the phase difference between the Fourier transforms of
the two signals (61) are shown (see also Table 1). Moreover, estimation of delays by the peak and
the minimum points of the two waveforms are provided. In the latter case, the signals have been
resampled to obtain a sampling rate of 40kHz. Note the difference in the results obtained by the
different estimation methods. a.u. stands for arbitrary units. From (62).
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tions provided in the literature (Fig. 1) are not appropriate
when nonpropagating components are investigated (98),
thus spatial filters for crosstalk reduction should be com-
pared experimentally. The findings of van Vugt and van
Dijk (96) suggested that the double differential recording
is the most effective among a number of 1-D and 2-D fil-
ters. Disselhorst-Klug et al. (89) showed similar results for
the leg muscles. However, the issue of the complete elim-
ination of crosstalk signals, especially for the case of
closely located muscles, is still open.

A more advanced approach to identify crosstalk signals
is based on blind source separation (BSS) methods (99).
BSS consists of recovering a set of signals (sources) of
which only mixtures are available (observations). Neither
the structure of the mixtures nor the source signals are
known. The aim is to identify and decouple the mixtures
(100). When two or more muscles close to each other are
concomitantly active, the EMG signals detected over the
skin are mixtures of contributions generated by all the
active muscles. These mixtures are convolutive [i.e., the
activity of a source in the mixture is convolved by an im-
pulse response (unknown)]. A BSS approach for the sep-
aration of EMG signals generated by closely located
muscles has been recently proposed (99). The method is
based on the detection of more signals than sources (spa-
tial sampling), thus, to separate the activities of two mus-
cles, at least three recording systems are needed. The
approach is based on second-order statistics and consists
of two steps, spatial withening and rotation. Spatial wi-
thening uncorrelates the observations (detected signals),
whereas rotation estimates the sources from the whitened
observations (101,102). Figure 8 reports an example of
BSS application to experimental surface EMG signals. It
is noted that, although the method is successful in reduc-

ing the amount of crosstalk signals, it does not completely
eliminate the sources of crosstalk.

6. SURFACE EMG DECOMPOSITION

Surface EMG decomposition consists in the separation of
single MU action potential trains from the interference
surface EMG signal. This task is very complex, and, con-
trary to intramuscular EMG decomposition (103), cur-
rently has no satisfying solutions, because the sources
overlap in both the time-domain and the frequency-do-
main. A few methods for surface EMG decomposition have
been proposed by Kleine et al. (104), Gazzoni et al. (105),
and Holobar and Zazula (106). All of them are applied to
multichannel (often 2-D) surface EMG recordings, be-
cause the increase in the number of channels can be
used to better separate the surface electrical activity of
single MUs (Fig. 9).

The simplest methods for surface EMG decomposition
are based on segmentation-classification approaches
(104,105). In the segmentation step, the action potentials
are identified in the interference signal by a threshold
(104) or by advanced matched filtering (105), whereas in
the classification step, the detected action potentials are
associated to the MUs that generated them. Classification
can be performed on the basis of a multichannel cross-cor-
relation measure of distance or by neural networks (105).
Segmentation-classification approaches have the strong
limitation that they cannot resolve superimpositions of
action potentials, which makes their application limited to
specific laboratory conditions and, in most cases, hinders
the possibility of extracting the entire MU firing patterns;
rather a subset of MU firings is identified.

Advanced methods for decomposing surface EMG sig-
nals make use of higher-order statistics or BSS ap-

Table 1. The Common Methods for Conduction Velocity Estimation

Classification of the method Method Reference

Methods based on the detection of one signal Characteristics spectral frequencies (19,63,64)
Estimation of the scale factor (65,66)
Detection of spectral dips (67)
Autocorrelation technique (68)

Methods based on the detection of two signals along
the fiber direction

Delay between reference points in the detected
waveforms

(69–71)

Phase difference method (61)
Distribution function method (72)
Cross-correlation function method (60,73)
Spectral matching (17)
Generalized spectral matching (74)

Methods based on the detection of more than two
signals

Generalization of methods for two delayed
potentials to multichannel detection

(75)

Beamforming (76)
Maximum likelihood without constraints (77,78)
Maximum likelihood with constraints (79)
Maximum likelihood from very short signal

windows
(80)

Maximum likelihood from bidimensional recordings (81)

The interested reader can find detailed description of these methods in the references reported in the right column. From (62).
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proaches (106,107). These techniques do not have the con-
straint of dealing with nonoverlapping action potentials
and may prove to be useful in practical applications in the
near future.

7. CURRENT LIMITATIONS OF SURFACE EMG
PROCESSING METHODS

Many open issues exist in surface EMG signal processing
that currently hinder the possibility of applying most of
the methods described above in routinely clinical activity
and limit their use in laboratory experimental conditions.
Some of the current limitations are: (1) the unavailability
of reliable methods to completely eliminate crosstalk from
EMG recordings; (2) the poor repeatability of global vari-
ables extracted from the signal; (3) the sensitivity of global
surface EMG variables to geometrical changes in the gen-

eration system due, for example, to variation in joint angle
(dynamic EMG); (4) the sensitivity of conduction velocity
estimates to parameters that depend on the subject, mus-
cle, and operator (length of the fibers, misalignment of the
fibers with respect to the electrodes, thickness of the sub-
cutaneous layers, etc.), which lower the reproducibility of
conduction velocity estimates; (5) the limited number of
muscle architectures from which conduction velocity can
be estimated (long and parallel fibers with innervation
zones concentrated in a narrow region); (6) the impossi-
bility of detecting complete MU firing patterns from sur-
face EMG decomposition in general conditions; and (7) the
limitation of any surface EMG decomposition method to
low (o20–30% of the maximal force) contraction forces.

The solution of these problems will probably allow, in
the near future, the use of noninvasive EMG techniques in
a wider range of applications than is currently possible.
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Figure 8. Example of signals recorded from the flexor carpi
radialis and the pronator teres muscles during wrist flexion/
rotation (black lines). A cyclic task, consisting of 2-s flexion
and 2-s rotation at 50% of maximal force is shown. The en-
tire recording lasts 100 s, of which approximately 8 s are
shown for clarity. The results shown correspond to the ap-
plication of a BSS approach (99) to three EMG channels (two
are shown here) for a recording duration of 100 s. A thresh-
old has been applied to the force signal related to flexion
(upper traces) and rotation (lower traces), and the intervals
of time in which these forces exceed 15% of the maximal
force are shown (limited by dashed lines). The intervals de-
fined by the force signals are those during which the flexor
carpi radialis and pronator teres muscles are active, during
flexion and rotation, respectively. EMG activity is present in
intervals of time when the muscle over which the electrodes
are located is not active. From the original signals, it is in-
deed clear that large contributions from the activation of the
pronator teres (in the first case) and the flexor carpi radialis
(in the second case) during rotation and flexion are present
in the two recordings. After source separation, the relative
amplitude of the second source in the reconstructed signals
(gray lines) significantly decreases in both cases, although it
is not completely removed. From (99).
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72. H. Rix and J. P. Malengé, Detecting small variation in shape.
IEEE Trans. Syst. Man Cybern. 1980; 10:90–96.

73. P. A. Parker and R. N. Scott, Statistics of the myoelectric
signal from monopolar and bipolar electrodes. Med. Biol.

Eng. 1973; 11:591–596.

74. D. Farina and R. Merletti, A novel approach for estimating
muscle fiber conduction velocity by spatial and temporal fil-
tering of surface EMG signals. IEEE Trans. Biomed. Eng.
2003; 50:1340–1351.

75. J. Schneider, G. Rau, and J. Silny, A noninvasive EMG tech-
nique for investigating the excitation propagation in single
motor units. Electromyogr. Clin. Neurophysiol. 1989;
29:273–280.

76. D. Farina, E. Fortunato, and R. Merletti, Noninvasive esti-
mation of motor unit conduction velocity distribution using
linear electrode arrays. IEEE Trans. Biomed. Eng. 2000;
47:380–388.

77. D. Farina, W. Muhammad, E. Fortunato, O. Meste, R. Merle-
tti, and H. Rix, Estimation of single motor unit conduction

SURFACE ELECTROMYOGRAPHY (EMG) SIGNAL PROCESSING 13



velocity from surface electromyogram signals detected with
linear electrode arrays. Med. Biol. Eng. Comput. 2001;
39:225–236.

78. D. Farina, L. Arendt-Nielsen, R. Merletti, T. Graven-Niel-
sen, Assessment of single motor unit conduction velocity
during sustained contractions of the tibialis anterior muscle
with advanced spike triggered averaging. J. Neurosci. Meth.
2002; 115:1–12.

79. W. Muhammad, O. Meste, and H. Rix, Comparison of single
and multiple time delay estimators: application to muscle
fiber conduction velocity estimation. Signal Processing 2002;
82:925–940.

80. D. Farina, M. Pozzo, E. Merlo, A. Bottin, and R. Merletti,
Assessment of muscle fiber conduction velocity from surface
EMG signals during fatiguing dynamic contractions. IEEE
Trans. Biomed. Eng. 2004; 51:1383–1393.

81. D. Farina and R. Merletti, Estimation of average muscle fi-
ber conduction velocity from two-dimensional surface EMG
recordings. J. Neurosci. Meth. 2004; 134:199–208.

82. C. J. DeLuca and R. Merletti, Surface myoelectric signal
cross-talk among muscles of the leg. Electroencephalogr.

Clin. Neurophysiol. 1988; 69:568–575.

83. D. Farina, R. Merletti, B. Indino, M. Nazzaro, and M. Pozzo,
Surface EMG crosstalk between knee extensor muscles: ex-
perimental and model results. Muscle Nerve 2002; 26:681–
695.

84. Y. Blanc, P. Burkhard, U. Dimanico, M. Coletti Moja, A. Me-
rlo, and M. Nazzaro, Evaluation de la diaphonie (crosstalk)
intermusculaire au cours de la contraction musculaire vol-
ontaire. Proc. XII Journées Francophones d’ElectroN-
euroMyogr, 2000: 39.

85. N. A. Dimitrova, G. V. Dimitrov, and O. A. Nikitin, Neither
high-pass filtering nor mathematical differentiation of the
EMG signals can considerably reduce cross-talk. J. Elect-
romyogr. Kinesiol. 2002; 12:235–246.

86. R. Merletti, Crosstalk in surface EMG: theoretical predic-
tions and experimental observations. In: H. J. Hermens and
B. Freriks, eds., The State of the Art on Sensors and Sensor

Placement Procedures for Surface Electromyography: A Pro-

posal for Sensor Placement Procedures. Enschede, The Neth-
erlands: Roessingh Research and Development, 1997, pp.
101–108.

87. D. A. Winter, A. J. Fuglevand, and S. E. Archer, Crosstalk in
surface electromyography: theoretical and practical esti-
mates. J. Electromyogr. Kinesiol. 1993; 4:15–26.

88. Y. Blanc, M. Coletti Moja, U. Dimanico, A. Merlo, and M.
Nazzaro, Crosstalk evaluation during voluntary muscle con-
tractions. In: H. J. Hermens and B. Freriks, eds., Future
Applications of Surface Electromyography. Enschede, The
Netherlands: Roessingh Research and Development, 1999,
pp. 12–16.

89. C. Disselhorst-Klug, Y. Blanc, and G. Rau, Examination of
the reduction of crosstalk between the leg muscles by spatial
filtering techniques. In: H. J. Hermens and B. Freriks, eds.,
Future Applications of Surface Electromyography. Enschede,
The Netherlands: Roessingh Research and Development,
1999, pp. 38–40.

90. T. J. Koh and M. D. Grabiner, Cross talk in surface elect-
romyograms of human hamstring muscles. J. Orthop. Res.
1992; 10:701–709.

91. T. J. Koh and M. D. Grabiner, Evaluation of methods to min-
imize cross talk in surface electromyography. J. Biomech.
1993; 26(Suppl 1):151–157.

92. J. W. Morrenhof and H. J. Abbink, Cross-correlation and
cross-talk in surface electromyography. Electromyogr. Clin.

Neurophysiol. 1985; 25:73–79.

93. J. Perry, C. Schmidt Easterday, and D. J. Antonelli, Surface
versus intramuscular electrodes for electromyography of su-
perficial and deep muscles. Phys. Ther. 1981; 61:7–15.

94. M. Solomonow, R. Baratta, M. Bernardi, B. Zhou, Y. Lu, M.
Zhu, and S. Acierno, Surface and wire EMG crosstalk in
neighbouring muscles. J. Electromyogr. Kinesiol. 1994;
4:131–142.

95. J. G. van Dijk and J. P. van Vugt, The reduction of crosstalk
(from a clinical point of view). In: H. J. Hermens and B.
Freriks, eds., Future Applications of Surface Electromyo-

graphy. Enschede, The Netherlands: Roessingh Research
and Development, 1999, pp. 110–113.

96. J. P. van Vugt and J. G. van Dijk, A convenient method to
reduce crosstalk in surface EMG. Clin. Neurophysiol. 2001;
112:583–592.

97. M. M. Lowery, N. S. Stoykov, and T. A. Kuiken, A simulation
study to examine the use of cross-correlation as an estimate
of surface EMG cross talk. J. Appl. Physiol. 2003; 94:1324–
1334.

98. D. Farina, C. Cescon, and R. Merletti, Influence of anatom-
ical, physical, and detection-system parameters on surface
EMG. Biol. Cybern. 2002; 86:445–456.

99. D. Farina, C. Févotte, C. Doncarli, and R. Merletti, Blind
separation of linear instantaneous mixtures of non-station-
ary surface myoelectric signals. IEEE Trans. Biomed. Eng.
2004; 51:1555–1567.

100. J.F. Cardoso, Blind signal separation: statistical principles.
Proc. IEEE 1998; 9:2009–2025.

101. A. Belouchrani, K. Abed-Meraim, J. F. Cardoso, and E. Mou-
lines, A blind source separation technique using second-or-
der statistics. IEEE Trans. Signal Proc. 1997; 45:434–443.

102. A. Belouchrani and M. G. Amin, Blind source separation
based on time-frequency signal representations. IEEE

Trans. Signal Proc. 1998; 46:2888–2897.

103. R. S. LeFever and C. J. De Luca, A procedure for decompos-
ing the myoelectric signal into its constituent action poten-
tials–Part I: technique, theory, and implementation. IEEE
Trans. Biomed. Eng. 1982; 29:149–157.

104. B. U. Kleine, J. H. Blok, R. Oostenveld, P. Praamstra, and D.
F. Stegeman, Magnetic stimulation-induced modulations of
motor unit firings extracted from multi-channel surface
EMG. Muscle Nerve 2000; 23:1005–1015.

105. M. Gazzoni, D. Farina, and R. Merletti, A new method for
the extraction and classification of single motor unit action
potentials from surface EMG signals. J. Neurosci. Meth.
2004; 136:165–177.

106. A. Holobar and D. Zazula, Correlation-based decomposition
of surface electromyograms at low contraction forces. Med.
Biol. Eng. Comput. 2004; 42:487–495.

107. A. Holobar and D. Zazula, A new approach for blind source
separation of convolutive mixtures of pulse trains. Proc.
BSI02, Como, Italy, 2002: 163–166.

14 SURFACE ELECTROMYOGRAPHY (EMG) SIGNAL PROCESSING



SURFACE ELECTROSTIMULATION ELECTRODES

TADEJ BAJD

University of Ljubljana
Ljubljana, Slovenia

1. INTRODUCTION

When a stimulating current is applied to the electrodes
placed on the skin overlaying sensory-motor structures,
an electric field is established between two electrodes (Fig.
1) and ions will create a current in the tissues. The ionic
flow across the nerve influences the transmembrane po-
tential and can generate an action potential. The action
potential propagates along the nerve causing either con-
traction of a muscle in the case of motor nerve stimulation
or blocking of the pain transmission when stimulating pe-
ripheral sensory nerves in the skin.

Surface stimulation electrodes are predominantly used
for training of disuse atrophied muscles in lower or upper
extremities of patients with lesions of the central nervous
system (1–4). Such electrical stimulation exercise results
in cyclical movements of selected limb segments. The
usual frequency of electrical stimuli is between 20Hz
and 50Hz, and pulse duration is between 0.1ms and
0.3ms. The intensity of the electrical pulses can go up to
100mA in the case of a constant current stimulator or can
exceed 100V when using a constant voltage output. Cyclic
trains of electrical stimuli are also used in strengthening
of muscles in sports and fitness centers. To a lesser extent,
surface stimulation electrodes are used in gait training
after stroke or incomplete spinal cord injury (5). Impor-
tant use of surface electrodes is encountered in peripheral
neuromodulation of pain (6). Here pulse durations be-
tween 0.05ms and 0.15ms, frequencies from 40Hz to
150Hz, and amplitudes up to 50mA are applied. Trans-
cutaneous electrical stimulation was found helpful when
treating peripheral nerve injury pain, low back pain, post-
operative pain, and pain caused by vascular diseases.

The surface stimulation electrode is a terminal through
which electrical current passes into the underlaying tis-
sue. At the electrode–tissue interface, a conversion occurs
between the current of electrons driven through the wires
coupled to the stimulator and the current of ions in the
tissue. An electrode is usually made of metal. However, it
may be made of a nonmetal, commonly carbon. The elec-
trode through which current passes from the metallic or
nonmetallic conductor to the tissue is called the anode and
that through which current passes from the tissue to the
conductor is the cathode. In electrical circuits, the current
flows from the terminal at higher electrical potential to
the terminal at lower electrical potential. In this way, the
anode is the positive electrode and the cathode is the neg-
ative electrode.

Besides distinguishing between positive and negative
electrode, we also discuss the unipolar and bipolar elec-
trical stimulation technique. With unipolar stimulation,
one electrode is often considerably smaller than the other,
whereas the electrodes used in bipolar stimulation both
have the same size. In unipolar stimulation, the smaller

electrode is negative and is called an active electrode be-
cause in its vicinity, depolarization of the membrane of
nerve fibers occurs. In motor nerve stimulation, the active
electrode is positioned as closely to the motor point of the
muscle as possible. Motor point is a site on the skin, where
the amplitude of the stimulus required to fully activate
the muscle is at a minimum. This is a site where all motor
nerve fibers are closest to the stimulating electrode. In
multichannel electrical stimulation systems, it is possible
to have a single anode and several independent cathodes
or to have separate anodes and cathodes that are galvan-
ically separated.

Two important mechanisms that help to transfer the
electron conduction in the solid state into a ion conduction
in the electrolyte are capacitive and electrochemical. The
capacitive mechanism is represented by the transport of
electrons to the metal surface and the transport of ions to
the electrode surface. Electrochemical mechanism refers
to corrosion of the electrodes and the electrolysis of water.
Chemical reversibility occurs when all processes occuring
at the electrode after the application of a current pulse are
reversed by a second current pulse of the opposite polarity
(7). The least damaging waveforms are charge-balanced
biphasic currents with no net dc component. In surface
electrical stimulation biphasic stimuli result in less pain
sensation and skin irritation. Also, in the case of biphasic
currents we can no more speak about one electrode as an-
ode and another as cathode.

Let us examine four properties of surface stimulation
electrodes and electrodes positioning, exerting an essen-
tial influence upon the effectiveness of electrical stimula-
tion: electrode size, polarity of electrodes, resistance, and
distance between the electrodes. Electrical stimulation is
applied on a nerve fiber, since muscle fibers have a con-
siderably higher stimulation threshold. Thus we can say
that larger electrodes are used to stimulate the nerve
endings spreading all over the underlaying tissue,
whereas smaller electrodes are applied to influence the
nerve when the latter comes closer to the skin. By larger
electrodes, stronger contraction is obtained along with a
reduced current density and a likewise less pronounced
unpleasant sensation on the skin. However, large elec-
trodes permit no selective choice of a desired movement of
the stimulated paralyzed extremity. The active areas of
electrodes range between 2 cm2 and 50 cm2. Electrodes of
2 cm2 to 4 cm2 are used to stimulate the nerves near the
surface, and those of about 8 cm2 for the stimulation of
smaller muscles, whereas electrodes of 25 cm2 or more are
used in case of larger muscles or dermatomes. A positive
and a negative electrode are placed along the muscle to be
stimulated. Considering their polarity, the electrodes are
positioned to provoke an optimal movement from the func-
tional point of view. Stronger movement is usually ob-
tained by placing the positive electrode distally.

Another important property of electrical stimulation is
the impedance between the electrode and the skin. It is
desirable that the resistance should be as low as possible
to avoid energy losses before the stimulation has reached
the neuromuscular tissue. The electrode impedance is fre-
quency dependent. The dc (or low-frequency) impedance
tends to be several orders of magnitude larger than the
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impedance at higher frequencies. Nominal values of 2 kO
are encountered (8). The contact conduction is increased
by moistening the electrodes with water or special con-
ductive electrode gels. A high resistance to electrical cur-
rents is offered by adipose tissue. To attain the muscle
through this tissue, higher stimulation amplitudes should
be used, causing a feeling of pain in the skin. Bones are
also very bad conductors of electric current; electrical
stimulation cannot reach the muscles that are behind
them.

An important parameter in positioning of stimulation
electrodes is also the distance between the electrodes. Fig-
ure 1 shows an electric field between a positive and a neg-
ative stimulation electrode on the assumption that the
tissue is homogeneous. The greatest current density ap-
pears at the skin–electrode contact and tends to decrease
with distance from the electrodes as the flow spreads out
over a larger area. Closely spaced, small electrodes gen-
erally make the effective area of stimulation rather super-
ficial due to the lower impedance of the current path
through proximal tissue. The deeper tissue will be at-
tained by a greater distance between the electrodes. In-
creasing the electrode separation leads in general to an
increase of the maximal achievable force. If the skin be-
tween the electrodes is too moist, this causes the current
between the electrodes to flow to the skin, which results in
a burning sensation and slight or no muscle contraction at
all.

2. THEORY

The task of transcutaneous electrical stimulation is to
overcome the impedance of the skin to activate the motor
or sensory nerves underlying the surface. The surface
electrodes problem can be presented by an equivalent cir-
cuit of the electrodes and its interface with the body (Fig.
2). The resistor Rs models both the resistance of the skin
and the deep tissues. The parallel combination of capacitor
Cp and nonlinear resistor Rp is intended to model the skin
impedance. Skin, namely, exhibits different amplitude and
frequency-dependent nonlinear effects. A series capaci-
tance Cpol and resistance Rpol model the electrode–skin
interface (9).

It was demonstrated that for square stimulation
pulses, the capacitance Cpol is negligible, so that the po-
larization impedance of the electrode–electrolyte interface
could be equated to a pure resistance Rpol. Resistance Rp is

localized exclusively in the stratum corneum and varies
markedly with the current intensity, the intensity of a
previous pulse, and the interval between the pulses (10).
The resistance Rs has two components. The first one,
which varies with intensity of stimuli, is localized in the
stratum corneum. The second one is constant with inten-
sity of stimulating pulses and is found in the subcutane-
ous tissues. Removal of the stratum corneum is shown to
reduce the value of Rs while almost eliminating Rp with its
appertaining nonlinearities. The ionic conduction within
the stratum corneum seems to be the main cause of the
intact skin nonlinear impedance properties.

The most important stimulation parameter is electrical
current through the tissue to be stimulated. The current
intensity of constant voltage stimuli, applied to the intact
skin, cannot be adequately controlled because of the men-
tioned variations of Rp. The current intensity of transcou-
taneous electrical stimulation can only be controlled
satisfactorily when constant current stimuli are used.

3. EQUIPMENT

The design criteria for surface stimulation electrodes are
as follows: physical comfort to the skin, electrical surface
area greater than 4 cm2 preventing skin irritation, use of
hypo-allergenic materials, flexibility to follow body sur-
face, ease of attachment, ability to remain in position for
the duration of at least one active day, reusable, low cost,
reliable means of connection to stimulator, resistant to
medical solvents and electrode gels, and low and stable
electrical resistance.

The simplest among the surface electrodes consists of a
metal plate or metal wire mesh coated with fabric or
sponge. Common materials used are stainless steel, sil-
ver–silver chloride, platinum, or gold. For purposes of

skin

nerve
fiber

anode cathode

Figure 1. Electric field between a positive and
negative electrode.

Cp

Rs

Rp

Rpol
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Figure 2. An equivalent electrical model for skin and deep tis-
sue.
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safety, the upper part of the electrode is covered with non-
conductive material. The electrode is applied after having
been moistened with plain water. Such electrodes are usu-
ally fixed on the extremity by means of velcro or elastic
bands. With the development of longer term surface elec-
trodes, these electrodes are often used for site evaluation
either in pain treatment or stimulation provoking muscle
contraction. Small button-shaped electrodes of similar de-
sign are highly suitable for the stimulation of a single
nerve. Here, the metal plate is coated with several layers
of gauze so that the electrode might retain the moisture
required as long as possible.

Surface electrodes made of silicone impregnated with
carbon are applied to the skin surface with conductive gels
and held in place with adhesive patches. A too thinly or
unevenly spread gel increases current density at certain
points, thereby bringing about a danger of burns. Elec-
trodes may be left on the skin for several days a time.
Another important property of the electrodes made of con-
ductive rubber is their flexibility, making them adaptable
to any part of the body. The electrodes can be shaped by
cutting, to adapt them as much as possible to a proper
stimulation site.

Conductive adhesive gel electrodes provide self-adhe-
sion when applied. Karaya gum was the first of these ad-
hesive gels. Later a variety of electrically conductive
polymers was developed, enabling good contact with the
irregularities of the skin surface and a more uniform cur-
rent density at the electrode–skin interface. These elec-
trodes can be used for extended periods with minimal skin
irritation. An important breakthrough in the use of sur-
face electrical stimulation was made by the electrode de-
veloped by Axelgaard (11). This is a flexible electrode that
adheres well to the patient’s skin, is easily removed, and
can move with the patient’s skin, ensuring proper place-
ment of the electrode. The electrode is in the form of a knit
conductive fabric (Fig. 3). Conductive fibers include a
blend of stainless steel and polyester. The fabric can be
stretched at least up to about 20%. A conductive adhesive
fills interstitial areas of the knit fabric and provides for
adhering the electrode to the patient’s skin. Electrical lead
wire is interconnected with the conductive fabric as shown
in Fig. 3. Nonconductive sheet disposed on another side of
conductive fabric is preventing undesired electrical con-
tacts.

Identifying optimal placement of a surface electrode is
a time-consuming process. The problem can be overcome
by the use of transcutaneous electrode arrays. Here, the
desired location of the electrode is electronically selected.
The stimulation electrode is a two-dimensional array of
small (1 cm2) elements. Two types of such matrix elec-
trodes were presented at the 2004 Vienna Workshop on
FES (Functional Electrical Stimulation) (12,13). They con-
sist of either 16 or 24 electrode elements. The elements
can be independently switched ON or OFF, and in this way,
the most adequate size, shape, and position of the elec-
trode is obtained without moving the electrode. Such a
reconfigurable surface electrode enables improved selec-
tivity of muscle activation. Also, the stimulation pattern
can be changed during movement of the limb, as the elec-
trode moves with respect to the nerve. Another advantage
of an array of surface electrodes may be the reducing of
stimulated muscle fatigue. In a four-electrode array, only
one pair of electrodes was activated at any given time (14).
In this way, only one part of the muscle exceeded the ac-
tivation threshold, whereas the other part remained at
rest, reducing fatigue of the entire muscle.

A matrix of electrodes (1mm to 3mm in diameter)
transducing small electric currents (1mA to 7mA) into
the skin can be used in so-called electrotactile or electro-
cutaneous stimulation. The benefit of an electrotactile dis-
play is the dynamic capability of presenting different
patterns over a short period of time. Electrocutaneous
stimulation presents sensory substitution for blind or deaf
persons and for users of prostheses. Electrotactile stimu-
lation may also be used in virtual reality, telerobotics, and
telepresence. The electrotactile pattern can be displayed
to various cutaneous loci, such as the fingertips or abdo-
men (15,16).

4. EVALUATION

Let us mention the problems common to more or less all
surface stimulation electrodes. In case of improper han-
dling, electrodes can damage the skin in the contact area.
Here it must be mentioned that burns typically occur un-
derneath the anode but not the cathode when using iden-
tical surface electrodes (17). Another problem resides in a
precise electrodes positioning along a muscle. Sometimes
a mere displacement of an electrode for just a few milli-
meters completely changes the muscle response. This hap-
pens when a selected nerve (e.g., peroneal nerve) should
be stimulated by surface electrodes. Another inconve-
nience related to the surface electrodes is that they excite
pain receptors in the skin. Fortunately often, the patient’s
sensibility is considerably reduced, or sometimes it is lost
to such an extent that the sensation of pain is not critical.
Another problem is undesired motion of the skin with re-
spect to the neuromuscular tissue. Even though an elec-
trode seemingly occupies the same place all the time, its
distance from the nerve is not constant. This is one reason
why the movements caused by electrical stimulation can-
not be easily repeated. Another limitation encountered
with surface electrodes is that small muscles generally
cannot be selectively activated and deep muscles cannot

Figure 3. A perspective view of the stimulation electrode with a
portion of a nonconductive sheet thereof peeled back.
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be stimulated without first exciting the superficial mus-
cles. Relatively high voltages, sometimes in excess of
100V, between electrode pairs may represent a certain
hazard for the patients and the personnel that treat them.
Finally, the applicability of the surface stimulation elec-
trodes depends on the fixation problems. Stretchable gar-
ments with electrodes already mounted in appropriate
locations have been developed by several manufacturers
to simplify the application of electrodes to the skin sur-
face. In the case of lower limb stimulation, the fixation
problems can be overcome by specially designed trousers
carrying stimulation electrodes and cables (18). Such
stimulation equipment is comfortable and easy to handle
and was tested even under the space conditions. A very
aesthetic and practical solution was used in the noninva-
sive upper limb neuroprosthesis (19). Here, the surface
stimulation electrodes were built into an elegant, self-
aligning, and flexible splint. The splint provides additional
fixation of the wrist joint and allows the entire electrode
array to be positioned within a few seconds.

Different types of surface stimulation electrodes were
evaluated for their effectiveness. At Rancho Los Amigos
Hospital, self-adhering disposable pregelled pads, carbon-
loaded conductive silicon rubber electrodes, and felt-cov-
ered metal plates were tested (20). Stimulation with felt
pads produced a mean maximum torque that was 72% of
the maximum voluntary knee extensors torque. Conduc-
tive rubber produced 62% and pregelled electrodes 37% of
the maximal voluntary torque. Interesting to note is that
felt pads soaked with either tap water or saline solution
provided the highest mean comfortable torque and the
lowest impedance. The first two types of electrodes were
also evaluated over a period of 5 consecutive days. The
electrodes were left in place after each test session. Pre-
gelled electrodes produced the most skin reactions,
whereas carbon rubber electrodes produced only mild
skin reactions.

The influence of surface electrodes positioning on the
recruitment curve assessed in ankle plantarflexors was
studied in healthy and paraplegic persons (21). Here, the
nonlinear recruitment curve described the dependence of
isometric ankle joint torque on the duration of stimulation
pulses. Three different trials were performed: (1) The elec-
trodes were kept on the skin without taking them off for 5
days, (2) the same electrodes were applied every day on
the same marked area on the calf, and (3) the same set of
electrodes was applied for 5 days approximately on the
same unmarked area. Self-adhesive Aaxelgard’s 50mm
diameter electrodes were placed on the midlines of the
soleus and gastrocnemius muscles. Good agreement be-
tween curves was measured in first two trials, suggesting
that nonlinear recruitment does not change if surface
electrodes are kept on the skin for several days or if elec-
trodes are applied on the same marked area repeatedly.
Significant discrepancies appeared in the third trial
where the electrodes were placed on the same unmarked
area every day.

In another study, the effect of electrode size, shape, and
placement were studied to assess what current is required
to reach a set muscle force (22). The electrodes were placed
at different distances from the motor point. The associated

subject’s comfort was recorded on a visual analoge pain
scale. Placement of the electrode off the motor point dur-
ing the application of electrical stimulation caused a sign-
ficant increase in the amount of current required to
achieve a set muscle force, with a concurrent increase in
the subject’s discomfort. Small differences in size and
shape of clinically available electrodes do not seem to af-
fect the patient’s tolerance to electrical stimulation.

Not all processes at the surface electrodes are com-
pletely understood or entirely investigated. Due to high
skin impedance, the energy required with surface stimu-
lation is much higher than with stimulation electrodes
placed on the surface of the muscle, in the muscle, on the
motor nerve, or in the nerve. It is also not difficult to re-
alize that most of the inconveniences of the surface stim-
ulation electrodes enumerated in this article can be
overcome by the use of implanted electrodes. Neverthe-
less, because of their simple noninvasive application, the
surface electrodes will remain to be used in future thera-
peutic treatments.
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1. INTRODUCTION

Suture materials are ubiquitous. They are probably the
most common of all biomedical materials. One of the
worlds leading suture manufacturers produces over 700
million suture packs annually. They are used to repair
virtually all known body tissues; particular tissue types
often require a specific suture material and needle appro-
priate to its properties. In this chapter, we provide a brief
history of sutures, examine the role of biomedical engi-
neering in the testing and development of suturing ad-
vances, and consider the implications of the in vivo
response of the human body to various sutures and the
effect that this response may have on the material or
mechanical properties of the suture/tissue complex. We
also consider the body’s response to suture materials
according to the inflammatory response, the histological
characteristics, and the differences between absorbable
and nonabsorbable suture materials. Further, we explore
the emerging types of angiogenic and thrombogenic su-
tures in relation to the biomedical engineering practices
that are being used to develop the great potential of these
devices. Finally, we consider the relevance of the progres-
sion of biomedically engineered sutures according to the
ultimate measure of clinical effectiveness.

2. HISTORY OF SUTURES

The suturing of wounds is as ancient as civilization itself.
In Mesopotamia, the Code of Hammurabi offered guide-
lines on surgical practice and wound closure. The Ancient
Egyptians adopted a variety of wound-closure techniques,
including wound suturing and the use of adhesive tape
created by using gum impregnated strips of linen. The
Hippocratic School of Ancient Greece taught various
wound-closure techniques, including methods of suturing
and wound binding. The civilizations of the East also
developed advanced wound-closure techniques. Suturing
with silk threads was practiced in Ancient China. The

Sushruta Samhita of Ancient India provided guidance for
complex reconstructive procedures, including nasal recon-
struction.

The Dark Ages in Europe saw a widespread deteriora-
tion in medical knowledge and a decline in the practice of
surgery and suturing techniques. During the Middle Ages,
there were occasional references to suturing techniques,
often using human hair for thread, but overall the reports
are rare. The Incas and Aztecs and later American Indians
used tendons as a suture material and needles made of
bone. At the turn of the last century, only a few accepted
suture materials existed, which included silk, twine, and
catgut. Medical advances in the field of biomedical en-
gineering in the middle of the twentieth century saw the
development of multiple new suture materials. These
were developed with specific characteristics to suit the
specific requirements of surgeons from various fields of
surgery.

The primary role of the suture remains that of wound
closure, which is principally the fixing of tissues in close
opposition in order to facilitate healing. However, the
continual evolution of materials and techniques has seen
the application of sutures widen as the development of
new surgical techniques necessitates a concurrent devel-
opment of suturing materials and technologies. From the
relatively simple repair of skin lacerations or surgical
incisions using silk, catgut, or twine, increasingly complex
procedures such as minimally invasive meniscal repairs
are now facilitated by drug-delivering angiogenic sutures.

3. SUTURE TYPES AND CLASSIFICATIONS

Surgeons often choose an appropriate type of suture for a
specific procedure depending on the suture material, size,
and fixation (1). Suture materials can be broadly described
as natural or synthetic, absorbable or nonabsorbable, and
monofilament or multifilament. These classifications have
been formalized by the internationally recognized United
States Pharmacopeia (USP) classification system:

* Class I—Silk or synthetic fibers of monofilament,
twisted, or braided construction

* Class II—Cotton or linen fibers or coated natural or
synthetic fibers in which the coating contributes to
suture thickness without adding strength

* Class III—Metal wire of monofilament or multifila-
ment construction

Absorbable sutures are used to provide temporary closure
or internal fixation where sutures cannot be removed,
whereas nonabsorbable sutures are usually used for re-
trievable dermal closure. In the body, absorbable sutures
are broken down over variable time periods by the pro-
cesses of proteolysis or hydrolysis. The choice between
absorbable or nonabsorbable suture materials is often the
first decision made in a clinical setting. Natural sutures
are typically manufactured from such sources as purified
mammalian intestine, synthesized collagens, natural fi-
bers, or specific metals. Synthetic sutures are fabricated
from a wide range of polymeric compounds. Monofilament
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sutures consist of a single strand, whereas multifilament
sutures consist of multiple (braided or twisted) strands.
Monofilament sutures are superior to multifilament su-
tures with regard to the incidence of wound infection, with
a number of authors demonstrating that because mono-
filament strands have no interstices, the rate of bacterial
contamination and hence wound infections is substan-
tially lower (2,3).

Typical materials from each suture classification are
outlined below, with common trade names indicated in
brackets:

Absorbable sutures
* Natural

* Collagen Surgical gut (Catgut)
* Fast-absorbing surgical gut
* Chromic surgical gut

* Synthetic
* Polyglactin 910 (Vicryl)
* Poliglecaprone 25 (Monocryl)
* Polydioxanone (PDS II)
* Polytrimethylene carbonate/Polyglyconate
(Maxon)

Nonabsorbable sutures
* Natural

* Surgical silk
* Surgical cotton
* Surgical steel

* Synthetic
* Polyamide (Ethilon/Dermalon)
* Nylon (Nurolon/Surgilon)
* Polybutester (Novofil)
* Uncoated polyester fibre (Mersilene/Dacron)
* Coated polyester fibre (Ethibond/Ti-cron)
* Polypropylene (Prolene)
* Polyglycolic Acid (Dexon)

Given the large range of suture materials, the material
properties are of great importance, including the mechan-
ical properties, durability, and tendency to induce tissue
reactivity. Further, the surgeon can differentiate between
various suture types according to the tensile strength,
ease of handling, and knot security (4). When selecting a
suture for a specific application, it is not sufficient to rely
solely on the qualitative characteristics of ‘‘handling’’ and
‘‘feel,’’ rather the mechanical and biomechanical proper-
ties of sutures must also be objectively considered. As a
result of a plethora of influencing factors and an abun-
dance of commercially available options, suture selection
has essentially become a problem of optimization. In
making this decision, the surgeon must initially ask the
question:

‘‘What is the role of the suture; what type of tissues are being
joined; and where are they located?’’

Once this fundamental question has been answered, a
suture material can be selected according to its material
properties and its bioreactivity with the tissues that are to
be fixed. The choice of material must be balanced against
the available anchoring possibilities for that material and
for the particular suture site. For a given suture site,
attention should also be paid to the optimal suturing
pattern and appropriate knotting technique. Finally, the
selection of suture size relative to the mechanical require-
ments must be considered depending on the mechanical
properties of the suture. In an effort to quantify surgeon
preferences, a recent study has examined the variable of
‘‘feel,’’ finding that greater elongation and less knot run-
down results in superior ‘‘feel’’ and handling performance
(5). Although the more qualitative measures of suture
performance are often the underlying motivation for final
surgeon preference, the quantitatively measurable me-
chanical properties also provide powerful determinants
in suture selection. The cascading hierarchy of this com-
plicated process is diagrammatically presented in the flow
chart (Fig. 1). As indicated, suitable mechanical properties
of sutures are crucial in meeting the mechanical require-
ments of a particular application.

In order to aid in the suture selection process, many
biomedical engineering studies have explored the me-
chanical properties and biomechanical behavior of various
sutures materials. The testing of sutures has primarily
focused on five main areas:

* Testing of the mechanical properties of different
suture materials under various conditions(in vivo,
in vitro, physiological loading, etc.)

* Investigation of the mechanical properties of differ-
ent suture knotting techniques; often measured by
knot holding capacity (KHC)

* Biomechanical analysis of the suturing patterns
* Examination of the suture anchoring methods
* Studies of the interactions of sutures with newly
created biomaterials

Notably, general recommendations regarding the appro-
priate selection of sutures have been recently documented
by Moy et al. (6) and by Tan et al. (7). For the interested
reader, these reviews offer guidance regarding the appro-
priate selection of sutures for the repair of skin, fascia,
viscera, and other musculoskeletal tissue.

Now we consider the biomedical engineering methods
that have been employed to elucidate the mechanical
properties of sutures according to the five major testing
areas outlined above.

4. MECHANICAL PROPERTY TESTING

Numerous studies have investigated the mechanical prop-
erties of suture materials with various testing protocols
and under varying conditions (1,4,6–15). As load carriage
devices, sutures are subject to the classic failure mechan-
isms and, as such, are readily examinable by typical
engineering measures. Studies analyzing the mechanical
properties of sutures have not only focused on stress,
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strain, and strength, but have also sought to characterize
elastic/plastic deformation behavior, stress relaxation,
creep, fatigue, and stiffness under varying (temperature,
time, and chemical) conditions.

Perhaps the most obvious and distinguishable mechan-
ical properties of suture materials are the tensile proper-
ties of strength and stiffness (load per unit deformation).
As new suture materials are developed, their tensile
properties are commonly assessed in comparison with
well-established suture materials such as nylon and poly-
propylene (PP). A typical study of a number of suture
materials may assess their tensile strengths, elastic/plas-
tic deformation characteristics, and elongations at failure.
As expected, well-defined differences in strength and
stiffness usually exist, but there are often similar elonga-
tions between samples. As a result of stress concentrations
when knotted, sutures will generally show decreased
elongation at a lower failure load.

Occasionally, the classic measures of suture mechanical
properties have been deemed insufficient for the analysis
of a newly developed suture. In an effort to evaluate the
superiority of Teflene sutures (polyvinylidene fluoride) in
comparison with polypropylene monofilament for cardio-
vascular surgery, Hong et al. developed a number of
unique in vitro performance tests. In this comprehensive
study, an array of performance properties of sutures was
established, including suture diameter, tensile strength,
elongation, surface roughness, coefficient of friction, bend-
ing stiffness, and tissue drag (5). Further, the knot char-
acteristics were also examined, including pull strength,
run-down, and security strength, thereby expanding on
the typical KHC measure.

It has been established that absorbable anchors are
particularly sensitive to static, long-term loading with
variation in holding strength with time (12). However,
with new material advances, the tensile testing of absorb-
able sutures has become common in an effort to exploit the

many advantages despite their inherent mechanical
weakness. Reflecting this trend, in vivo studies into the
sensitivity of absorbable sutures have also been con-
ducted, typically relying on animal models. In one such
study, Mashadi and Amis examined the variation of hold-
ing strength of sutures use in flexor tendon repairs using
both mechanical and histological measures. Although the
absorbable sutures were shown to be mechanically suffi-
cient to withstand the forces experienced during tendon
repair, bioreactions between the suture and tissue were
shown to lead to complicating adhesions (16).

Mechanical testing has also been performed in order to
determine which suture material is mechanically most
suitable for a specific application. In a typical study, Wada
et al. examined the use of polyvinylidene fluoride in
comparison with polypropylene monofilament sutures
used for flexor tendon repair (17). With the mechanical
performance measures of overall tensile strength, knot
pull strength, and elongation/strain rates, polyvinylidene
fluoride sutures were shown to be mechanically superior
in that application (17). Comparative studies involving
multiple fixation modalities are typical of the development
of new suturing protocols, particularly in the orthopedic
field.

Although the characterization of suture materials ac-
cording to tensile strength provides a useful method of
indicating suture-holding capacity, it is also important to
consider the implications of practical situations, chiefly
the changes in suture properties over time with repeated
dynamic loading and under physiologic conditions. Thus,
the obvious question must be posed:

‘‘What happens to the suture (and the tissue) after implanta-
tion?’’

The testing of suture tensile strength after in vitro and in
vivo implantation has often been conducted, thereby
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Figure 1. The suture selection process.
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providing valuable information regarding the physiologi-
cal effects of implantation on the suture material and the
subsequent mechanical consequences. Campbell and Bai-
ley examined the tensile strength (and energy absorption)
of implanted sutures over a four-week period (9). The
results of this study revealed significant changes in the
properties of each suture material tested over the dura-
tion, with some sutures retaining a large percentage of
breaking strength, whereas others degraded to the point
of failure. Studies of this nature add to the growing base of
information concerning suture materials and provide the
discerning surgeon with further long-term performance
measures.

In addition to tensile testing, the following material
properties of sutures have been considered in numerous
studies:

* Viscoelasticity: typically measured by dynamic me-
chanical analysis (DMA) defining the change in
elastic modulus with time (11,12,18,19).

* Stress Relaxation: in polymeric sutures held under
stress at a tensile load and fixed elongation for a
period of time, stress relaxation occurs by way of
microstructural reorganization in order to best carry
the induced load and minimize the internal stresses
(11,16).

* Strain Rate: the calculation of energy absorption
enables the suture to be considered as a complete
system, the ‘‘loop,’’ involving the suture and the knot.
Examination of the mechanical properties of the loop
in relation to the rate of strain has now been recog-
nized in the international standards (13,20).

5. MECHANICAL TESTING OF KNOTS

The strength and holding ability of a suture knot has been
shown to be dependent on both the type knot and the type
of suture material (21). Further, the variations in knot
performance in relation to the suture material, suture
size, and the degree of knot complexity have also been
investigated. Knot complexity has been defined as follows:

* Alternating knots with different patterns
* Alternating knots with repeating patterns
* Simple sliding knots

A useful measure of suture knot performance is the KHC.
KHC varies depending on knot configuration, suture
material, and size; however, the strength of the knot
does not necessarily increase with complexity. For high
KHC, it has been indicated that the parallel alternating
knot is preferable in silk whereas the pattern alternating
knots are favored in nylon (21).

For specialized applications, biomechanical testing has
been performed on knotting techniques specifically de-
signed to optimize properties such as tying time in com-
parison with pull-out or failure strength. These studies
typically use cyclical testing on hydraulic MTS machines
to examine gap formation and suture breakage over time.
The development of new suture knotting techniques re-

presents the continual evolution of the art of surgery as
more complex procedures are undertaken and the effec-
tiveness of current procedures is optimized; the mechan-
ical and biomechanical testing protocols described above
enable the objective assessment of these advances.

6. SUTURE PATTERN TESTING

Determination of the optimal suture pattern for a given
application is dependent on many variables. Of these
variables, the suture site, the tissue type, and the size
and nature of the wound are of principle importance (21).
Generally speaking, three classifications of suture pat-
terns exist:

* Inverting
* Everting
* Approximating

Of these three classifications, further distinction can be
made regarding the continuous or interrupted nature of
the suturing pattern. Although continuous sutures offer
the advantage of speed, they are considered less secure as
a break in one strand potentially renders the entire suture
ineffective. Alternatively, interrupted sutures offer the
advantage of security; breakage of one strand has little
impact on the effectiveness of wound closure. Unfortu-
nately, this security relies on individual knots for each
interrupted suture; these individual knots can be a nidus
for infection.

In addition to the continuous or interrupted nature of
suture patterns, the direction of suture tension is an
additional characteristic that provides further variation.
Typically, the direction of suturing can be defined as:

* End-to-end
* End-to-side
* Side-to-side

These variations in suture direction are illustrated in the
classic variations of simple looped sutures, vertical mat-
tress sutures, or horizontal mattress sutures. Suture
direction is again dependent on the types and site of tissue
being joined, the mechanical properties of the required
fixation, and additional considerations such as scar mini-
mization. Such plethora of choice in variation of suturing
pattern has seen surgeon preference often dictating final
choice. Although the value of surgically acquired experi-
ence and skill should not be underestimated in any way, in
this age of evidence-based medicine, biomechanical test-
ing protocols for the optimization of suturing patterns are
being more frequently undertaken.

In an effort to establish more objective measures of
suture pattern performance for the many variations out-
lined above, many studies have been conducted comparing
specific patterns for certain applications. Such biomecha-
nical studies have demonstrated that the pattern of
suturing can determine the modality of repair failure,
either by rupture or ‘‘pull-through’’ of the suture or by the
breakage of the suture material (14). Although the me-
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chanical properties of suture patterns for many types of
tissue repair have been researched, suture patterns for
tendon repair have historically been an area of particular
interest given the delicate nature of the repair and the
ultimate requirement for security under tensile loading
conditions. The complexity of typical variations in suture
patterns investigated for tendon repair is demonstrated in
Fig. 2 and Fig. 3 (22).

Typical comparisons of suturing patterns for flexor
tendon repair consider novel techniques (or materials)
against more common methods. The results are often
compared according to the mechanical properties of the
suture/tissue complex, such as load-bearing capabilities,

stiffness, creep, and stress relaxation. Thus, objective
measures of suture performance in this crucial application
can be made.

In one such study, Dona et al. describe the comparison
of two interlocking circumferential flexor tendon suture
techniques (interlocking cross-stitch and the interlocking
horizontal mattress repair) in comparison with two more
common methods (simple running and cross-stitch) (Fig.
2) (22). Comparing stiffness, load to failure, and method of
failure indicated that the interlocking horizontal mattress
offered superior biomechanical properties in this applica-
tion, with statistically greater loads to failure (Fig. 4). The
important practical conclusion of this study was the

2-3 mm

(a)

(c)

(b)

(d)

4-5 mm

4-5 mm
4-5 mm

Figure 2. An example of techniques to repair transected tendons repaired without a core suture.
(Image courtesy of A. Turner, Prince of Wales Hospital, Orthopaedic Research Laboratories,
Sydney, Australia.) (a). Simple running repair. (b). Cross-stitch repair. (c). IHM repair. (d). IXS
repair. Reprinted with permission from Dona et al. (22).
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indication of the use of this suturing technique in patients
requiring early postoperative finger mobilization (22).

As mentioned, biomedical engineering studies of sutur-
ing patterns have not been restricted simply to tendon
repair, but have been conducted across numerous applica-
tions where security of repair in novel techniques is of the
utmost importance. In particular, an investigation of
appropriate suturing patterns for tissues with a long
history of debridement or excision rather than repair
has seen the systematic comparison of meniscal suturing
techniques according to relative failure strengths (14).
With recent biomechanical evidence suggesting a strong
link between menisectomy and the subsequent develop-
ment of osteoarthritis, the role of the suture in meniscal
repair is of particular interest (23). Computer-controlled
testing protocols were employed to examine the biomecha-
nical properties of variations in arthroscopic suture pat-
terns in standardized meniscal defect repairs. The failure
strengths of single-horizontal loop, a double-vertical loop,
and a single-vertical loop in tension were compared, with
the mode of failure characterized as pull-out strength or
suture breakage. The results of this study suggest that in

meniscal repair, a single-vertical loop suture is preferable
because of a higher mean failure strength, decreased cost,
and shorter surgical time (14).

7. SUTURE ANCHOR TESTING

Consideration of the method of anchorage of a suture in
muscle, dermal, osseous, or indeed, any tissue is an
essential element of the suturing process. In efforts to
improve suture holding capacities and improve on the
prospects of successful fixation, numerous novel ancho-
rage techniques have been developed, including the use of
eyelets, toggle pins, and toggle rods. Biomedical engineer-
ing principles have been employed in the testing of suture
anchoring methods to measure the effectiveness of both
novel and common techniques, including metallic and
polymer fixations, resorbable anchors, and cement an-
chors.

The most elementary question that can be posed when
considering the use of a specific suture anchoring method
is:

‘‘Does a suture anchor offer any advantage over direct suture
fixation?’’

This question was posed by Winters et al. (2000) when
they compared the differing biomechanical properties of
direct suture fixation and bone anchor fixation with bone
(24). In this study, the ultimate tensile strength direct of
periosteal suture fixation was compared with Cinch bone
anchors on the pubic bone. Interestingly, analysis of the
failure mode and load to failure for this specific suture

(a)

(b)

(c)

(d)

Figure 3. An example of different suture patterns used in tendon
repair. (Image courtesy of A. Turner, Prince of Wales Hospital,
Orthopaedic Research Laboratories, Sydney, Australia.) (a). Kess-
ler 2-strand repair. (b). Kessler 4-strand repair. (c). Becker repair.
(d). Classical cruciate repair.

Figure 4. Cyclical suture testing demonstrating 2mm gap for-
mation in a suture pattern analysis of tendon repair techniques.
(Image courtesy of A. Turner, Prince of Wales Hospital, Ortho-
paedic Research Laboratories, Sydney, Australia.)
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application suggested that the use of bone anchors did not
offer any significant advantage (24).

In a recent animal study, Baltzer et al. examined both
the pull-out strength of the anchor and the rupture
strength of the suture used for the surgical repair of hip
joint sub-luxation (8). In this study, toggle pins and toggle
rods were tested via direct pull-out tests, whereas sutures
were cyclically loaded to failure simulating in vivo loads
(8). Studies of this nature provide powerful measures of
clinical relevance; indeed, the pull-out strengths of novel
suture anchoring methods are often the primary measure
of their effectiveness. In two such studies, the develop-
ment of resorbable collagen bone anchors has been exam-
ined, first in sheep (25), and then in human cadavers (26).
As these collagen anchors rely on an interference fit
created by osmotic swelling, the effect of time of hydration
on pull-out strength and mode of failure was examined. In
sheep, the longitudinal performance and resorbtion of the
collagen anchors was considered in comparison with stan-
dard metallic fixation devices (25). In human cadavers, the
pull-out strength of the collagen was compared with Mitek
rotator cuff anchor, and the variables considered across a
shorter term time scale (minutes and hours) (26). These
studies demonstrate the biomechanical testing required
before the justified use of novel sutures in clinical practice.

Recently, the use of acrylic bone cement as an alter-
native to conventional suture anchoring has been consid-
ered, particularly for the healing of tendon and ligament
to bone where mechanical stability is paramount. Me-
chanical testing and microcomputed tomography were
employed to determine the optimal suture fixation depth
in order to optimize ease of placement and pull-out
strength. The development of this suturing protocol had
particular significance in the treatment of patients with
osteoporosis (27).

Given their frequent applications for the repair of
structures exposed to high and repetitive loads, the fati-
gue testing of orthopedic suture anchors has been per-
formed as an element of numerous biomedical engineering
studies (18). Examination of these studies demonstrates
the application of engineering procedures in order to
provide quantitative data for the determination of the
optimal use of suture anchor in specific applications.
Assessing pull-out strength under single and cyclical
loading regimes for various combinations of suture size,
material, and anchor, this study determined that the
mechanical performance of the suture/anchor complex is
dependent on three factors (18):

* Anchor pull-out strength
* Tensile strength of suture material
* Suture/anchor interface (eyelet) interaction

The practical implications of the site of repair, and the
concept that repetitive submaximal physiological loading
of a suture/anchor complex in situ, have been biomecha-
nically tested in a study examining the fatigue properties
of suture anchors used for shoulder reconstructions. In
this study, the ‘‘Mitek GII’’ suture anchor was subjected to
cyclic loading in cadaveric models, designed to simulate
the physiotherapy regimes that follow rotator cuff repair.

The average number of cycles and load to failure depend-
ing on position were calculated, and a fatigue life pre-
dictive model for a percentage of the ultimate pull-out
strength for any selected location was formed with least-
squares regression analysis. This study demonstrates the
clinically significant outcome that, for a realistic number
of cycles, a limit of 40–50% of the maximum pull-out
strength of the suture anchor can be cyclically applied
(28).

8. SUTURE AND BIOMATERIAL INTERACTIONS AND
DEVELOPMENTS

The delivery and fixation of biomaterials or bioscaffolds to
sites of interest is commonly achieved via suturing. Thus,
the influence of the suture in the biomaterial/tissue
linkage has been the focus of a number of studies. As
part of a series of such studies, Paez et al. defined the
mechanical behavior of sutures in ostrich pericardium
used for the construction of bioprosthetic cardiac valve
leaflets, via uniaxial and biaxial tensile testing (29,30).
Significantly, the resistance to rupture was shown to be
higher in unsutured tissues and lower in sutured samples;
however, the use of silk sutures was shown to reduce this
effect.

Altman et al. have investigated the possibility of silk
being used as a base for bioscaffolds materials (31). A
review of previous studies examining the foreign body
response to silk sutures and the associated biocompatibil-
ity problems that have developed because of contamina-
tion from residual sericin on silk-worm silk raises the
hypothesis that alternative sources of silk (spider, insect
and bio-engineered), as well as appropriately treated
native silk, have the potential to be used as bioscaffolds
for numerous applications. Interestingly, a common mis-
conception exists that silk is a permanent suture when
placed in vivo, yet it is more appropriate to consider silk a
slowly absorbing suture as its protein base is broken
down. Examination of the biomechanical characteristics
demonstrates that the various forms of silk offer great
potential for bioscaffold and other tissue engineering
applications (31).

Blaker et al. employed dynamic mechanical analysis
(DMA) to examine the effect of the Ag coating on the
dynamic mechanical and thermal properties of both an
absorbable suture and a nonabsorbable suture (32). This
study demonstrated quantifiably that the bioactive coat-
ings have no significant effect on the viscoelastic and load
carriage properties of the sutures (32). Studies such as
this show the future of the application of biomedical
engineering techniques in the design of suture character-
istics, as the role of the suture evolves beyond wound
closure.

The mechanical properties of newly developed angio-
genic sutures have recently been the topic of investigation,
as it is recognized that although additional anti-inflam-
matory or antibiotic properties are desirable in a suture
material, the principle role of the suture remains that of
fixation. It is logical, therefore, to test the mechanical
behavior of sutures coated with such agents as silver-
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doped bioactive glass powder (AgBG) and compare the
results to uncoated tissue. The formation of new blood
vessels or angiogenesis is essential in wound healing and
is a vital step in the process of inflammation. Foshi et al.
have shown that all suture biomaterials influence angio-
genesis to some degree (33). They looked at neovascular-
isation in experimental rats using the mesenteric window
model. All suture materials increased the area covered by
neovascularisation above that achieved by simple wound
healing, which included a number of absorbable sutures
such as those derived form collagen, polyglactin, and
polyglycolic acid. Only silk and titanium (in the form of
clips) significantly stimulated angiogenesis. These two
biomaterials were the only nonabsorbable materials
tested in the study. The authors noted that the micro-
anatomical structure of the vessels resulting from the
angiogenic response to titanium were different from those
induced by the other biomaterials. They attributed this
difference to titanium’s electrogalvanic properties.

9. BIOLOGICAL RESPONSE TO SUTURE MATERIALS

The ideal suture material should be easy to handle,
maintain good knot security, have low tissue drag, and
have the appropriate tensile strength. It should be non-
allergenic, retain its tensile strength in the presence of
infection and inflammation, and be either completely inert
in terms of tissue reaction as a nonabsorbable material, or
if it is absorbable, it should have a predictable absorption
throughout the wound-healing process with a minimum
influence on the normal inflammatory response.

9.1. Acute Inflammatory Response

The body responds to any insult, such as trauma, infec-
tion, and foreign bodies (including suture biomaterials),
by inducing an inflammatory response. Although this
response is mediated by a complex interplay of a number
of homeostatic pathways, it usually follows a predictable
pattern. Inflammation is a defense reaction characterized
by the classic clinical signs of redness, heat, swelling, and
pain. The primary objective of inflammation is to localize
and eradicate the irritant initiating the response and to
activate repair processes in the surrounding tissue. For
the survival of the host, inflammation is a necessary and
beneficial process.

The acute inflammatory response involves three major
phases: first, dilation of capillaries to increase blood flow
to the site of injury; second, microvascular structural
changes result in increased capillary permeability with
the resultant escape of plasma proteins from the blood-
stream into the area of injury; and third, cellular (leuko-
cyte and monocyte) transmigration through the capillary
endothelium and accumulation at the site of injury.

9.2. Chronic Inflammatory Response

The results of studies have shown that the overall tissue
reaction to sutures (as determined by tissue reaction
scores, which are a measure of histological tissue response
and clinical evaluation of the degree of inflammation)

depend on both the type of suture material and the caliber
of the suture used (34). Passage of the needle itself induces
a triangular region of necrosis and inflammation. The
caliber and nature of the needle, therefore, also affect
the degree of tissue damage and hence inflammation. It is
for this reason that cutting needles are used in skin
closure as they cause the least amount of tissue trauma
as they pass through the skin.

In addition, the time the suture is in contact with the
tissues also determines its effect on the tissue reaction
(35). In experimental testing, it must be remembered that
reactions to various suture types can be species specific;
dogs appear to have far less tissue reactivity to catgut
sutures than other animal species, including rats and
rabbits. Sutures also behave differently in different types
of tissues and in different areas of the body. The inflam-
matory response to vicryl sutures has been shown to be
minimal in the closure of muscle and muscle sheath in
humans, but is significantly more noticeable in the closure
of wounds involving the oral mucosa. This difference has
been attributed in part to the multifilamentous nature of
braided suture materials. Multifilament sutures are pos-
tulated to permit a ‘‘wicking phenomenon,’’ which may
advance bacteria from the surface along the suture mate-
rial by capillary action. This phenomenon is obviously
more pertinent when the suture is used in the closure of a
layer in contact with a nonsterile lining such as the oral
mucosa, skin, the gastro-intestinal tract, and the lower
urinary tract (36). Inflammation is always present within
the first five days after suture placement regardless of
suture material type. The subsequent inflammatory reac-
tion and its chronicity, however, vary from one suture
material to another. No one particular method has been
used to standardize and quantify the degree of histological
response to suture materials. A variety of microscopic
methods have been used that vary from simple grading
methods to more elaborate studies incorporating complex
counting techniques.

9.3. Tissue Reactions to Absorbable Suture Materials

Of the absorbable suture materials, catgut sutures tend to
incite the most extensive tissue reactions. Chromic catgut
(treated with chromium salts) has slightly less tissue
reactivity than plain catgut. Although foreign body-type
giant cells have been identified with all absorbable su-
tures to some degree, they are more frequently seen in
wounds with plain and chromic catgut. It is well known
that naturally occurring suture materials (both absorb-
able and nonabsorbable) incite more inflammation than do
synthetic materials, which is a product of the human
body’s innate immune system being able to recognize a
multitude of naturally occurring proteins as foreign.
Catgut (a naturally occurring but chemically treated
collagen) is absorbed after digestion by proteolytic en-
zymes released from invading macrophages. As a result
of the inflammatory reaction that it incites, it is not
suitable for use in many areas in surgery, particularly in
microsurgery.

A variable histologic tissue reaction has been observed
with the use of delayed absorbable sutures consisting of
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polyglycolic acid. In contrast to chromic catgut, these
sutures are not protein-derived and, therefore, do not
require the presence of proteolytic enzymes derived from
macrophages and inflammatory cells for digestion. Vicryl
and Dexon-S are similar compounds related to glycolic
acid. Dexon-S is a linear chain polymer of glycolic acid
joined by ester linkages. Vicryl is a copolymer of glycolide
and lactide (derived from the oxidation of glycolic acid and
lactic acid, respectively) in a ratio of 9:1 also linked by
ester linkages. The mechanism of absorption of these
sutures is by a process involving nonenzymatic hydrolysis
of the polyester bonds in the presence of water. The
hydrolytic process causes the release of glycolic acid and
lactic acid. Both of these products of suture hydrolysis are
further metabolized into carbon dioxide and water by the
oxidative enzymes of adjacent cells.

Both Dexon-S sutures and Vicryl sutures are coated,
primarily to ensure smoothness, thus reducing the drag
force as the suture passes through tissues. Secondary
benefits of coating include improved suture handling and
knot security. The suture coatings do not alter the tensile
strength nor do they change the biological profile of the
suture.

9.4. Tissue Reactions to Nonabsorbable Suture Materials

The synthetic monofilaments consisting of nylon and
polypropylene similarly incite a minimal inflammatory
reaction. Nylon sutures are synthetic nonabsorbable
monofilament sutures formed as a condensate of 1-6
hexanediamine and adipic acid forming polyhexamethy-
lene adipamide. Although it is considered to be permanent
biologically in suture terms, it has been shown to retain
minimal tensile strength after being in tissues for six
months or longer. It is thought that proteolytic enzymes
may act on the amide group of the nylon polymer breaking
it down to its two constituents that then remain relatively
inert.

Prolene is a synthetic nonabsorbable monofilament
derived from the polymerization of polypropylene (a deri-
vative of propane gas). This polymeric hydrocarbon is very
resistant to chemical hydrolysis and enzymatic degrada-
tion and, as a result, has unchanged tensile strength after
remaining in tissues for over two years.

In a study performed by Beauchamp et al. in 1988, the
authors found that the beneficial impact of the initial low
tissue reaction scores seen with prolene and nylon sutures
was offset by persistent tissue reactions to these sutures
observed at 90 days. They concluded that, in reconstruc-
tive tubal surgery, Vicryl sutures offered the lowest tissue
reaction scores at 16 days and at 90 days after surgery
(34).

Silk is a naturally occurring nonabsorbable suture
material that is well documented as a cause of tissue
inflammation in wounds, which, to a large degree, is
because of the braided nature of silk, which allows surface
debris to adhere to the suture and, in addition, facilitates
bacterial contamination. Even in studies that compared
nonabsorbable monofilamentous and nonabsorbable mul-
tifilamentous sutures, wounds that were sutured with

multifilamentous sutures showed a significantly greater
degree of fibrosis or capsule thickness around the suture.

9.5. Thrombogenic Effects

Thrombogenesis in response to various suture materials
has important implications in suture selection, particu-
larly in the field of vascular surgery (37). Thrombus or clot
formation involves the deposition of a fibrin framework
and the subsequent adherence of platelets and other
cellular structures such as lymphocytes, macrophages,
and erythrocytes. Although formation of a thrombus is
often a critical step in hemostasis in response to an injury,
it is an unwanted effect in terms of surgical repair of
vessels, which applies to microsurgical repair of vessels in
particular, where patency of the vessels is essential for the
survival of replanted structures, transplanted organs, or
transferred free tissues. The selection of an appropriate
suture material is therefore extremely important in these
areas.

In a study by Dahlke et al., the thrombogenicity of five
suture materials was examined in vivo by scanning elec-
tron microscopy (37). The least thrombogenic material
appeared to be prolene. Mersilene had a satisfactory
antithrombogenicity. Nylon and vicryl exhibited less
thromboresistance than prolene and mersilene. In addi-
tion, the authors found that the normal pattern of hydro-
lysis of the vicryl sutures appeared to be delayed within
the vessel lumen compared with its fairly rapid hydrolysis
and good biocompatibility in other tissues. The behavior of
vicryl, when exposed in the bloodstream, has been as-
cribed to the dilactyl groups of the polymer chain, which
are believed to provide a certain degree of hydrophobicity
to the polymer. Of the tested suture materials, silk was the
most thrombogenic, a profile that is expected from this
material, which induces a marked tissue response. As
such, silk is not routinely used in the repair of vascular
structures (37).

9.6. Allergy to Suture Materials

In a study looking at the inflammatory response to maxon,
vicryl, polydioxanone (PDS-Polyglycolic acid Dexon S
homopolymer of glycolic acid), and chromic catgut in
experimental rats, none of the suture types elicited an
inflammatory response containing large numbers of eosi-
nophils. Eosinophils are implicated with mast cells in the
allergy-mediated inflammatory response (35).

10. TENSILE STRENGTH OF SUTURE MATERIALS DURING
WOUND HEALING

The ideal suture should retain its tensile strength during
the critical period of healing, depending on the tissue
being repaired and its time to heal. For most skin and
soft tissues, the initial two-week period is critical. How-
ever, in areas such as tendon repair, a significantly longer
period for maintaining tensile strength is required. In
such cases, a suture material that maintains its tensile
strength for at least three months is required. Most of the
absorbable sutures are unable to fulfill this criterion;
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however, PDS has been shown to maintain its tensile
strength for 90 days. Much of the variation in suture
tensile strength between materials is because of the pH
dependence during absorption via hydrolytic degradation
(38).

Tomihata et al. looked at the straight-pull tensile
strength of a variety of sutures immersed in buffer solu-
tions with pHs of 1.0, 7.4, 8.5, and 10.5, respectively, over
time (38). As expected, prolene (nondegradable polypro-
pylene) exhibited no change in tensile strength over the
pH range studied. The nylon suture exhibited a small
change in tensile strength, particularly in the pH 1.0
solution. The tensile strength was reduced by 50% at 12
weeks, attributable to the low resistance of nylon against
acid, which catalyzes the hydrolysis of the amide linkages
present in nylon. Sutures such as vicryl, monocryl, maxon,
and dexon, which contain a glycolide co-monomer, were
degraded faster in alkaline solutions than in acidic and
physiologic solutions. The degradation rate of maxon,
which has the highest glycolide content, was the fastest
in this group. PDS exhibited an unusual pattern in the
tensile strength reduction. At 2 weeks after immersion, it
had no measurable strength at a pH of 1.0, whereas it
retained more than 80% of its original strength at pHs 7.4,
8.5, and 10.5. The accelerated degradation of PDS in acidic
solutions seems to be because of the presence of dioxanone
component. The pH dependence of hydrolysis of monofila-
ment sutures should be considered by the surgeon when
selecting suture materials for surgical procedures (38).

11. CLINICAL OUTCOMES

The ultimate measure of the success of a suture material
is determined by its usefulness in clinical practice and the
clinical outcome based on its usage. In terms of closure of
external wounds, subjective and objective qualitative and
quantitative measures of scar dimensions exist. The Van-
couver Scar Assessment Score is an example of a score
used to assess scar maturity and progression. In adults
with clean skin wounds of the face or neck, no difference
exists in long-term cosmetic results of repairs between
nonabsorbable and synthetic absorbable sutures. Children
and young adults have very high skin elasticity. As a
result, pediatric wounds have a much greater tendency to
stretch into a wider scar over time affecting the subjective
clinical outcome. Children’s wounds must be closed with
extra care to avoid excess tension. The results are there-
fore less predictable than adult wounds in terms of early
outcome. The use of absorbable material may be prefer-
able because the sutures do not have to be removed, which
saves the surgeon time and may lessen patient anxiety
and discomfort.

In other areas, such as in the repair of flexor tendons,
biomechanical aspects and the physical properties of
sutures are significantly more important. In terms of a
flexor tendon repair, a total failure of the suture results in
a total failure of the repair with rupture of the tendon at
the site of repair and complete loss of function. Therefore,
suture materials and other tendon repair adjuncts, such
as the tenofix tendon repair prosthesis, and the various

soft tissue anchors, such as the Mitek microanchor, re-
quire a significant degree of biomedical testing both in
vivo and in vitro.

12. CONCLUSION

From simple beginnings using catgut or twine to close
wounds, the development of suturing technologies has
been dramatically influenced by recent developments in
the biomedical engineering of materials. The application
of these new materials has been facilitated by advanced
testing protocols able to optimize the material properties
with suturing patterns and techniques for specific repairs.
As a result of these developments, the role of the suture in
surgery has now expanded from the basic fixation of skin
or muscle to encompass the spectrum of surgery from
microrepairs involving nerves to load-bearing fixations
involving tendon or bone reattachment. New materials
encompassed into angiogenic sutures now offer the option
of modifying the body’s natural response to immune
challenges and serve to further improve the clinical effec-
tiveness in certain situations. Further advances in sutur-
ing techniques will undoubtedly emerge from the vibrant
pool of research being conducted in this area in biomedical
engineering facilities worldwide.
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Technology assessment involves systematically gathering
and weighing a wide variety of information in order to
identify commercially viable opportunities. This task is
made more challenging by the increasing pace of new
technology discovery as exemplified by the steady increase
in the number of U.S. patents granted each year. The
number of patents issued in 1980, 1990, and 2000 was
61,890; 90,592; and 158,019, respectively (1). Small en-
trepreneurial companies generate much of the innovative
technology. These small companies attempt to bring their
innovative technology to the market through growing
from within or by forming a partnership with a larger
company. The small company usually decides to form a
partnership with the larger company because of the
resources that the large company possesses. There are
many reasons that the small company is interested in the
large company, but a key factor is the sales force that the
large company has in place that is nearly impossible for a
small company to duplicate. The large company, in turn,
needs new products for its sales force to sell. Unless the
Internet or other innovations change this paradigm, small
innovative companies and large established companies
will need each other for the foreseeable future. The ability
of large companies to find and evaluate new technology
has become very important because many large companies
cannot grow fast enough from internal research, so they
must actively find new companies with innovative tech-
nology. Most large companies, 91% of the Fortune 50
companies, have trouble maintaining sales growth be-
cause of their size (2). The quickening pace of technology
development also has made it difficult for large companies
to be as agile as small companies in directing their
research.

The context of this chapter is the technology assess-
ment process that is often practiced by a large company
when it evaluates technology from a small entrepreneur-
ial company. Perspectives of how a large company per-
forms the evaluation and the obstacles that they face as
well as the obstacles the small company faces in working
with the large company are presented. This area has
become particularly important because of the amount of
money that companies devote to the support of outside
technology. Corporate investment in outside technology
through venture capital funding increased from $100
million in 1996 to $17 billion in 1999 (3). The specific
area of technology that will be addressed is medical
devices. The technology assessment of pharmaceuticals
will not be directly covered, but where similarities exist
between medical devices and pharmaceuticals, they will
be noted. Additionally, other combinations of technology
assessment, such as large companies trying to license out

their technologies, will be covered but in less detail. Large
companies are increasingly trying to sell technology that
is not part of their core business, leading to a different type
of technology assessment (4). The large company may be
trying to sell technology to a small innovative company for
technology development (5). Although the chapter will
cover in detail how to perform a technology assessment,
it is expected that the insights provided will benefit those
wanting to sell technology as well.

1. TECHNOLOGY ASSESSMENT PROCESS

The technology assessment process will generally follow
the steps described in this chapter. The thoroughness with
which each step is executed depends on the specific
opportunity being assessed and the competencies of the
companies. This chapter describes a process of technology
assessment often employed by large- to medium-size
companies when they evaluate technology from smaller
companies. The basic approach is applicable no matter
what the size of the company possessing the technology or
the size of the company doing the assessment. An impor-
tant part of the initial discussions between the companies
is getting an understanding of the preferred outcome of a
deal. A small company selling technology will often have a
final objective of being acquired by the larger company
seeking new technology. A large company trying to sell
technology is looking for the best way to use its assets and
is not interested in being acquired. At a larger company,
the process of technology assessment may involve a num-
ber of people with expertise in technology, marketing,
intellectual property, and contract negotiations. At a
smaller company, one person may have several skills,
and skills not possessed within the company will come
from outside consultants.

The process of technology assessment has been divided
into various stages, as shown in Fig. 1. Each stage
requires skills from different areas of the business. In a
large company, the principle responsibility for the assess-
ment may shift from a technical assessment generalist to
a technical content expert, then on to a business develop-
ment specialist, and finally to senior management. We will
review each stage in the assessment process and conclude
with more detailed sections on business strategy, technical
evaluation, and intellectual property at the end of the
chapter.

2. OBTAIN NEW TECHNOLOGY LEADS

Large companies receive new technology leads from a
variety of sources. The majority of the technology leads
come as unsolicited inquiries from small companies and
technology transfer offices of universities. In the past, the
small company often had problems getting their technol-
ogy to the correct person within a large company and
receiving a fair review. The best way of getting your
technology reviewed was to personally contact somebody
within the large company. The contact within the large
company would use their contacts to get the information to
the correct person for a fair evaluation. If a small company
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had no internal contact, then they could write a letter to
the president or CEO of the company. Alternatively, a
small company would call the company information num-
ber of the large company and hope to be directed to
somebody responsible for technology assessment. Writing
a letter to the president or CEO of a company will often get
a response but it may be take a while. The CEO sends the
inquiry to the next level of management below him, who in
turn sends it to the next level of management below them.
The information usually does make it to a responsible
party, but it often spends months slowly moving through
the organization. On the other hand, calls placed to the
company often result in being sent to the public relations
department, which may not know where to direct the call
for proper evaluation. The Internet is now being used to
provide an organized means of submitting new leads (6).
Companies have websites that offer a place to enter the
opportunity and receive tracking information on the pro-
gress of the evaluation. The opportunities can automati-
cally be forwarded to the appropriate person within the
organization. Although this is somewhat impersonal, it
does have the advantage of being very efficient. The
routing of opportunities to the proper contacts can be
done in a few minutes instead of the historical process
that often took months.

Large companies often find that they need technology
that they do not possess and strive to obtain that technol-
ogy by the most appropriate means. An important part of
the technology assessment process occurs within the large
company when the technology needs are determined as
described in the Business Strategy section of this chapter.
The technology needs drive a number of activities de-
signed to fill that need. The large company will perform
patent searches, Internet searches, and contact outside
consultants to identify potential sources of technology. The
Internet is quickly becoming the primary source of infor-
mation because of the speed with which the information
can be accessed and the breadth of information available,
which makes it important for small companies to put their
information out on the Internet. A good website is a
valuable asset for a small company with technology to
sell. The website should contain, at a minimum, a good
description of the company’s technology and contact in-
formation for inquires. Some small companies are going
much further with the amount of information available on
their website. Recent results from technology testing,
including clinical trials, are being posted on websites (7),
which allows the dissemination of the information long
before it could be published in a scientific journal. The
posting of the data can be one of the best forms of
advertising for the small company.

The second most rapid method a small company can
use for disseminating technology results is through con-
ference presentations. Large companies have representa-
tives attending nearly all of the significant conferences

within their field of interest. Large companies find it very
efficient to attend conferences because of the opportunity
to meet representatives from many different small com-
panies at one time. Conferences also allow for the personal
interactions between employees of both companies. The
better conferences also have the resources to reach the
important contacts within a large company assuring that
important decision makers are aware of what is being
presented. Despite the rapid dissemination of information
by the Internet and the high cost of conferences, confer-
ences remain a vital means of obtaining and tracking the
progress of technology leads. Small companies can also
gain the attention of large companies by publishing re-
sults in respected journals and filing patents. Many large
companies prepare and circulate highlights of abstracts of
articles, patents, and patent applications for core areas of
their business.

Large companies will also identify potential technology
based on an analysis of intellectual property. This process
is described in more detail later in the chapter, but the
process is time-consuming, and for that reason is less
likely to be used than Internet searches. Large companies
rely on new information and knowledge management
software technology to ease the burden of monitoring the
intellectual property area; but no technology eliminates
the laborious task of reading patents. Outside consultants
have been used extensively in the past by large companies
to find new technology. The role of outside consultants has
been declining because of the ease with which large
companies can now obtain information using the Internet.
Consultants may still be used to contact specific compa-
nies without indicating the interest of a large deep-
pocketed company in the technology. Consultants may
also have special knowledge of a geographic region; how-
ever, the Internet and other communications advances are
breaking down global barriers and expanding the universe
of available technology well beyond country borders.

3. SCREEN TECHNOLOGY LEADS

After receiving a new technology lead, it generally goes
through a screening process. Most leads are easily sorted
into a category and forwarded to the person responsible
for that category. The categories are usually sorted by the
way that the company has chosen to organize its business.
For example, a company may divide their business based
on the sales force that calls on and services the different
market segments. A company may have different sales
forces for hospitals, doctor’s offices, consumers, and man-
aged care. The company could just as well be organized
around different disease states with business areas re-
sponsible for cardiac, cancer, infectious disease, diabetes,
etc. The new lead is identified as falling within one or
more of the categories and given to the appropriate
person. Occasionally, a new lead comes in that is outside
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Figure 1. Technology assessment process.
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of any defined business area for the company. These leads
are usually given to the R&D organization for analysis. As
a practical matter, the more closely a business opportunity
aligns with a single business area, the better chance it has
of getting a fair and thorough evaluation. When a small
company submits a new lead to a large company, they
improve their odds of getting an appropriate evaluation if
the lead is presented in a way that fits neatly into the
business categories of the large company (8). The annual
report of the large company, press releases, and interac-
tion with customers are good sources of information for
determining how the large company has structured its
business.

The initial step in screening leads is to confirm that the
lead is in the proper category and remove clearly unsui-
table ones. The person responsible for screening will often
be part of a licensing and acquisitions department, a
business development department, or an experienced
scientist. The new lead is evaluated for how well it fits
into the overall business strategy for that specific part of
the business. A well-conceived long-range business plan
makes the job of screening new leads much easier. If no
long-range plan exists, then each new lead will require an
analysis of how it could impact the future business. If
simple screening criteria can be established about what
opportunities are of interest, such as only opportunities
above a certain market size in dollars, then the screening
process is much easier for the responsible person at the
large company. If the small company can determine the
screening criteria that the large company is using, the
small company can emphasize how they meet the screen-
ing criteria in their discussion with the large company.

A brief technical screening is usually performed on new
leads. The licensing and acquisitions department is often
staffed with people who have a technical background,
making it possible for them to do a quick technical screen.
Technology may exist in which a company has no interest
based on past experience, possible patent interference
with current technology, or incompatibility with a manu-
facturing process. These new leads may be rejected with-
out a thorough technical evaluation. The screening
process will often look at the stage of development of the
new lead. Many large companies are looking for new leads
that can be rapidly turned into products. New leads that
are only ideas or have very little data will often be rejected
because of the perceived development time required to
bring the technology to market. In the pharmaceutical
industry, the majority of a panel of biotechnology leaders
thought that drugs in phase 2 clinical research were
optimal for licensing (9). Phase 2 clinical research would
be equivalent to a medical device that has progressed from
research into development but is not ready for market
launch. Some large companies have venture capital sub-
sidiaries that fund more speculative new technology and
act fairly independently of their parent company. We will
not attempt to cover the techniques used by venture
capital firms for technology assessment because much of
the assessment is based on financial objectives and the
subject has been covered elsewhere (see Reading List).

Besides a quick business and technology screen, new
leads are examined for any obvious problems. A thorough

screening will check for past dealings between the com-
panies. Information on past business dealings have often
been hard to find because it usually involved personal
communications between a few people in the organization.
Companies keep large filing cabinets full of past commu-
nications, but the files are only as complete as the dili-
gence with which they are kept. The people doing the
technology assessments often perform this function in
addition to their other job responsibilities, leaving them
with little time to accomplish tasks like filing. Large
companies are now using databases to track leads. The
information within the database is searchable and easily
retrieved, which makes it less likely that past problems
will be overlooked in the screening process. Small compa-
nies that have had problems in the past with a large
company would be wise to openly discuss those problems
in dealing with the large company on a new lead because
past problems are becoming more difficult to hide. Con-
sistent explanations of the technology, key issues, and
trouble spots are important in building trust. Recent
changes in management and financial problems are other
areas that should be dealt with openly. If the large
company perceives that the small company is being less
than honest, the relationship will quickly sour.

4. TECHNICAL EVALUATION

New leads that pass the initial screening process go into
the technology evaluation stage of the assessment, which
involves a thorough analysis of the data provided by the
small company. The goal at this stage is to decide if enough
technical merit exists to justify going forward. Scientists
and engineers with the appropriate expertise will gener-
ally review the data and form an opinion about the new
lead. Evaluation of simple leads may require only one
expert, but most leads require the formation of a small
team. If the new lead is similar to existing technology
within the company, the personnel on the team should be
chosen so that their exposure to the new lead information
will not jeopardize any ongoing research. The two compa-
nies will often enter into a nondisclosure agreement
(NDA) at this stage of the technology assessment. The
NDA, also called a confidential disclosure agreement
(CDA), stipulates that the small company will give the
large company information that the large company must
keep confidential. As both companies must sign the NDA,
a mutually agreeable document must be negotiated. Large
companies have standard NDAs that they use with all the
companies they evaluate. The quickest path to reaching
an agreement is to use the NDA from the larger company
without major modifications. The small company will
often try to include clauses in the NDA about damages
in the event that the agreement is violated. Such changes
will not be accepted by the large company and will only
slow down the evaluation process. The standard length of
time that the confidential information can be exchanged is
1 year, and the information will be kept confidential for 3–
5 years. In order to facilitate the discussion, especially of
the most promising leads, the companies may enter into a
bilateral NDA where the large company will also reveal
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confidential information. The NDA protects the rights of
the small company to keep their data confidential and
helps the large company get the needed information to
perform the technical evaluation. The confidentiality
agreement does not obligate the small company to reveal
all confidential information at once, so additional informa-
tion may be released as the small company becomes more
trusting of the large company. The large company often
appreciates the limited exposure to confidential informa-
tion because overlap with information from other sources
is minimized and potential conflicts are avoided. The
technical evaluation process is described in more detail
later in the chapter. The output of the team is an analysis
of strengths and weaknesses of the new lead. Business
development or management will use the analysis to make
a decision about the importance of the new lead and
whether to take the new lead to the next stage of the
process. Rarely will the data provided be enough to
answer all the questions that are raised about the new
technology, which is why the technology evaluation stage
is followed by another stage, due diligence, where an even
more thorough technical evaluation can be performed.

The technology evaluation stage requires an examina-
tion of the intellectual property position of the new lead.
The intellectual property status of new leads can vary
considerably so that no single approach will apply to every
situation. At a minimum, the small company should have
some explanation of the novelty of their new technology.
Typically, the small company will have applied for or has
issued patents on their technology. In the technology
evaluation phase, the intellectual property is evaluated
for the merits of the invention. The focus of the evaluation
is on the quality of the intellectual property, not the
quantity (10). A good new technology will have key
features that differentiate the technology from past inven-
tions and products. The large company wants to assess
whether a novel idea is contained in the new technology.
Much of the new leads presented are old ideas with slight
modifications. Rarely does a company come up with a truly
new invention. The intellectual property can readily be
evaluated by scientists who are familiar with the area
because they are aware of the other key patents that the
new technology must overcome and can fairly easily
determine how the new technology overcomes the key
patents. At this step in the technology assessment process,
the intellectual property position of the new technology
increases in importance. In subsequent stages of the
process, the intellectual property assessment will become
equally, if not more, important than the technical assess-
ment. In the past, the intellectual property assessment
may have been superficial because of the procedural
barriers that are described later in the chapter, and
because it was felt to be less important than the technical
evaluation, which is not true today. Both small companies
and large companies have come to appreciate the strategic
importance of intellectual property (10).

The large company should request working demonstra-
tions of the technology, which is an important part of the
technology evaluation. Live demonstration will not always
be possible, such as with implanted devices such as stents
used in blood vessels, but, in many cases, demonstrations

are possible with modified or unmodified devices. Even
more convincing is to let the large company run some of
their own testing. This particular area is often a source of
disagreements between the two companies because the
small company is worried that the large company will
steal some of their technology. The small company should
adequately protect itself with patent applications prior to
showing the technology to the large company. For further
protection, a neutral third party could run the testing. The
large company may look at a refusal to demonstrate the
technology as a sign that the technology does not work.
The small company may also be concerned that the large
company will run poorly designed or poorly executed tests
of the technology. The excuse given by the small company
that the large company will not run an adequate test can
be taken as an insult by the large company. Other means
of demonstrating the new technology, such as using video
images, are helpful. If the small company refuses to allow
any demonstration of the their technology by the large
company, they should not expect a favorable technical
assessment.

The value of new technology will be determined by
comparison to existing technology and other technology
under development. A large company generally has a very
good understanding of the strengths and weaknesses of
marketed products and the late-stage development efforts
of their competitors. Competitive intelligence is captured
through the sales force, reverse engineering of marketed
products, and the multiple experiences of employees
within the large company. Although most activities are
above board, some activities result in murky ethical and
legal areas, such as is the case of rooting through trash
bins. A clear line may not always exist between nosiness
and illegality, so many people prefer to rely on publicly
available information. The Internet can easily be searched
by key words that will find other companies that have or
are developing new technology. A considerable amount of
information can be gleaned from company websites today
that was not previously easily accessible, such as annual
reports. Some small companies post their latest data on
their website as a means of communicating with the rest
of the world. These advances with the Internet have made
it considerably easier to generate competitive intelligence
than in the past. The next best source of information is
through the latest conferences in the field of the technol-
ogy. The people responsible for the technology assessment
will probably be familiar with the most important confer-
ences in the field. Attending the conferences provides the
opportunity to see the latest data in the field and the
results are nonconfidential, which eliminates legal pro-
blems. However, the data presented at conferences must
be looked at with a skeptical eye. There is no way of
knowing whether the data presented is representative of
the technology or is best-case data. Other sources of
competitive intelligence come from coworkers and ac-
quaintances in the field. When the competitive intelli-
gence is all gathered together, a picture of the competitive
landscape in the particular area can be put together. This
picture will indicate whether the new technology is behind
or ahead of others companies working in the field.
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5. DUE DILIGENCE

New technology leads that pass through the screening and
technical evaluation stages move into the due diligence
stage. Due diligence is a large effort and is not undertaken
unless significant support from management exists. This
stage often requires significant expenditures of time and
money. Due diligence has been defined as ‘‘an exhaustive
process to collect and analyze all the facts that exist
relevant to the opportunity in order to ascertain status,
reduce uncertainty, determine strategic fit within a fran-
chise, and assign value to the business opportunity’’ (H.
Ann Stelmach). By this time, the company offering the
technology has begun to establish an expectation about
the financial terms that they would find acceptable. The
deal that will be offered by the large company will depend
on the thorough assessment performed in the due dili-
gence stage. The due diligence stage will attempt to cover
all aspects of the new technology. The team that performs
the due diligence will need expertise in technology, clinical
testing, intellectual property, manufacturing engineering,
quality systems, regulatory affairs, and business. The
amount of confidential information that has to be ex-
changed between the two companies is so extensive that
the small company may seek a financial or contractual
commitment before agreeing to the due diligence. Because
of the number of people involved, coordination of the
efforts is a concern. The different disciplines are usually
organized as part of one large team to facilitate the
evaluation. The number of people that can be assigned
to the due diligence team could be so large that they
overwhelm the capabilities of the small company. If the
different parts of the team are not coordinated, then the
large company can overrun the small company.

The value of any new technology lies in its ability to
perform within defined parameters. The only way to
unequivocally determine the performance of the new
technology is by independent clinical testing (11). Inde-
pendent third parties hired by the small company may
already have tested the new technology. Generally, this
testing provides the data that is filed with a governmental
regulatory body for approval to market the device. A
review of these independent clinical trials may be all
that is needed by the large company to verify the perfor-
mance of the technology, assuming that the testing was
done by a reliable outside party. The technology is often at
an earlier stage where the clinical testing of the device is
not finished. The large company will then want to perform
a clinical trial of the new technology at an independent
site or within the large company. These clinical trials will
provide the large company with the confidence to go
forward with the deal negotiations. The clinical trials
also add credibility to previous data by showing that the
technology can perform more than once. Conflicts can
occur between the small and large company if the re-
quested clinical trials are too large for the small company
to support. The design of the clinical trials may require
trade-offs between the need to get comprehensive data and
the ability of the small company to deliver the technology
for testing. Invariably, some compromise between the two

companies must occur in order to accomplish this part of
the due diligence.

As noted in a previous section, the subject of intellec-
tual property becomes increasingly important as the new
technology lead moves through the different stages of the
evaluation process. The due diligence stage requires the
most time-consuming and thorough examination of the
intellectual property. The intellectual property assess-
ment centers around two areas that are interrelated but
different: patentability and freedom to operate. Most
technology areas are crowded with patents, so the ques-
tion of patentability and freedom to operate is not easy to
determine. A team of scientists and legal counsel is
normally required, as explained in more detail in the
Intellectual Property Assessment section. Forming opi-
nions about patentability and freedom to operate is a
lengthy process, so this area should be given the proper
resources and amount of time when setting up the due
diligence stage of the assessment. A very recent trend has
been noted in intellectual property assessment where the
patentability of a new technology may no longer be enough
for some deals (12). Some companies are now trying to
determine whether a patent will hold up in court against
attempts by the competition to invalidate the patent.
Historically, most patents were upheld when challenged
in court, leading people to place a high value on issued
patents. More recent court decisions have been less favor-
able to the issued patent holders. Although the determi-
nation of the defensibility of a patent is more speculative
than the patentability and freedom to operate, the analy-
sis is becoming more important, especially with larger
deals. The more valuable a patent is in the market, the
more likely someone will attempt to challenge it. Because
any intellectual property opinion is nothing more than
opinion, contracts are being structured based on the
successful defense of a patent to mitigate some of the risk.

New technology should provide benefits when com-
pared with technology already on the market, so the
technology on the market serves a benchmark to compare
against new technology. As part of the technology evalua-
tion stage of the technology assessment, new technology is
compared with existing technology. This comparison will
usually concentrate on several key features of the tech-
nology that provide benefits over competitive technology.
The technology from other companies developing similar
new technology should also be given a cursory examina-
tion to determine if the new technology being evaluated is
ahead of or behind other new technology. Discretion
should be used when evaluating the claims of competitors
on projects under development because all that is pro-
mised by competitors is not always delivered. Depending
on the importance of the new technology, the large com-
pany may want to go as far as contacting some of the other
companies developing similar technology to determine
their progress. Discussions with other companies devel-
oping technology can yield important information about
where the challenges are for any new technology. Compa-
nies developing new technology are usually willing to
discuss what they see as the faults of their competitors.
When performing these discussions, the area of confiden-
tial information requires caution. Information that com-
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petitors are willing to divulge that is not confidential is
worthwhile. Release of confidential information could
present problems if it is not handled properly. The con-
fidential information cannot, of course, be shared with any
competitor being assessed, but the confidential informa-
tion may be restricted for use only for the consideration of
that company as a potential partner. Using the release of
confidential information for the sole purpose of bench-
marking a technology candidate could present legal pro-
blems. The best test of what is proper and what is not is
how it feels to the person doing the evaluation. If what you
are doing does not feel right, then you would be well
advised to consult legal counsel.

The technology assessment has, to this point, centered
on the performance and patentability of a new technology.
Before serious contract negotiation can begin, the value of
the new technology to the large company will need to be
determined. The value of the new technology is the
amount of money the large company is willing to pay for
the technology, and the process of determining that
amount is the valuation of the technology. A key compo-
nent in establishing the value will be the amount of profit
a new product will generate as measured by the difference
between the price a customer pays for a product and the
cost of manufacturing the product and the expected sales
volume. The selling price of a product will be determined
by the selling price of competitive products on the market,
regulation of price by the government and insurance
companies, and the features of the new technology and
the resulting product. The subject is too complex to be
adequately covered in this chapter, but a word of caution is
appropriate. Many small companies assume that their
new technology will provide benefits over existing pro-
ducts on the market, so they expect to command a pre-
mium price for their new product, which is often a false
assumption because, although the benefits of the new
product may drive sales, the price may be fixed by regula-
tions and by the price expectations of the user. The cost to
manufacture a product derived from a new technology can
be fairly accurately gauged by skilled people with experi-
ence in manufacturing engineering. As the selling price
and manufacturing costs are of equal importance, a
thorough evaluation of the manufacturing costs should
be undertaken. The small company usually has a detailed
cost analysis that can be reviewed by the large company. A
second method of determining manufacturing costs is by
reverse engineering. With reverse engineering, a new
product is broken down into its individual components,
and the large company obtains quotes for the manufactur-
ing of the various components and assembly of the final
product. As a result of the expertise within the large
company and preferred relationships with manufacturers,
the large company may be able to find ways of reducing
the manufacturing costs, making the new technology more
attractive. The large company may also find components
that will be difficult to manufacture within the cost
constraints of the new product, which will, of course, be
factored into the valuation of the technology. In some
cases, new technology does not result in a new product
but may be a new means of manufacturing a product. In

such cases, the analysis is simpler because it will only
involve the evaluation of manufacturing costs.

Companies developing products in the medical indus-
try need to have a well-conceived regulatory strategy
because of the many legal restrictions covering marketing
and sales. The regulatory strategy addresses how a new
product or technology will move through the approval
process of government bodies. In the United States, the
Food and Drug Administration (FDA) is the main body
that regulates the medical industry. Medical devices typi-
cally fall into two main categories: those that can be
approved through a 510K approval process and those
that will be required to go through a premarket approval
(PMA) process. Many applications are submitted to the
FDA Center for Devices and Radiological Health (CDRH)
or the Center for Biologics Evaluation and Research
(CBER). A large number of documents are available
from the FDA website, including guidance documents for
the Modular Review of PMAs and alternative approaches
to demonstrating substantial equivalence in 510K filings
(13,14). The 510K process is cheaper and faster than the
PMA process. In 2002, the average time was 79 days for
510K approval and 215 days for PMA approval (15). In the
due diligence stage, a determination is made about which
path is most appropriate. If the new technology is similar
to an existing product, then it will likely go through the
same approval process as the existing product. New
technology that differs significantly from existing products
will require careful review. Proper determination of the
regulatory path is critical in evaluating and valuing new
technology. Outside consulting companies that specialize
in regulatory strategies are available to help if internal
resources are not available. Small companies are increas-
ingly meeting with the FDA to get their guidance earlier
in the development process. The benefits of this strategy
have not been analyzed but does tend to remove some of
the uncertainty in the due diligence phase if the FDA has
provided some guidance. The FDA itself undergoes peri-
odic changes that need to be analyzed for their impact on
the approval process. The FDA was mandated by the U.S.
Congress to speed up approval times and users fees were
instituted. The results were initially dramatic but may
have leveled off (15). Similar to the intellectual property
portion of the due diligence, the regulatory evaluation
results in a best guess as to what will happen. Even after a
thorough due diligence evaluation, regulatory issues are
often significant and uncertain, thus representing a con-
siderable risk.

The various inputs from the technology testing, intel-
lectual property assessment, competitive assessment, cost
analysis, and regulatory assessment are all used to place a
value on the technology. Detailed models have been pro-
posed for establishing the valuation of pharmaceuticals in
development (9), but the authors are not aware of any
models for medical devices. Pharmaceutical development
goes through well-defined clinical phases, and a value can
be assigned to a pharmaceutical at each clinical stage.
Medical devices do not have such clearly defined stages. In
trying to determine the valuation of a medical device, the
technology could be forced into the pharmaceutical model,
which may not make sense because the lifetime of the
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product cycles are very different. More traditional ap-
proaches such as net present value (16) are more easily
used to establish the valuation. Elements that change the
valuation beyond a straightforward calculation of future
sales and the expected cost to attain those sales always
exist. If a competitor is rumored to be coming out with a
new product, then a new technology may have a higher
valuation if it opens an avenue to competition with the
competitor. If the company’s goal is to grow faster than the
competition, then new technology may be more attractive.
A large company may not want to commercialize new
technology and could be interested in just keeping it out of
the hands of its competition. Under those circumstances,
the technology is only for defensive purposes and may be
less valuable. Establishing how a company plans on using
the technology will also play a key role in the next stage of
technology assessment: negotiating a deal. For example, if
a large company is planning on buying a technology so its
competitors will not get the technology, then a deal invol-
ving a royalty payment is not appropriate.

6. NEGOTIATE DEAL

Negotiating a deal between the two companies can be
viewed as the final stage of the technology assessment or
the first stage of the business relationship between the
two companies. In either case, the negotiations probably
started from the first meeting between the two companies
and have continued on through the technical evaluation
and due diligence stages. Initially, the companies talk
about the type of relationship they are interested in.
Does the small company want to license their technology
or are they also interested in manufacturing? Does the
large company want to take a stake in the ownership of
the small company and eventually own the small com-
pany? As more information is gathered throughout the
technology assessment, the business negotiations become
more specific. Eventually, a final value is assigned by the
large company to the technology, and the small company
will have to decide if the deal that is offered is reasonable.
These negotiations have changed significantly in recent
years because of a general change in the business climate.
During the technology bubble that occurred in the 1990s,
most small companies were looking for a large company to
partner with. A successful partnership with a large com-
pany usually assured the small company of a successful
initial public stock offering (IPO). The small company
could raise large amounts of capital through the IPO.
Since the technology bubble burst, it is much harder for a
small company to raise money through an IPO. Small
companies are more often looking at large companies as a
source of capital through selling part or all of the small
company to the large company. Large companies are
taking the place of the stock market for generation of
capital, but with some changes. Large companies usually
invest only after completing a thorough technology assess-
ment (17) and are therefore more selective than the public
was during the technology bubble. In the current business
environment, forming and growing a small company is
more difficult. More and more small companies must

compete with each other for the limited opportunities
supplied by large companies. The financial climate is
likely to continue to change, and we may see another
technology bubble or ‘‘IPO window’’ in the future where
money flows freely. Until then, small companies will have
to be very agile and clever in spending their money and in
finding the right technology partner.

7. BUSINESS STRATEGY IN TECHNOLOGY ASSESSMENT

As mentioned elsewhere in this chapter, to maximize the
efficient use of technical assessment resources, the large
company’s activities need to be underpinned by a well-
conceived business strategy that provides guidance con-
sistent with the company’s overall direction and priorities.
Although different approaches have been proposed to
derive such strategies, an exhaustive review of these
approaches is beyond the scope of this discussion. The
interested reader is referred to citations at the end of this
chapter (18–24) as well as the rich business strategy
literature. We will, however, attempt to overview some of
the elements commonly employed in the development of
such strategies from the perspective of someone wishing to
employ this information in vetting licensing opportunities
for a commercial organization. In the case of a smaller
company, such opportunities may represent the sole or
primary means for growing the business as a whole; for
larger companies, they may provide growth opportunities
for a business segment formed or identified as a strategic
growth area. Understanding strategy development is also
useful for individuals engaged in the licensing of technol-
ogy in that the ability to infer something of a potential
licensee’s business strategy can help target the prospects
likely to be most interested. For the sake of simplicity, the
following discussion will assume the perspective of a team
developing a strategy for a segment of a broader business
at a large company. However, it should be understood that
a similar process could be applied at several different
levels of the organization. We will further assume that
this broader business has already articulated a strategy
for the entire enterprise that has been communicated
throughout the organization.

Strategy development teams require a working knowl-
edge of many and diverse aspects of the business. Conse-
quently, the most effective strategy development teams
are typically multifunctional, even when their focus ap-
plies to subsegments of the business. At the core of such
teams are usually representatives of R&D and Marketing/
Business Development. Although somewhat out of favor in
recent years, strategic planning groups sometimes exist
within companies to facilitate strategy development and
to bring a corporate perspective to the effort. In addition,
Finance, Regulatory Affairs, Quality, and other functional
experts from within or outside the company are brought
into the process as needed.

7.1. Internal Situation Analysis

Business strategies, whether they are broad corporate
strategies or focused on a particular subset of the busi-
ness, have elements in common, beginning with an assess-
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ment or ‘‘situation analysis’’ of the internal and external
attributes driving the business (Fig. 2). Situation analyses
typically begin with a thorough review of the factors
within an organization that may contribute to or hinder
the successful execution of a business strategy (i.e., its
strengths and weaknesses).

Awareness of the organization’s core competencies,
both technical and commercial, is central to the develop-
ment of an overall business strategy as well as the screen-
ing of technical opportunities. New technology can be
seductively exciting, but without the appropriate skills
and resources to carry the technology forward or a credible
plan as to how such elements may be acquired, even the
most innovative opportunity will be a poor investment.
Similarly, depending on the business strategy of the
company as a whole, the scientist or engineer needs to
look beyond the development of the product itself and
consider the means by which the investment payback will
occur. Does, for example, the company have the appro-
priate distribution channel to get the product to the end-
user? If not, can a new sales force be accessed (e.g.,
through a distribution agreement or alliance with a
second party) or can the existing sales force be retrained
to call on new customers? Is the company’s organizational
structure such that a natural champion exists within the
commercial sector for investing in technology of this type
and are they likely to maintain their support for a

sufficient period to complete product development? What
has been the company’s experience with previous invest-
ments of this kind?

An understanding of the organization’s short- and long-
term financial drivers is also critical. What are the finan-
cial metrics and the internal financial hurdles required for
a technology to be considered attractive: Profit and Loss
(P&L)? Net Present Value (NPV)? Return on Investment
(ROI)? Payback time? Ultimately, this information will be
critical in evaluating the fit between new technology
opportunities and business goals and, consequently,
speaks to the importance of involving Finance personnel
not only in strategy development but also later in the
vetting of technology candidates.

7.2. External Situation Analysis

External analyses typically focus on opportunities pre-
sented by the marketplace and the threats posed to
participants in this marketplace by such external factors
as competitors, government or regulatory agencies, cost of
capital, etc. In the context of building a foundation for
technical assessment, external analyses need to develop a
clear understanding of who will be the eventual customer
for the company’s products in the area under considera-
tion and their unmet product needs. In the biomedical
area, this analysis will usually include developing a
detailed understanding of practice standards for the diag-
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Figure 2. Strategy development overview.
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nosis and treatment of certain medical conditions. In some
cases, these may be embodied in Standards of Care
published by various professional medical organizations,
although noncompliance to such standards is often high,
making primary market research through interviews,
surveys, and focus groups a critical component in trian-
gulating an accurate assessment of current clinical prac-
tice. What kinds of technology exist to meet these needs
and from whom are they available?

In addition to understanding the medical needs to be
addressed, an external analysis attempts to define and
examine the industrial milieu in which the company
competes, which includes an analysis of industry and
subsegment size and trends, the forces driving these
trends, and a review of current and potential future
positions of competitors. What barriers exist to new
competitive entrants? What are the likely competitor
responses to our attempts to increase our share of the
market? Are there a limited number of suppliers of key
components of the technology? What are the governmen-
tal requirements to participate in this area? What are the
financial requirements to introduce new products and to
compete on an ongoing basis? Again, although such factors
may seem somewhat far a field from the process of
technology assessment, they are, in many cases, critical
considerations in the viability of such technology with
respect to successful development and commercialization.

7.3. Mission Statement

Having thoroughly examined the business situation as it
exists today, the next step in business strategy develop-
ment is to develop a vision of the role that the business
will play in the future setting in which it will operate. A
first pass at consolidating the information developed dur-
ing the situation analysis is typically to develop a mission
statement that broadly defines the nature of the business,
its direction, and its goals or aspirations. Again, rich
literature exists discussing the hows and whys of formu-
lating such documents, but in its essence, this is where the
‘‘what do we want to be when we grow up?’’ question is
posed. Besides being a device for communicating to sta-
keholders within and outside the business regarding its
identity and direction, the mission statement provides a
yardstick for future decision-making. Deliberations about
technology acquisition or out-licensing may be viewed in
the context of what the mission statement reveals about
the long-term ambitions of the business.

Capturing the vision for the enterprise of the future is a
delicate undertaking that can easily degenerate into

‘‘death by committee.’’ To maximize the value of the
mission statement, it needs to be broad enough to inspire
outside-the-box thinking in regard to possible future
strategic alternatives, but specific enough to act as a
concrete, practical guide, grounding such alternatives in
the context of the current business and linking them to it.
As such, the mission statement should make clear to the
reader how the company defines itself and what the
company considers to be the primary drivers for its future
growth. Are there commitments to a particular group of
products (catheters, software solutions) or product posi-
tioning (e.g., market leader, low-cost producer), serving a
particular customer’s needs (cardiologists, colon cancer
screening)? Has uncertainty in securing an ongoing sup-
ply of raw materials been identified as a key threat,
making vertical integration a key company goal? Is there
a strategic asset (an installed instrument base, a genetic
database) or critical skill (polymer chemistry expertise,
electrochemical sensor manufacturing, software develop-
ment) that the company performs better than anyone else
and that, if fully exploited, provides a sustainable compe-
titive advantage? Examples of mission statements for a
couple of hypothetical companies are shown in Fig. 3.

7.4. Strategy Development

The essence of the business strategy, of which the technol-
ogy strategy is a part, consists of comparing where the
business is now, as detailed in the internal and external
analyses, to what the business hopes to become as embo-
died in the mission statement, identifying the gaps be-
tween ‘‘now’’ and ‘‘then,’’ and developing alternatives to
close them. It is here that considerations such as ‘‘make or
buy?’’ or, in the case of new technology, ‘‘invent or license;
divest or acquire?’’ come into play. Critical in vetting the
alternative strategies is an agreement as to what consti-
tutes a meaningful set of metrics by which the likely
contribution that the strategy makes in achieving the
company goals can be evaluated. By how much would
this alternative lower manufacturing costs? What is the
likelihood that new products in this field will be readily
accepted by critical care physicians (and thus produce
near-term as opposed to future income)? Again, when
considering the business as a whole, all elements of the
business examined in the situation analysis are fair game
for consideration as agents of change in the interest of
achieving the desired long-term goals.

Once the alternative strategies have been laid out, a
further consolidation of the components of these alterna-
tives are attempted through rearrangement, modification,

Acme Medical Corporation’s mission is to become the leading, web-based supplier of
precision surgical instruments to the worldwide hospital market. 

Jackson Scientific aspires to become the low-cost provider of quality analytical
instrumentation and disposable supplies to the Life Sciences research community. 

Rainbow Research, Inc. will maximally leverage its expertise and experience in
microfluidics engineering to become the leading U.S. consultant for biomedical
monitoring equipment design and for the generation of microfluidics intellectual
property. 

Figure 3. Mission statement examples.
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and recombination in order to identify that combination of
actions that appear to come closest to achieving long-term
objectives. Although the expected impact of some of these
elements lend themselves very well to quantitative fore-
casting, others, which may be equally important, do not.
Also, even those factors that do lend themselves to quan-
titation may vary widely in the expected influence they
will exert. Again, a variety of approaches are commonly
used to integrate the strategic elements and effect trade-
offs, ranging from an intuitive ‘‘gestalt’’ approach at one
extreme to a quantitative weighting approach that at-
tempts to assign numerical weighting even to those ‘‘soft’’
elements that are expecting to affect the likelihood of
successful implementation (25). More typical is a middle-
of-the-road approach that quantifies those elements that
can be easily quantified followed by a subjective evalua-
tion of the influence that other, less quantifiable factors
may have on achieving long-term goals. Business strate-
gists commonly employ a variety of visual tools to assist
them in this process. One might, for example, see two-
dimensional bubble graphs (Fig. 4) or multicelled grid
approaches that help to distill the information into few
enough dimensions to make the impact of a particular
approach more easily comprehended.

Once the final, consensus strategy is agreed to, it
becomes important to the business’s stakeholders to see
how this strategy fits into the entire enterprise. New
technology development may or may not have been a
critical element in the new strategy, but when laying out
the future in terms of a business plan, it is an element that
is commonly included. It is here that the criteria for
vetting new technology can be elaborated, again in such
as way that the linkage to the consensus strategy and
business plan is apparent. An example of such a scheme is
shown in Fig. 5, although alternative approaches based on
quantitative or semiquantitative weighting of relevant
attributes of the technology offering are also possible.

8. TECHNICAL EVALUATION IN TECHNOLOGY
ASSESSMENT

Performing a technical evaluation of new technology is
both easy and hard. New technology is usually designed to
perform a defined function that can be measured. The job
of the technology assessment team is then to determine if
the new technology performs to the level that is needed.
Straightforward testing that determines how successful a
technology performs is usually available. The difficulty is
how to determine what is truth. The strengths and weak-
nesses of any new technology are best known and under-
stood by the small company. The small company is in the
best position to design tests that hide the flaws in their
technology, which limits the credibility given to tests
performed by the small company. The small company
should be prepared to allow the large company to perform
independent testing of the technology if the small com-
pany is serious about gaining the confidence of the large
company. Small companies will use the excuse that the
large company does not have the expertise to design and
perform the correct testing of their new technology, which
is usually viewed by the large company as a sign that
flaws exist in the new technology that the small company
does not want revealed by independent testing. The small
company should be willing to work with the large com-
pany to make sure the testing is done in a proper manner.
The more that the small company resists the independent
testing, the worse the small company appears. The mem-
bers of the technology assessment team realize that the
small company probably has only one technology to offer
and the small company must sell the technology to the
large company despite any existing flaws. The technology
assessment team has no alternative but to remain skep-
tical throughout the entire process because of the conflict-
ing interests between the two companies.

A company presenting new technology should have
some data to present to the larger company to justify the
interest of the larger company. The amount of data will
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vary depending on the stage of the technology develop-
ment. Little data is expected for technology that is in the
concept phase, whereas extensive data is expected for

technology that is close to a product. The challenge for
the person performing the technology assessment is to
determine what conclusions can be drawn from the data

Fit with  overall
business strategy

?
(focus, platform,

distribution channels,
 etc.)

Large,
unanticipated
opportunity?

Fits into "Very
attractive" or
"attractive"
portion of

technology
opportunity grid?

PASS

Consult w
business

development
group

No

Yes Anticipate annual
sales > $10M,

distribution
margin >30%@  
5yrs post-launch

Significant pull-
through for other

company products so
that TOTAL
incremental

sales>$10MM@5yrs
post-launch

No

No

Yes

Promising
initial clinical

data?

Yes

More data needed?

Company
willing to do

studies?

Is funding
support

needed?

Adequate
resources?

Defer decision
until studies
completed

Data supports
original

premise?

Company has
reasonable
licensing

expectations?

License
technology

Reasonable
expectations of
getting funding
for licensing?

Yes

Yes

Yes
Yes

No

No

No

No

No

No

Yes

OK w business
development/
R&D Mgmnt?

Yes
No

Preliminary
review w WW

business
development/
R&D Mgmntthen

New technology evaluation process -

Yes

Develop
preliminary
business

plan

OK

No

No Yes

No

Yes

No

Yes
not OK

Figure 5. Possible decision tree for evaluating new technology.
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about the new technology. The small company should
strive to present their data with industry-standard me-
trics (standard deviation, coefficient of variation, specifi-
city, selectivity, correlation coefficient, etc.). New
technology may require that new industry standards are
established, but the old metrics should still be presented if
possible. The standard metrics provide a reference point
that can be used to compare new technology with old
technology. Those standard metrics are likely well under-
stood by the large company and will make the technology
assessment much easier. The large company does not
expect to see perfect data and is generally suspicious if
all the data looks good. Unless the technology being
evaluated is perfect, some problems are expected and
can be shown. The important question to ask of the small
company is what caused the imperfect data. The large
company should keep track of these explanations so that
improvements can be tracked. The small company will
lose credibility if the reason for the imperfect data keeps
changing because this shows a lack of understanding of
the technology. As with anything that is new, unexpected
problems will come up; but the more problems that occur,
the lower the confidence in the new technology will be.
Company-supplied data is generally relied on in the
screening phase, and a positive review used to move the
process into the next phase: technical evaluation.

In many cases, preliminary testing of the new technol-
ogy takes place in the technical evaluation stage of the
technology assessment. Importantly, the large company is
directly involved or oversees the collection of the data. The
testing is designed to include the most important features
of the new technology as well as expected problem areas.
The small company should understand that a successful
demonstration of the technology is the most successful
path to moving the technology to the next stage, which is
due diligence. Frequently, the small company objects to
any testing of the new technology by the large company for
two reasons. First, the small company may believe that it
will have to reveal too much confidential information
during the trial. Both companies should have entered
into a confidentiality agreement by this stage, providing
the small company with some protection. A well-recog-
nized outside expert can be hired to perform the testing,
which gives both companies confidence in the testing.
Using a third party also restricts the large company
from doing any reverse engineering of the new technology.
The second reason the small company may object is they
fear the tests will fail. The testing should be designed with
significant input from the small company to relieve any
fear about the suitability of the testing. Surprisingly,
technology that does not work often makes it to this stage
of the assessment. The small company may bury bad data
with the hope that the flaws will not be found in the
testing. Some small companies will perform very extensive
testing prior to contacting the large company with the
belief that the large company will skip the testing phase of
the technology assessment. Extensive testing is good for
the small company to have, but the small company should
expect, be prepared for, and be willing to let the large
company perform their own testing.

Preliminary testing becomes significantly more compli-
cated if approval of an institutional review board (IRB) is
required. The IRB reviews clinical testing protocols to
ensure the testing is safe for the subjects and that the
testing has a reasonable medical justification. If the new
technology is a medical device to be used on humans, the
use of the device is usually restricted. If the large company
wants to test the device in their own facility, they will need
to obtain approval from an IRB, which can be a lengthy
process taking several months. The clinical evaluation
may not be worth the cost, personnel time, and risk of
regulatory problems. Under those circumstances, the best
course of action is to perform testing at the small company
under their IRB-approved testing protocol. Effective test-
ing can still be done at the small company with the close
observation of the large company. New rules, Health
Information Portability Act (HIPA), regarding the privacy
of medical records were instituted in the United States in
April of 2003. The protection of the subject’s rights pre-
sents another challenge to performing clinical trials and
sharing data between companies. The overall impact of
the HIPA rules on the ability of the large company to
perform clinical testing of new technology is unknown at
this time, but is likely to make the testing more difficult.

The final method used to establish the performance of a
new technology is to perform a clinical trial. Limited
clinical testing probably occurred in the technical evalua-
tion stage, but the clinical testing that occurs in due
diligence is more extensive. Ideally, the large company
would like to perform the kind of testing that would be
required to obtain regulatory approval for any new pro-
duct that results from the new technology. If the new
technology has not progressed to the point where a
product is ready for testing, then a more limited clinical
trial will be set up. The cost of a full clinical trial can be
very high, so this type of testing is only set up for
significant opportunities. The clinical trial is focused on
patients who will use, be treated by, or interact with the
new technology. Although testing in the technology as-
sessment stage is focused on the question of does the
technology work at all, in the due diligence stage, the
testing is focused on the question of does the technology
work for the intended user. The clinical testing protocols
are often industry standards that may require some
modification to fit the new technology. The output of the
testing should lead to results in clearly understood me-
trics. Special consideration should be given to any new
advantages that the technology has. These new advan-
tages are likely to drive the valuation of the technology.
The clinical trial should therefore seek to determine
whether those advantages are realized by the new tech-
nology.

9. INTELLECTUAL PROPERTY IN TECHNOLOGY
ASSESSMENT

Over the past 10 years, advances in technology have
affected the area of intellectual property assessment tre-
mendously. Ten years ago, the process of ordering a patent
usually involved a written request to the business library;
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then the patent would be sent by company mail to the
requester in 1–2 weeks. U.S. and foreign patents can now
be accessed by a personal computer in a few seconds. The
electronic form of the patent can be downloaded for
storage and printing. What had taken weeks now takes
minutes. Patent searching is another area that was very
slow 10 years ago. A request for a patent search would go
to the search department. The search department would
usually take months to complete a search because of the
complexity of searching. With the current tools available,
rough searches can be carried out on a personal computer
in a few seconds. A complete search still requires the
expertise of a patent searcher, but the tools used by the
patent searchers have also improved greatly. As stated
previously, the delivery of patents was carried out by
intracompany mail in a few days. If several copies of a
patent were needed, a request for duplication services to
make the multiple copies was required, and delivery of
multiple copies would take several additional days. Pa-
tents are now distributed instantaneously using electronic
mail and can be sent to numerous recipients without
delay. Unfortunately, no advancement in technology re-
places the need to actually read patents. However, because
the rate of flow of information has increased, intellectual
property questions can be answered much more quickly,
which avoids the inefficiencies of having to go back and
relearn information when new information arrives. In
summary, recent advances in information technology
have greatly accelerated the process of making decisions
relating to intellectual property.

During the screening and technical evaluation stages of
the technology assessment process, new technology leads
are given a cursory evaluation for their intellectual prop-
erty content. This cursory evaluation is very valuable
because a new technology having only limited possibility
for intellectual property protection can be identified before
the time-consuming due diligence process is started. The
quality of the cursory evaluation can be greatly improved
if areas that fit the business strategy are thoroughly
understood prior to evaluating new technology. Techni-
ques that allow great amounts of intellectual property
information to be placed into readily accessible formats
have been developed. One of the most frequently used
techniques is ‘‘patent mapping’’ (26). The patent mapping
process begins by identifying a specific area that is of
interest to your business. Patent searches are performed
to identify the relevant intellectual property within that
area of interest. The intellectual property is then grouped
according to some common attribute, such as by a specific
technology used in that area. The patents using that
specific technology are laid out along a time line. The
position for a given patent is usually the date of the patent
application. By displaying a series of time lines organized
around different technologies on one graph, a patent map
is created. An example patent map is shown in Fig. 6 for
the area of Hemoglobin A1c blood testing. The area is
divided into major categories by methods, instruments,
and formulations. Within each category, a timeline is
shown for each company. If more information is required,
the various patents can be rated as to the strength of their
claims and the strength can be indicated on the map by

color-coding the patents. The process of creating the
patent map forces the mapping team to become intellec-
tual property experts in an area. These experts benefit
from knowing the strengths and weakness of the patents
in the field to the point where they can generate paten-
table ideas that have been overlooked. Producing a patent
map can be very time-consuming because certain areas of
technology have well over 1000 patent citations, but the
patent map makes the job of technology assessment much
easier. New technology can be inserted into a time line on
the patent map and critical prior art is easily identified.
Because of the effort involved in preparing a patent map,
patent mapping is recommended only for areas that are of
key business interest.

Freedom to operate is the expression used to describe
the probability that a new technology can be used without
infringing existing patents. Freedom to operate opinions
are initiated by searching intellectual property for tech-
nology similar to that of the new technology. The patent
search generates a list of relevant intellectual property. In
the previous section, the concept of patent mapping was
introduced. Patent mapping is useful for defining the
general direction of technology and identifying key pa-
tents. The freedom to operate opinion is desired in the due
diligence phase of the technology assessment. The free-
dom to operate opinion is more focused and typically more
thorough than patent mapping. A good patent search will
identify any technology close to the technology being
evaluated. A good patent search will so broadly cover the
area that it will typically yield 10 irrelevant patents for
every relevant patent. The abstracts of the patents iden-
tified should be read to separate relevant patents from
nonrelevant patents. The claims of the patents judged as
being relevant should be read to determine if any are
relevant to the new technology. Patent claims often con-
tain key words whose meaning can only be understood by
reading the patent, so some patents will have to be read in
detail. The patent claims are compared with the new
technology. It is recommended that a team consisting of
technology experts and legal counsel review the claims
together. If a clear understanding of the claims can be
reached, an opinion can be rendered as to the probability
that the new technology will be free of enforceable patents
(27). If a clear understanding of the claims cannot be
established, then a more intensive analysis must be
performed. File histories, which contain the written cor-
respondence between the company filing the patent appli-
cation and the patent office, are available. A file history
often contains clues as to how the final claims evolved
during the prosecution of the patent application. The
technical issues raised between the company and the
patent office can usually be determined. The patent office
frequently puts forth objections that are procedural in
nature and best interpreted by legal counsel. After this
process is completed, an opinion can be formed as to the
probability of the new technology violating existing en-
forceable patents. The freedom to operate opinion is
simply an opinion, not a guarantee. Patent applications
are not published until 18 months from the date of filing,
so there is always an unknown number of patent applica-
tions that cannot be evaluated. Determining what claims
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in a patent application will be granted is also very spec-
ulative. Preparing the freedom to operate opinion is
necessary, but the resulting opinion can be frustrating
because confident opinions cannot always be generated. If
a patent infringement lawsuit were to be filed against a
company selling the new technology, the outcome is often
difficult to predict with any certainty.

The value of new technology is closely related to how
broadly the technology can be protected by patents. In the
previous section, we described how to determine if the new
technology infringes existing patents. In this section, we
describe how to determine if the new technology is paten-
table. The process is similar to, but distinguishable from,
that used to determine freedom to operate. Patent and
literature searches are carried out, and relevant patents
and literature from the searches are identified. A thor-
ough reading of each patent is required, with the specifi-
cation of the patent having equal or greater importance
than the claims. The purpose of the review is to determine
if the new technology is described in any of the patents,
patent applications, or other literature. Any description of
the new technology in a patent, patent application, public
presentation, or nonconfidential publication should be
evaluated. The scope of the search should include scien-
tific publications and the Internet. Companies must be
careful not to publicly reveal any information prior to
filing a patent application, because such publication of
information can be used against them when they seek a
patent. Unless a technology is so new that nothing like it
exists, existing information will limit how broadly a
technology can be protected. A patentability opinion is
usually not a question of whether the technology can be
patented, but how broadly the technology can be patented.

Despite the great amount of effort that goes into preparing
the opinion and the importance to the valuation of the
technology, the resulting opinion is only an estimate and
does not guarantee what the ultimate outcome will be.

If the new technology is covered by issued patents, then
the questions of patentability would seem to be answered.
The freedom to operate question still needs to be an-
swered, because there may be existing patents that either
cover portions of the technology or dominate the technol-
ogy. A recent trend in technology assessment is to analyze
the strength of the issued patents. Experience has shown
that a patent would usually be upheld if it were chal-
lenged. However, patents can be successfully challenged.
The technology assessment team must now expand its
efforts to looking at the defensibility of a patent. As with
the freedom to operate and patentability opinions, the
results are speculative. In order to lessen the speculative
nature of the opinions, deals requiring payments based
not only on a patent being issued but also on the successful
defense of the patents can be prepared. Because of the
importance of intellectual property to the technology
assessment, the highly specialized talents required, and,
as was just mentioned, the rapidly changing require-
ments, resources outside the company may be necessary
to complete the process. These outside resources can
provide the experience and specialized support to help
the technology assessment teams reach their goals (28). A
particularly difficult area is the analysis of Japanese
patents, which often require a good translation of techni-
cal terms. Despite advancements in software to perform
translations, the results are still not as good as a transla-
tion provided by a skilled translator.
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10. SUMMARY

Large companies are looking for the following when they
perform an assessment of technology from a small com-
pany: (1) Technology that clearly performs as required to
meet the market opportunity; (2) technology that is a good
fit to the business strategy of the large company; and (3)
technology that can be protected by patents. If small
entrepreneurial companies are able to address each of
these areas, then they are likely to be successful in work-
ing with large companies.
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1. INTRODUCTION

The management of emergency situations is a complex
matter, because of its intrinsic complexity for the involve-
ment of a number of agencies and actors usually referring
to different organizations and because of their unpredict-
ability. Health emergencies have very high impact on
population perception, use many and diverse resources,
and need good coordination (1). It can be stated that the
need for coordinated actions is essential for patients,
professionals, and related organizations. The aim of every
health emergency organization is to provide high-quality
health care in the shortest time, being able to solve in
place or to transfer to the adequate facilities the indivi-
dual or various patients with, real or perceived, urgent
health-care needs.

Current emergency management systems operate in a
suboptimal manner (2) because of the lack or the inade-
quacy of the following links:

* Hospital departments responsible for treatment of
specific accidents very seldom are equipped with
systems for an online update of the number of beds
available; therefore, each hospital does not have a
real-time picture of the internal situation, and in
turn, the overall situation is not available for the
emergency medical service (EMS); a consequence is
the largely ineffective and delayed dispatching of
ambulances toward scarcely appropriate hospitals.

* Ambulances usually only have a radio connection
with the coordinating center, but not with the hospi-
tal; therefore, they are not able to communicate
directly with the appropriate hospital departments,
both while on the emergency scene and while carry-
ing the patient.

* Information sources and services are not usually
connected and integrated. From such considerations,
a need for modeling a generic scenario to better
identify the actors along with their functional links
exists.

It must be highlighted that promptness and appropri-
ateness of intervention is really the most critical factor.
Medical treatment given during this period greatly en-
hances prospects for survival and recovery (3).

Improvement and optimization of emergency care has
the potential to save lives and money in many different
ways, and different circumstances require different solu-

tions. Emergency care requires a multidisciplinary ap-
proach to provide a continuum of care from the moment
the patients collapse until they are discharged by the
medical system and reenter society (4). Continuity of
care together with promptness and appropriateness of
intervention can be facilitated and improved by telemedi-
cine.

2. A NEW APPROACH

Health care is expanding from a patient focus to a com-
munity focus, and emergency physicians and EMS provi-
ders are already in front of the wave of change. Emergency
services personnel currently expend much of their time
reacting to cases that fall between the cracks of today’s
separate and isolated public safety health care and public
health systems. EMS of tomorrow will be a community-
based health management system that provides surveil-
lance, identification, intervention, and evaluation of in-
jury and disease. This role strengthens the essential value
of EMS as the community’s emergency medical safety net.

According to Delbridge et al. (5), three main areas for
change exist:

1. building bridges through new relations with the
community health-care partners (public health de-
partments, social service agencies, health-care net-
works, insurers, and community groups) to
incorporate the EMS to other health-care structures
to provide better quality assistance and continuity of
care;

2. creating infrastructure on which EMS can commu-
nicate and operate more efficiently, allowing the
sharing of information with other actors that could
have relevant information of the patient; and

3. developing new tools and resources that facilitate
innovative roles and skills by integrating the com-
munication processes and enabling the exchange of
information related to the patient.

Since year 2002, the Madrid EMS community accepted the
challenge and is moving toward this vision through the
integration of new telemedicine services within their daily
practice.

With this goal in mind, a model of integrated teleme-
dicine services into an EMS community is proposed as a
means of improving the quality of care, accessibility, and
cost-effectiveness to integrate EMS with other health-care
providers (hospitals, primary care centers, etc.), ensuring
that EMS is part of a complete health-care program,
providing mechanism for EMS to receive useful informa-
tion, ensuring online medical direction, and enabling
transmission of relevant real-time patient data.

3. MODEL FORMULATION

In order to establish a sound basis for an architecture
design and a detailed functional specification of the ser-
vices, a formal requirements analysis was conducted. This
formal analysis, which served also as a mean to commu-
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nicate with the domain specialists about the required
applications and services, was done by means of a case
tool (Visible Analyst v7.5), which supports system devel-
opment methodologies that cover the analysis and the
design stages. The model was developed using advanced
structured analysis and design theory (6), and includes all
the actors and information managed in a health emer-
gency. The model describes all processes concerning the
response to emergency services requests through different
diagrams. The primary actors [e.g., health emergency
coordination centers (HECCs), hospitals, primary care
centers (PCCs), mobile units (MUs), emergency coordina-
tion centers (ECCs)], the data stores (e.g., knowledge
bases) and the data processes with their associated data
flows (e.g., communication messages) are identified and
described. The selected methodology requires an initial
chart called context diagram that contains the main
process (P0) together with all the involved entities (see
Fig. 1). Note that boxes with round corners represent
processes, square boxes denote actors, and right-open
boxes symbolize data stores, whereas (full) lines show
data flows and dashed lines stand for control flows.

This initial process represents the activation of the
EMS after the reception of the emergency call. This
process is the central unit of the functional model.

The main process in the context diagram (P0) ‘explodes’
to the chart shown in Fig. 2. An incoming emergency
service request is first handled by process P1. This process
creates an emergency episode folder that is handled by
process P2. Only the evaluation of the service episode is
performed by a separate process (P3). Besides that, data
store-specific processes (P5 through P7) exist that are
responsible for the creation and maintenance of those
data stores. Finally, process P4 symbolizes the use of
online tutorials for the education and the training of the
HECC staff.

Consecutively, the different resulting diagrams are
decomposed up to the last level of modeling that repre-
sents, in a formal way, the services proposed by the
reference architecture and main result of this model.

Thus, the model establishes the foundation of a refer-
ence architecture for prehospital health emergency man-
agement systems, identifying their functionality,
characteristics, terminology, and components, expressed
in terms of data model, interfaces, and conformance
criteria.

The architectural components were designed based on
the following services: management of emergency records
(HECC – based database with patient electronic health-
care record, accessible from the mobile units, the cooperat-
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ing hospitals, and the primary care centers); management
of emergency resources (to keep track of ambulance cars,
mobile units, hospital-based resources); acquisition, trans-
mission and visualization of multimedia medical data (to
acquire multimedia medical data such as vital signs, ECG,
and video images, at the remote units); resources position-
ing and route guidance (to locate and guide the mobile
resources); and telepresence (to provide a shared work-
space among medical experts at remote and distant loca-
tions), incorporating different communication and
information technologies (7) like GPRS, Bluetooth, or
GPS.

4. MODEL EVALUATION

To maintain standardized prehospital emergency medical
care, predefined time intervals (8) have been used to
evaluate the integration model proposed. These intervals

are important for EMS system valuation in terms of
resources planning and assessing quality of patient care.

The implementation of a new system into a structure
always implies some adaptation time from users. Their
demands concern mainly the efficiency, the acceptability,
and the comfort of the product. The easier access and
management of information is, the faster the regular
users of the new application will adopt them. Therefore,
the user’s point of view (their knowledge and opinion
about the new application) was assessed in the based on
a self-evaluation with a questionnaire distributed to dif-
ferent staff categories. The questionnaires contained
closed-ended questions and respondents were provided
space to add written comments. The results were evalu-
ated in scores on two scales, the ‘‘usefulness’’ scale denot-
ing potential use of the system, and the ‘‘satisfying’’ scale
reflecting pleasantness (9). The patient’s privacy and
respect issues were covered. After the evaluation of the
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services’ performance and the satisfaction of users, a cost
analysis was carried out to assess if the developed services
satisfied the continuity of care promptly and efficiently
with the optimum cost-benefit trade-off. For this analysis,
the benefits and the costs to take into account were
defined. The authors decided to consider as a benefit for
the patient: more prompt medical advice (the sooner a
remote advice from a doctor is given, the better it is); more
prompt treatment received (the sooner the patient is
treated, the better it is); and better severity scorings
between the arrival on the scene and the arrival at the
hospital. Concerning the costs and in order to get more
homogenous data, only the direct costs caused from the
call to the arrival at the hospital were considered, being
that the average cost of one intervention according to the
resource used (i.e., sending an ambulance costs less than
sending a helicopter on the scene).

As a result of the different characteristics of the ser-
vices, the size of the sample and staff categories varied
depending on the service under validation. The referral
population (population A) consists of the patients from
existing registers or from new studies (which do not
benefit from the new application), whereas the tested
population (population B) were all patients who benefited
from the new application, matched for age, gender, and
initial severity scoring. The inclusion criteria were adults
(18 years old), primary calls, and transported to hospital.

5. RESULTS

The model was validated in real-life situations and cost-
effectiveness and patients’ benefits analysis were con-
ducted.

Consequent costs were estimated for both populations
using the telepresence service. The system was based on
two units: the mobile unit located inside the ambulance,
consisting of a pen-computer connected to a GPRS modem
and to an electrocardiograph; and the HECC unit consist-
ing of a desktop PC with a modem connected to the fixed
telephone line. The mobile unit acquired the electrocar-
diography (ECG) signal and transmitted it, in real-time, to
the health emergency coordination center.

In SAMUR, the average number of activations is 290
per day. 40% of calls concern cardiologic problems with
chest pain or thoracic pain, cardiac disorder feeling,
cardiac past history, or cardiac-oriented pre-existing ther-
apy. These calls cannot be taken in charge with a single
resource such as an advance life support unit (mobile unit
with a doctor); other available resources of SAMUR may
be allocated depending on the severity of calls: (1) general
practitioners that can make an ECG and take decision
about treatment, leave on scene, or transport with a
mobile unit; and (2) basic life support mobile units without
a doctor in their crew.

The main purpose of this study is to show whether a
significant benefit exists to use of the telepresence system.
The main benefits are to give more prompt medical advice
and more prompt treatment to patients; to use less
expensive means (of transport), because of appropriate
diagnosis; to avoid useless transports; and to avoid trans-

portation to emergency rooms, which is known to induce
costly examination and nonnecessary queuing.

Any call coming to SAMUR with uncertain chest pain
symptom was included in the survey (uncertain chest pain
has been defined by pain occurring without any cardiolo-
gic risk factor or with atypical location, duration, and
irradiation). The patients left on the scene or with cardiac
arrest on the scene were excluded from the sample.

In this situation, the resources sent on the scene and
the consequent costs were as follows:

5.1. Population A

The different available resources after the reception of an
emergency call were:

* Sending first a general practitioner (GP) on the scene
was done in 50% of cases at a first level and costs
about 45 Euros for a visit. GPs asked for another
mean (mobile unit) in 88% of cases.

* Sending first an ALS was done in 36% of cases. The
average cost of an ALS is about 315 Euros for each
primary intervention.

* Sending a basic life support (BLS-without a doctor)
has been done in 14% of cases at first level, this
resource is free of charge and is operated by volun-
teers of civil protection. These BLS asked for an ALS
in 5 cases and for a doctor in 1 case.

5.2. Population B

* 100% have been taken in charge by BLS. After their
arrival on the scene, staffs sent an ECG and asked for
a remote advice from the regulating doctor of the
EMS SAMUR.

* At a second step, GPs and ALS could be sent on the
scene:

* 1% of patients have been taken in charge by a GP
on a second level.

* 45% of patients have been taken in charge by an
ALS.

* 54% of patients have been directly driven to
hospital by BLS.

Costs were calculated on the basis of 100 patients for
both trials (see Table 1). When consequent costs were
estimated for both populations, one can consider for 100
patients taken in charge that Population B costs less
before hospitalization than Population A.

Of particular importance are the time intervals that
were measured, and results were compared with previous
situations, without the new systems, showing significant
improvements. Table 2 includes the results obtained for
both populations with the use of the architectural compo-
nents defined within the model.

The evaluation of the opinion of professionals was also
carried out to measure their perception of the system
usability and the assessment of how users accept to
work with the new systems. The results of the telepre-
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sence service evaluation are shown in Fig. 3 and Fig. 4.
Most of the users considered the system as easy-to-use and
reliable. The main users of the system (the volunteers)
agreed that it contributes to the decrease of the interven-
tion time and to get the adequate diagnostic.

6. DISCUSSION

The main objective of this work is to set up the basis for a
new procedure of prehospital emergency management
after the implementation of a model based on telemedicine
tools dedicated to improve the quality of care and toward
the integration of the health-care emergency systems.

Table 1. Estimation of Costs because of the Transportation to Hospital of 100 Patients in both Populations with the
Telepresence Service

Population A Population B

N** Costs N** Costs
(Euros) (Euros)

Resources sent for 100 patients*:
K General Practitioner (45 Euros per intervention) 51 2,295 1 45
K Advanced Life Support (315 Euros per intervention) 57 17,955 45 14,175
K Basic Life Support (free of charge) 43 – 54 –
Total 151 20,250 100 14,220

*One patient may have several resources sent
**Estimation for 100 patients

Table 2. Time Intervals (minutes)

Time Intervals Population A Population B Significance

Activation 7.2 (þ /�3.6min) 6.4 (þ /�3.3min) po0.05
Response 12.1 (þ /�1.2min) 11.9 (þ /�57 s) po0.05
On Scene 52.3 (þ /�21.4min) 47.2 (þ /�16.9min) po0.05
Transport 14.6 (þ /�6.4min) 13.5 (þ /�6.1min) po0.02
Delivery 15.5 (þ /�6.42min) 13.6 (þ /�5.7min) po0.01
Recovery 30.15 (þ /�8.02min) 28.81 (þ /�9.53min) po0.01
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Consider the different steps before driving patients to
the hospital in the telepresence service. In population A,
one can accept that many patients have a long circuit
before being driven to a hospital and costly resources are
used. Moreover, patients are not always taken in charge
by a doctor before arriving to a hospital. In population B,
the ALS is sent on first attempt when chest pain is typical,
after the regulating doctor defines the severity of the call
as being high (life-threatening emergencies, risk of ar-
rhythmia, proved coronary disease). Allocating a BLS is
decided when no information is available on the phone to
appreciate the degree of severity. Sending systematically a
BLS may increase the delay before bringing patients to a
hospital, which is counterbalanced with the fact that all
patients receive, in a very short delay (about 10–15 min), a
remote diagnosis. In this study, the telepresence service is
less expensive than the previous situation. If costs are not
considered, this service also guarantees an early remote
diagnosis with the help of available resources. In fact, the
safer way would be to send an ALS to all patients pre-
senting ‘‘cardiologic symptoms,’’ However, this method is
not possible because of the high number of such calls, the
limited number of ALS and their cost and, moreover, the
few real life-threatening emergency cases among these
calls. ALS is always sent when symptoms described by
phone suggest a life-threatening emergency, which repre-
sent less than 10% of calls. Telepresence in this study
concerns all 90% of other cases.

The users who tested the new application found very
positive aspects but also negative ones. They considered
the telepresence very easy to use, easy to learn, and not
very stressing. However, they believed that it was to be
used with care. From users’ point of view, there has been
some reluctance at the very beginning of the implementa-

tion of this application and training effort is still needed.
The user-friendly interface associated to effectiveness is
certainly the reason of its good acceptability by teams.

On the other hand, it should be remarked that not all
the EMS need the same functionalities in their prehospi-
tal emergency management because of specificity of en-
vironments (rural/urban, medical/paramedic) so that the
main achievement of this model is to provide a widely open
integrated solution, which will enable any citizen to
benefit from the same quality of care, anywhere, in pre-
hospital emergencies domain.

To be cost-effective, the equipment must be relevant to
health priorities that extend as far as possible along the
‘‘telemedicine value chain.’’

7. CONCLUSIONS

The application of telemedicine to the management of
emergencies is a priority for the health-care domain, in
which it can definitively represent a significant improve-
ment in medical delivery in critical situations for the
human life.

Despite lingering technical difficulties and some initial
physician resistance, emergency telemedicine provides
high-speed links when diagnostic and treatment time is
of the essence.

The benefits of a seamless infrastructure are the
foundational components of this model that improve the
efficiency and efficacy of the EMS, which translates into
lives saved and morbidity reduced. The integration of
systems and services counteracts the barriers in critical
life conditions and allows the reception of uniform and
high-quality medical treatment.
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The last impact is the overall structural benefit on the
procedures applied in the field of prehospital emergencies,
focusing on an ‘‘integrated emergencies’ medical process’’
taking the place of an old prehospital system with non-
coordinated actors.
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1. INTRODUCTION

The access to scarce knowledge resources by any profes-
sional within his/her health-care system outlines one of
the most significant and classic themes of telemedicine,
whose most characteristic vision is that of a teleconsulta-
tion session between a general physician and a specialist
to get advice and support, regardless of where both the
physician or the specialist are located. This interaction
can take many forms; two examples include (1) a session of
a radiologist and a neurologist both attending virtually, a
telepresence situation, a remote emergency site where a
primary care physician is attending a traumatized pa-
tient, to make a decision on what to do by observing
through video the patient and the images available, and
interacting with the personnel at the patient side; and (2)
a remote radiologist making a diagnosis from a radiologi-
cal study made by a radiology technician ordered by the
primary care physician in charge of the patient in the
health-care community center.

These teleconsultation applications, which typify the
historical origins of telemedicine, have been extensively
implemented and reported in the last 15 years (1). Re-
cently, the opportunities offered by multimedia and com-
munication technologies have led to a significant increase
in the commercial offer for videoconferencing, multimedia
information handling, and image processing, that are the
main components of any teleconsultation application. The
deployment of medical imaging teleconsultation services
worldwide is clearly increasing (2), and the number of
technology providers is increasing accordingly, particu-
larly in teleradiology (3). Teleconsultation, however, can
still be considered in its initial commercialization phase,
waiting for the inflection point in its deployment pace that
will happen when teleconsultation services become a part
of the main stream of the health-care model.

The motivation for these services is, to some extent,
obvious: to use better and more efficiently the available
resources to reduce costs, improve quality of care, and
provide more comfortable working environments; and to
get this not only for the traditional telemedicine scenarios
of underattended or isolated communities (inmates within
correctional institutions, rural areas, isolated commu-
nities, etc.) but anywhere communications can improve
the services (sharing resources within clinical organiza-
tions, hospital campus, remote reporting from anywhere
at any time, etc.), taking advantage of the new commu-
nication infrastructure and modern telematics services. It
will open new added enhanced management values by

means of new information aggregation. The benefits of
this technology can be obtained along several axes:

* Optimized use of the available resources.
* A powerful tool to improve the health-care organiza-

tion structure.
* A way to reduce costs for transportation, mainly in

the cases of correctional care or very isolated indivi-
duals.

* An added value in the management of image hand-
ling.

* A much improved working environment for the pro-
fessionals in terms of working comfort and efficiency
and quality of the services provided, which can be
complemented by other services such as the access to
continuing medical education (CME) programs or
scientific literature.

What follows presents a general view of the teleconsul-
tation systems between professionals. It is organized to
offer a picture of the different scenarios that we could
encounter under this category of telemedicine services. It
follows a generic description of the technology required to
instrument these teleconsultation services, with special
emphasis on those aspects that impact most on their
operation outcomes. The article concludes with the identi-
fication of the critical issues that, in our experience,
condition the success of any teleconsultation installation.

2. TELECONSULTATION SCENARIOS

The general scenario of this type of telemedicine applica-
tion, which is shown in Fig. 1, can be described as follows:
two professionals at geographically distant clinical sites
need to cooperate on a specific case to make a decision
about the patient being studied. The professional that
wants to share the case or initiate a consultation will be
called the Referring Professional at the Referring Site,
whereas the professional attending that request at the
other site is the Referred Professional at the Reference
Site. Normally images and the rest of the data of the
clinical history of the patient are produced at the Refer-
ring Site, where the patient can be also physically present
during the consultation session. In some other cases, the
patient data could be stored on a third place to which the
two sites have access. Both sides are equipped with
telemedicine terminals that provide the appropriate con-
nectivity through the communication network as well as
the tools to handle the information and to support their
cooperative work.

In this generic scenario, however, many different situa-
tions can be arranged requiring each of them appropriate
technical solutions adapted to their specificities. The
following section presents a few typical teleconsultation
scenarios.

2.1. Generic Teleconsultation

In this scenario, the process starts when a referring
clinician from the Referring Site sends his/her patient
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information to the Reference Site to get the support,
opinion, or diagnosis report from the reference profes-
sional, normally a specialist. This operation can take place
in real time, based on videoconference or some sort of
dialogue tools (i.e., share of pointers on the screen plus a
voice channel), or can take place offline because in many
cases reporting by the Referred Professional does not need
the cooperation of his referring counterpart to do the
work.

2.2. Cooperative Diagnosis

The same previous scenario can be used in a different way,
to support cooperative sessions between two professionals
to elaborate together a diagnosis of the case under study.
In this case, to keep the same generic scenario terms, we
would call Referring Professional the professional initiat-
ing the session. Although real-time operation is manda-
tory in this case, we have several ways to implement the
real-time channel, for which different technical solutions
are required. Videoconferencing is an option, unavoidable
when telepresence of the Reference Professional is also
demanded. Without the patient presence at the Referring
Site, videoconference is not really needed. In our experi-
ence, professionals normally prefer the use of a high-
quality telemedicine system to share the diagnostic
images or videos, usually sent in advance to the dialog
session, and support these dialog sessions with a voice
channel and several tools to enhance, mark, or point the
images on the screen. Cooperation could also proceeds in a
sequential, asynchronous, manner.

2.3. Telepresence

A specialist at the Reference Site is virtually present at
the patient location to assist the professionals at the
Referring Site attending a patient. To implement this
telepresence service, we require a videoconference system
and the telemedicine instruments needed to capture and

handle any image or data available at the Referring Site,
pertinent to the teleconsultation. Videoconferencing can
be used to visualize images on a negatoscope as well as
any other printed data; however, if the quality of the
images handled through the videoconference channel is
not enough, they have to be sent to the Reference Site as
multimedia documents by a telemedicine station.

2.4. Distributed Clinical Sessions

In the clinical department of any hospital, clinical sessions
are held regularly. In these sessions, a physician presents
a patient case (clinical history, auxiliary diagnosis tests, x-
rays films, etc.) to his/her department colleagues and to
any other external specialists (radiologist, cardiologist,
etc.) that have been involved in the process of the clinical
study, with the objective of making a diagnosis and/or
arriving to a decision on the therapy to be followed and as
a mean of medical training. In this scenario, the participa-
tion in the clinical sessions of professionals from other
remote centers implies the need of traveling to cover the
distance between the two sites, with the added inconve-
niences of having to leave their workplace, uncomfortable
transportation, and so on. The teleconsultation technology
could provide an alternative approach by means of the
interactive multimedia conversational services: A panel of
several doctors in charge of the clinical session are all
placed in front of a multimedia telemedicine terminal and
can make use of the video/audioconference, cooperative
work tools, and document and image digitizing facilities.
At the other end, the professional(s) located in the remote
place participate(s) in the panel by means of his/her
multimedia telemedicine terminal.

¿?

NETWORK

Referring Professional
Reference Professional

Referring Site Reference Site

Figure 1. Generic teleconsultation scenario.
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3. TELECONSULTATION PLATFORMS

3.1. The Generic Architecture

Any teleconsultation platform basically includes the tools
and the equipment to capture and handle any type of
information produced at the Referring Site, to be shared in
the teleconsultation sessions with the referred specialist.
Some teleconsultation platforms elements and scenarios
are shown in Fig. 2. The elements of a teleconsultation
platform, described in the following sections, can be
structured as follows:

1. Tools to facilitate the work of the professional at his/
her own site, including as a minimum:
* Multimedia patient documents handling
* Images acquisition, visualization, processing and

storage
* Capture and visualization of biomedical data (tel-

epresence)
* Video handling
* Report generation
* Agenda management

2. Communication functions
* Data and file transmission/reception in asynchro-

nous operation (store and forward)
* Real-time dialog in synchronous operation

’ Cooperative work tools
’ Videoconference
’ Voice and text links

3. Security and auditory facilities

4. Remote configuration and telemaintenance

3.2. Tools to Support the Professionals’ Work at His/Her
Place

3.2.1. Multimedia Patient Documents Handling. This
service allows the management of any multimedia infor-
mation in the electronic patient folder, such us anamnesis,
clinical explorations, reports, images, biomedical signals,
and video. The application could be either local or Web-
based. The advantage of a local application is mainly its
better performance when accessing large amounts of
information. On the other hand, Web-based applications
allow the user access from anywhere (i.e., the referred
specialist’s home).

In Fig. 3, the main screen of a commercial teleconsulta-
tion station is shown as an example (4). It consists of an
interface to facilitate the creation of the teleconsultation
folder: the set of multimedia documents that are going to
be sent and shared with the Reference Professionals for
teleconsultation. Access to this page is through predefined
access rules to guarantee that patient data are only
accessible to a specific professional or groups of them.

The user interface selected in the figure shows the
icons corresponding to the documents that have been
included in the teleconsultation folder: text, voice, video,
images, using a tree structure to facilitate the rapid
identification and relationships of the contents. Selecting
other tags, it is possible to create/access to other patient
data: laboratory tests, electrocardiogram (ECG) record-
ings, and so on. Other previous data brought by the
patient can be also digitized and added to the folder. The
referring professional can add any annotation or comment
to be included in the sending, for which a free text area
has been provided. Any document is associated with the
report(s) produced previously or during the actual session.

Finally it is possible to select a page to connect with the
Hospital or Departmental Information Systems (HIS, RIS)

Figure 2. Teleconsultation platforms.
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to export and import from them any data of the patient
pertinent to the teleconsultation session.

3.2.2. Images Acquisition, Visualization, and Proces-
sing. This service allows the capture and handling of the
medical images, including film-based images, as well as its
processing and visualization.

3.2.2.1. Acquisition. The acquisition of images for tele-
consultation requires two modes of operation:

1. Direct Acquisition: DICOM 3.0 services. The
image handling application of the teleconsultation plat-
form must allow physicians to access the image databases
distributed in medical equipment from different manufac-
turers. The DICOM 3.0 standard guarantees the inter-
operability of medical imaging equipment by specifying a
set of protocols for the exchange of medical images and an
image storage format (5). The DICOM service allows
applications to communicate with DICOM-compatible
medical imaging equipment to query, retrieve, and store
images. The DICOM format forces the storage of patient,
study, and series information in each medical image. So a
hierarchical database system can be built to organize the
information associated with multiple DICOM images,
which allows users to navigate through them. DICOM
services allow applications to access local and remote
DICOM databases in telemedicine workstations. Further-
more, when in cooperative mode, transparent and simul-
taneous access to the same data is also provided. This
connectivity should include computerized radiography
(CR), computed tomography (CT), magnetic resonance
(MR), nuclear magnetic (NM), and ultrasound (US) mod-
alities and the services: ‘‘Storage SCP,’’ Image capture
services; ‘‘Query/Retrieve SCU,’’ Images query and retrie-
val service; and ‘‘Storage SCU,’’ Image sending service.

2. Indirect acquisition. Including films, audio,
video, digital camera, and file-based documents. A
very special case is when the images are originally pro-
duced on a film support. In this case, film digitizing is
required. The commercial offer of film digitizers valid for
medical applications is really wide. However, a clear
understanding of the digitizing process is essential to
avoid big mistakes when purchasing a medical films
scanner. These instruments have to be adequate to the
intended use of the system, which means not only that the
parameters associated with image quality have to be
appropriate but also that those related to the exploitation
regime conditions of the service have to be appropriate.

The most relevant quality-related parameters are the
spatial and contrast resolutions to measure the capacity of
the system to resolve accurately small objects and details
of the image. It is important to know, however, that the
real values for these quality parameters not always are
accurately defined by the number of pixels or the number
of gray levels of the digitizer characteristics provided by
the vendors; the noise levels of the system can limit
seriously the contrast and spatial resolutions as a function
of the optical density of each pixel of the film, which
depicts the optical density range and its linearity as
another two fundamental quality parameters to consider
(6). Many other parameters, such as the homogeneity of
the digitalization across the scanning area, should be also
considered. Insufficient image digitizing quality will han-
dicap any possibility to do primary diagnosis in telemedi-
cine applications.

The usability of the acquisition system is also a princi-
pal aspect to take into account, with an important impact
on the acceptance by the professional in charge of produ-
cing the digital versions of the film images and conse-
quently on the exploitation throughput ratios of the

Figure 3. Example of multimedia patient
documents handling.
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services. The platform thus should include tools to opti-
mize the capture of the digital images, which are adequate
to the variety of capture parameters (size, resolution, gray
histogram, threshold and window/level, etc.) in a normal
use of a conventional x-ray system. Intelligent procedures
to select the most frequent uses seems a good option to
consider.

The new CR, direct current (DC) radiology systems are
evolving fast based on the availability of the new charge-
coupled device (CCD) and flat-panel sensors that offer
better theoretical resolutions, which are still limited by
the crosstalk of the sensors, and a limited effective optical
density range.

3.2.3. Visualization. The main requirements to select a
visualization terminal are, as with the digitizer, the para-
meters related to the spatial (pixel density) and contrast
(bits of the digital-to-analog converter) resolutions as well
as the luminance (foot-lamberts) of the screen, and the
relation between them. These quality parameters of the
visualization process, as was the case with the digitizer,
have to be consider with care, because in some cases, the
capacity to get the required maximum noticeable differ-
ence in the image, for the specific use intended by the
system, is limited by other constraints of the technology
(6).

Traditional visualization technologies based on cathode
ray tubes (CRTs) are evolving fast toward liquid crystal
technologies (LCDs), and the newly available technolo-
gies: Active Matriz LCD (AMLCD), field emission displays
(FEDs), and organic light emitting diode displays
(OLEDs), which try to optimize the optical density range
and linearity and the spatial resolution.

In terms of usability, experience recommends the use of
at least a couple of monitors that can present a complete
chest-sized film with the image quality requirement ade-
quate to the target use of the system.

3.2.3.1. Image Processing. One of the most important
benefits of having the medical images in digital form,
apart from the possibility to store them in databases or
to transmit them through communication network is to
process the images by an immense variety of processing
tools for many purposes: enhancing, restoring, or seg-
menting the images. The experience in medical images-
based teleconsultation identifies the following specific
tools for histogram processing, geometric transformation,
and measurements: Window/level, contrast and gamma
correction, marking, geometrical measurements, scroll,
zoom, rotation, negativization, and vertical/horizontal
mirroring. Other advanced tools, although not too fre-
quently used, are available: analysis of regions of interest
(ROIs), filtering, edge detection, equalization, dilation,
and so on.

3.2.3.2. Image Storage. Multimedia information sto-
rage is always a critical issue, keeping in mind the
constraints imposed by the enormous amount of data to
be handled, the legal requirements derived from the time
span any piece of information has to be available, and the

requirements of the department for any retrieval opera-
tion of historical data.

Recently outsourcing of the information storage is
being offered by many companies, to release the clinical
departments of the effects of the rapid evolution of the
technology and the need for maintenance of the reposi-
tories.

3.2.4. Capture and Visualization of Biomedical Data:
Telepresence. In the telepresence scenarios of teleconsul-
tation, where the patient is part of the scene at the
Referring Site, the Referring Professional may need to
include the capture of biomedical data from the patient as
part of the teleconsultation session. The requirement of
the medical monitoring instrumentation can be diverse,
depending on (1) the specific kind of situation to be
handled, two examples: telepresence in emergencies re-
mote units and routine teleconsultation from a school
infirmary unit; and (2) the other telematic services avail-
able, notably videoconferencing. A list of consolidated
commercial equipment includes for teleconsultation is as
follows:

* Electrocardiograph
* Electronic stethoscope
* Video otoscope/dermatoscope
* Digital camera
* Pulsioximeter
* Spirometer
* Blood pressure

3.3. Communication Functions

The transfer of the multimedia teleconsultation folders
from the Referring Site to the Reference Site can be
implemented in two different ways:

3.3.1. Data and File Transmission/Reception in Asynchro-
nous Operation (Store & Forward). This basic service sup-
ports the safe file transfer between two remote sites. This
service interchanges data files independently of file con-
tents or coding by means of two main components: a file
transmission client and a file transmission server. The
client part allows the users to send and retrieve data files
to/from a server. The server receives and sends data files
from/to a client. The clients could be either local applica-
tions or they could be embedded in a Web-based applica-
tion.

The application to send the teleconsultation folder,
which was created with the multimedia document man-
agement tool, has to add several services completely
transparent to the user, such as the selection of the
Reference Site and Professional to whom the consultation
folder will be sent; the packaging, formating, and com-
pression operations; and any other tool to facilitate the
distribution and logistics of the teleconsultations, as well
as tools to follow the state of the folders previously
transmitted or any incidence or error in the connection.
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3.3.2. Real-Time Dialog in Synchronous Operation. Syn-
chronous operation can be arranged in different ways by
combining three main components: an audio system, a
videoconference system, and an application to share mul-
timedia documents. Mixing these constituents we can
install three different scenarios: (1) synchronous work
based on a voice channel and cooperative work tools; (2)
synchronous work based only on videoconference; and (3)
synchronous work based on videoconference and coopera-
tive work tools.

3.3.2.1. Cooperative Work Tools. This service allows
the two users to interact in real time with simultaneous
access to any piece of the information contained in the
teleconsultation folder, notably the medical images, to
carry out their collaborative work. It consists basically
on a computer-supported cooperative work (CSCW) toolkit
to allow that any actions performed by each user on a local
application are automatically replicated at the remote
terminal. A telepointer tool allows users the handling of
the local pointer and the visualization of the remote users
pointer. Similarly, any other event produced during the
session is synchronously handled at both sides, namely,
those related to the handling of windows (move, resizing,
ionize, close, etc.) or to the content of the images (any
edition tools) or the mouse-driven actions (scroll, marking,
magnification, etc.). The CSCW also has to assure that
both sides are viewing the same information and that they
are pointing/processing exactly the same regions, even in
the case when they are using monitors with different sizes
and characteristics. Customization of the CSCW work has
been demonstrated to be an essential component to opti-
mize the operation of these services.

This real-time dialogue session between the Referring
and Referenced Professionals could be supported on a
voice channel, or a videoconference channel, as is the

case with the example shown in Fig. 4, open during the
session, and the cooperative work toolkit above.

3.3.2.2. Videoconference. The use of videoconference
services is mandatory in those teleconsultation scenarios
in which the interaction between health-care profes-
sionals is required to be synchronous and containing
visual information from the remote site. Telepresence
scenarios are the perfect example.

To reduce the amount of information that has to be
transmitted through the telecommunication network, the
current videoconference standards are optimized for
‘‘speaking person’’ video images. In this case if the resolu-
tion and the color information are not relevant to follow
the conversation in a natural manner. The expected video
image transmitted during these session is the upper part
of a speaking person, who usually is sitting down. In this
scenario, there are few differences between consecutive
images because the speaker movements are limited and
there are no other objects entering or leaving the scene.
Our experience, however, is that when the visual informa-
tion simply consists of our professional colleague at the
other side of the line videoconference is simply not used.

Visual information will be demanded, or it will be
mandatory whenever it is required to facilitate decision
making within the teleconsultation session. This is the
case in telepresence consultations in which the specialist
tries to get information directly from the patient or other
printed data or images captured at the patient site
through the video link. In other cases we need to send
another kind of video image through the videoconference
equipment, for example, the output of medical video
scopes and video cameras.

To handle properly these video sources we have to know
the effect of the video coding standards on the quality of
the video medical images, to configure the videoconference

Figure 4. An example of a real-time telecon-
sultation session supported on cooperative
work tools and videoconferencing.

6 TELEMEDICINE: TELECONSULTATION BETWEEN MEDICAL PROFESSIONALS



parameters, when possible, to get the optimum quality.
However, in some applications, degradation in the medical
video image cannot be afforded; in this situation, to assure
that the transmitted and received information are the
exactly the same, the only option is to record the video
information locally in a file, using any file transfer proto-
col, and include it within the teleconsultation folder.
Another technical solution can be to send the low-resolu-
tion dynamic images to have a preview of the exploration
and to send higher quality static pictures for the final
analysis of the area of concern.

The widely used videoconferencing standards produced
by the International Telecommunication Union ITU are
H.320, H.323, and H.324. The ITU-T standards involved
in the videoconference systems are listed in Table 1.

The basic video-coding algorithm is defined by the
standard H.261, with an image resolution of 352 � 288
pixels (CIF format) with color coded by two components
with 180 � 144 pixel resolution. The H.263 standard
offers an option for the transmission of images with higher
resolutions (4 CIF), including compression to keep band-
width under acceptable margins, although there are not
always commercial solutions implementing this standard.

The commercial equipments generate the video signal
with the normal (analog) format for conventional TV sets,
such as phase alternation by line (PAL) (576 lines) and
national television system committee (NTSC) (480 lines),
or in digital format for computer monitors [red, green,
blue (RGB)], which in general offers better resolutions and
handles more efficiently the color information. MJPEG
and MPEG2 coding algorithms maintain the original
video resolution (720 � 576 pixels) but need a communi-
cation channel with extended bandwidth.

3.3.3. Communication Network Requirements. The
bandwidth (bits per second) of any data transmission
network should be the direct consequence of the user
needs and the corresponding scenario selected to achieve
them, which implies a certain information volume to be
transmitted and certain constraints in the transmission
speed to be required; i.e., although in some applications a
transmission lasting 15 minutes is perfectly affordable, it
will be unacceptable in many others. It should be noticed,
however, that in many real situations, the approach is the
opposite: The scenario and the working protocols adopted
are the consequence of the networks available.

The costs of the network, both installation and traffic,
are a direct function of the bandwidth. It has to be taken
into account, nevertheless, that the total time to transfer a
complete teleconsultation folder is not only the time spent
in the transmission of the data through the line, but also
other components such as the image acquisition times or
that spent in the compression of the data should be
equally considered. And it should be made clear that it
makes no sense to pay for a wide bandwidth network
without a balanced performance of the digitizing systems.

Table 2 shows the time needed to transmit the informa-
tion content of two examples of images (a 512 Kb RM
image and a 9.8 Mb conventional thorax RX) through
different public communication networks, with their cor-
responding bandwidth characteristics. Table 3 includes for

comparison the bits/bytes content of the variety of docu-
ments that can be required to include within the telecon-
sultation folder and the time needed to transmit them
through two networks with extreme transmission speeds.

3.4. Security and Auditory Facilities

This service is in charge of registering the system usage to
guarantee the fulfillment of the laws in the field of the
telematic management of clinical data. The service should
include as a minimum tools to visualize the accesses to the
system, the actions performed by the users, and the
information retrieved. A more detailed reference to this
important issue can be seen in Ref. 7.

3.5. Remote Configuration and Telemaintenance

This service allows the configuration of the user applica-
tions and servers from a remote site and the telemainte-
nance of the applications to facilitate the use of the
teleconsultation services in scenarios in which the direct
technical support is not possible.

4. EXAMPLE OF A TELECONSULTATION APPLICATION

To complete the description of the teleconsultation scenar-
ios and services, we introduce briefly an example of a real
experience, which corresponds to one of the better known
and experienced applications: teleconsultation in correc-
tional care.

The inmate community configures one of the clearest
candidates for teleconsultation, mostly because of the
isolation conditions of this population, their security re-
strictions, and the high costs associated whenever the
inmate has to visit the specialist consultation room. The
isolation of the clinical general doctors working in the
prisons is another reason to motivate the use of telecon-
sultation protocols. Many telemedicine correctional instal-
lations are around the world for many years already,
especially in the United States (8,9).

Figure 5 shows the teleconsultation network installed
between the Madrid II prison and the public reference
hospital of this region, the Hospital Principe de Asturias,
in the Alcalá de Henares Municipality (both institutions
within the Madrid Region, Spain) (10). In the figure, we
also include the primary care centers of the area served by
that reference hospital to emphasize that the telemedicine
infrastructure required for this application of correctional
care is planned to be also used for teleconsultation with
the primary care centers of the same health area, to
improve accessibility from them to specialist care and a
better handling of emergencies within that area. This
sharing of resources is a critical element to optimize the
use and cost-effectiveness of the telemedicine equipment
and infrastructure, by means of bringing traffic ratios to
the appropriate levels to recoup rapidly the startup and
exploitation extra expenses of the teleconsultation infra-
structure and operation.

Although the pathologies profiles of the inmates are
wide, three specific specialties were prioritized by the
medical institutions involved, taking into account also
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the literature available, namely, radiology, dermatology,
and virtual presence in the hospital clinical sessions.
Other specialties considered were psychiatry, cardiology,
ophthalmology, and traumatology. The teleconsultation
protocols are as follows.

Teleradiology: Once the prison doctor decides that the
inmate needs the teleradiology services, the following
protocol starts: (1) connection with the HIS to import the
patient record if it already exists or to open a new one; (2)
make the x-ray films of the study, with the conventional x-

Table 1. ITU-T Standards Involved in the Videoconference Services

Standard Title

Series H: Audiovisual and multimedia systems
Systems and terminal equipment for audiovisual services
H.320 Narrow-band visual telephone systems and terminal equipment

for the transmission of non-telephone signals over ISDN.
H.322 Visual Telephone systems and terminal equipment for local area

networks which provide a guaranteed quality of service.
H.323 Visual Telephone systems and equipment over packet switched

networks with no guaranteed quality of service.
H.324 Terminal for low bit rate Multimedia Communication operating

over the PSTN. H.324 terminals may carry real-time voice,
data, and video, or any combination, including videotelephony.

Coding of moving video
H.261 Video de-codec for audiovisual services at p.64 kbit/s with p

ranging from 1 to 30.
H.262 Information technology—generic coding of moving pictures and

associated audio information: video.
H.263 Video coding for low bit rate communication.

Transmission multiplexing and synchronization
H.221 Frame structure for a 64 to 1920 kbit/s channel in audiovisual

teleservices.
Systems aspects

H.230 Frame synchronous control and indication signals for audiovisual
systems.

Communication procedures

H.242 System for establishing between audiovisual terminals using
digital channels up to 2 Mbit/s.

Series G: Transmission systems and media, digital systems and networks
Coding of analogue signals by Pulse Code Modulation (PCM)
G.711 PCM of voice frequencies.
Coding of analogue signals by methods other than PCM

G.722 7 kHz audio coding within 64 kbit/s.
G.723.1 Dual rate speech coder for multimedia communications

transmitting at 5.3 and 6.3 kbit/s.
G.728 Coding of speech at 16 kbit/s using low-delay code excited linear

prediction
G.729 Coding of speech at 8 kbit/s using conjugate-structure algebraic-

code- excited linear prediction (CS-ACELP).

Series T: Terminals for telematic services
T.120 Data protocols for Multimedia Conferencing. A suite of

Videoconferencing Standard that is included in the three H.32x
standards.

T.121 Generic application template.
T.122 Multipoint communication service for audiographics and

audiovisual conferencing service definition.
T.123 Network specific data protocol stacks for multimedia

conferencing.
T.124 Generic Conference Control (GCC).
T.125 Multipoint communication service protocol specification.
T.126 Multipoint still image and annotation protocol.
T.127 Multipoint binary file transfer protocol.
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ray equipment in the prison, which once digitized is
included in the teleconsultation folder with the rest of
the pertinent information of the patient, previously
agreed to with the radiologist department; (3) the folder
is sent to the hospital where the cases are accumulated in
a mailbox until the radiologist initiates the reporting
session; and (4) reports are produced with a reporting
edition tool and are sent back to each sender and stored in
the HIS. In some cases, a dialogue session is arranged to
discuss on specific cases or review several cases at once.

Teledermatology: The images that can be included in
the teleconsultation folders are in this case high-resolu-

tion digital camera images and videos of the patient
lesions, which are obtained with a video camera or a
dermatoscope. In these services, several of the scenarios
described above can be arranged: (1) teleconsultation off-
line sessions based on the image and video content of the
teleconsultation folder; (2) teleconsultation real-time ses-
sions for cooperative diagnosis accessing both sites to the
content of the teleconsultation folder; and (3) videoconfer-
ence-based telepresence sessions with real-time video of
the patient lesions, captured by the videoconference cam-
era or dermatoscope.

Table 2. Time Needed to Transmit the Information Content of Two Examples of Images Through Different Public
Communication Networks, as a Function of Their Bandwidth

Communication Network Maximum Data Transfer (Bandwidth)
Transfer Time*

MR Image (512 KB) RX Thorax Image (9,8 MB)

PSTN 54 kbps 7800 25 min
ISDN 128 kbps–2 Mbps 3300–200 10 min–4000

ADSL 300 kbps–2 Mbps (asymmetric, typical 128–256 kbps) 1400–200 4 min–4000

GSM 9600 bps 73 min 2 h 19 min
GPRS 56–384 kbps (shared between users in the same cell) 7500–1100 24–3 min
UMTS 384 kbps–2 Mbps (shared between users in the same cell) 1100–200 3 min–4000

*Transfer time is higher because the overload caused by communication protocols is not considered here.

Table 3. Bits/Bytes Content of the Variety of Documents of the Teleconsultation Folder and the Time Needed to Transmit
them Through Two Communication Networks Examples

Bits Bytes Ethernet Modem
10 Mbps 33,6 kbps

Plain text, 4 pages (17000 char.) 136,000 17 KB 0,0100 400

10 telephone voice 3,840,000 470 KB 0,400 12000

10 HI-FI music 72,000,000 8.790 KB 700 36 min.
1 spirometry 2,000 250 Bytes 0,2 ms 60 ms
10 ECG (1 lead, 250 samp., 3 bytes) 360,000 44 KB 0,0400 1100

1 MR image 512 � 512 4,200,000 512 KB 0,400 2 min.
1 RX thorax image 2000 � 2500 80,000,000 9’8 MB 800 40 min.

Diagnostic center:

Príncipe de Asturias
Hospital

Primary Care Centers

Madrid-II prison

2 Mbps
Optical fiber

Figure 5. Alcala (Madrid) correctional care
teleconsultation network.
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Teleeducation: This service has been designed to sup-
port the training of the clinical personnel of the prison
with two different formats: (1) teleconference-based clin-
ical sessions between the hospital and the clinical person-
nel of the prison and (2) cooperative working sessions
making use of the telemedicine stations and appropriate
cooperative work protocols and tools.

The communication infrastructure used is shown in
Fig. 6. A 2-Mb/s optical fiber connects the hospital with the
prison. Alternative communication networks are also
possible. A protocol converter ADI (G703 to V35) followed
by a TM-1 and the FO-Cu adapter are installed at both
sides of the fiber line to interface with their local area
networks. An Ethernet 10/100 local area network (LAN)
connects all instruments and terminals of the prison’s
clinic. At the hospital side, connectivity with the teleme-
dicine stations is implemented through the hospital LAN,
to make possible the easy integration of new specialties to
the prison’s teleconsultation services and to facilitate the
access of the specialists from their offices. Three 100-Mb/s
switches, one for each teleconsultation station: radiology,
dermatology, and education, have been installed in the
hospital LAN to keep the appropriate quality of service,
without overloading the internal traffic of the hospital
LAN.

The results from this experience confirm other previous
reports. It has been demonstrated that teleradiology im-
proves enormously the quality of the service by means of a
great reduction in the time to get a diagnosis, which allows
for the treatment of the lesions in earlier stages and the
use of intensive follow-up protocols of the patients when
required (10). It clearly improves patient satisfaction
mostly because of the reduction in the waiting times
required to get diagnostic tests done. The impact on the

isolation perceived by the professionals of the prison’s
clinic has been enthusiastically exposed; the possibility
to get in contact with the specialist to discuss the cases
and learn from this is appreciated.

The organizational changes required to get into exploi-
tation the new technology-based services can be easily
handled with a strategy of change management based on
the demonstration to the specialists of the clear advan-
tages of the new working conditions in terms of produc-
tivity, quality of care, and the gaining of new skills that
opens to them new working options.

Positive cost-effectiveness results are mandated to
assure sustainability. It has been shown that break-even
time is less than 1 year, which confirms previous results
(11,2). Cost of communication and maintenance is equally
within affordable percentages of the total costs. Moreover,
these results can be greatly improved if the telemedicine
technology and organization for the prison application is
also used for primary-specialized teleconsultation within
the same health area.

Technology selection for teleradiology was straightfor-
ward according to the well-known requirements of any
radiology scenario dedicated to primary diagnosis and the
recommendations of the American College of Radiology for
the proper choice of equipment to assure the quality
required (12). High spatial and contrast resolutions are
mandatory, obliging the installation of an appropriate
high-resolution film digitizer (2048 pixels per line, 12
bits contrast) with a high optical density resolution
(0,001) and wide enough dynamic range (0.05–3.6) as
well as high-resolution diagnostic graded monitoring
terminals (2048 � 2560) at the hospital site. The 2-Mbps
communication channel between the two sites offers a
good opportunity to test several working protocols both

Scanner

Radiology
scanner

Derma
equipment

EWS
RX-derma

Management PC

Training PC

Tele-appointment PC

34'' Monitor

ADI TM-1
1×2 Mbits/s

1×2 Mbits/s

2 Mbits/s

2 Mbits/s

MADRID-2

IP network
(VPN)

ADITM-1
Switch

Switch

Management PC

Management PC

Camera
Training PCSwitch

EWS RXPO

PO

EWS
derma

Hub

Figure 6. Communication network.
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real time and store and forward, demanding a wide
variety of communication channel requirements. Finally
videoconference and real-time teleconsultation was con-
sidered not needed to avoid scheduling constraints, con-
cluding that store-and-forward sessions fulfill completely
the agreed to usage requirements. Consequently, although
high-resolution images were handled, bandwidth require-
ments for teleradiology can be much relaxed in this
specific example, demonstrating that almost any wide
area public networks can be used.

Technology selection for teledermatology is not as clear
as that of radiology, which shows an important depen-
dency on the specific requirements of the application
(13,14). Skin images and video can be implemented in
many ways depending on the working protocols and their
suitability to the specificities of the lesions most fre-
quently studied. The theoretically most adequate option,
the use of a high-quality dermatoscope (AMD 2030þ
300P) within a telepresence scenario, was almost comple-
tely discarded for the kind of lesions expected in this
correctional application, because those expensive systems
are mostly focused on the follow-up of skin tumors. An-
other alternative, based on generic video cameras, was
also used to implement the virtual presence of the specia-
list in the prison consultation room; as with the dermato-
scope, the physician at the prison moves the camera
around the patient lesion following the dermatologist’s
instructions. However, the final protocol adopted was
different from these; teleconsultation routine work con-
sists of real-time sessions to discuss cooperatively all cases
sent previously, using videoconference to support the
dialog of the professional and high-quality fixed images
to document the cases.

Another important conclusion is the need at both ends
for the appropriate tools to handle efficiently the cases and
the processing of the information to improve decision
making. As an example, the availability of processing tools
to allow comparative dermatological lesion historical stu-
dies has demonstrated a great impact on the performance
of the service.

5. CONCLUSIONS: SUCCESS ISSUES IN
TELECONSULTATION SYSTEMS

Many teleconsultation installations are in operation
around the world, with teleradiology being the more
extended and consolidated application (15–17). This ma-
ture condition of teleconsultation is, however, not as
evident as it could be deduced from this state of deploy-
ment. First, because although the number of experiences
is important, many of them have not been extenively
evaluated or have limited coverage or greatly depends
on funding that distorts the real value of the experiences
as a routine component of any health-care system. To
some extent, the market is still mainly a set of isolated
experiences poorly integrated within the health-care sys-
tems they operate, if connected at all.

On the other hand, many suppliers, encouraged by this
apparent maturity of the market, are offering final ‘‘tele-
medicine products’’ that although appropriate in their

data sheets, in many installations do not take into account
the specific end-user’s requirements, the usage environ-
ment, or the specific constraints of the institutional health
systems.

It has been widely demonstrated that teleconsultation
services can be cost effective and consequently sustain-
able, provided that things are properly done (18). How-
ever, it is evident that too many experiences did not get
through once the initial funding impulse was over, which
depicts a wide margin for errors because of a lack of match
between the selected technology or the working protocols
and the functionalities required or the context of use in
which the new services operate.

The message here is clear: Although there are technical
solutions for any teleconsultation requirements we could
imagine, in many cases, the specificities of the needs are
not properly analyzed to select the most suitable solution,
and in some cases, even a completely inadequate choice is
taken. To better understand this, we present in this
section the issues that we consider critical to select, de-
sign, and integrate a successful teleconsultation system to
fulfill optimally each specific set of requirements.

5.1. Integration of the Systems in the Organization Workflow

The integration of the teleconsultation systems within the
health-care organizations has two specific problems to
tackle: the integration of the teleconsultation information
system with the existing information systems of the
hospital/department/community it has to interact with,
and the need to elaborate a new organization structure to
benefit the new technology, in terms of both cost saving
and quality-of-care enhancement.

Experience demonstrates that the integration of any
teleconsultation system addresses the following issues: (1)
to reorganize those departments affected by the new
services accordingly, including all aspect involved (opera-
tion, archiving, maintenance, etc.); (2) to elaborate plans
to manage that organization change, with special empha-
sis on the associated human factors, making an extensive
use of methods for concienciation, training, and support;
and (3) to analyze clearly all implied legal aspects re-
quired (digital signature, secure processes, etc.).

An irreducible condition is the integration of the new
technology with the existing information systems and
repositories. The option of keeping the new teleconsulta-
tion system isolated from the other relevant clinical
repositories, although it is much simpler to get the system
running in a short time, will not be acceptable neither by
the administrator that will see the new services away from
control nor by the professionals that will be forced to
duplicate work, maintaining the perception that the new
pieces of equipment are external to his/her routine main
job.

Interconnection with the HIS is always a serious
problem for multiple reasons: (1) the frequent opposition
of informatics personnel to any connection to external
information systems or instruments, considered as a
potential risk to the security and good operation of their
systems; and (2) although important advances are in
progress in the area of health systems, interconnection
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standards are still not much favored by providers both of
the information systems or of the telemedicine devices and
terminals. It demonstrates the inadequacy of actual in-
formation systems, commercial vendor strategies, and
health informatics personnel to integrate the remote
systems involved in telemedicine services.

Our experience is that the connection of a telemedicine
service with a HIS can be a clear failure factor or at least a
source of unpredictable delays in the implantation of any
telemedicine project. And likely, it is a limiting factor of
the functionalities of the new services, eliminating most
chances to become an optimization element of the hole
system productivity.

A principal element to overcome these barriers is to
provide to any professional affected by the new technology
the adequate motivation and training to perceive the new
environment as a much improved place to work, where the
benefits of operating with the new technology are evident,
having access to new tools for decision making in diag-
nosis and treatment, improving the quality and produc-
tivity of their work, and a much more natural
environment for continuous education to cope with the
fast production and changes of the scientific biomedical
knowledge.

5.2. Technology Appropriateness to Functional Needs

Technology has to be appropriate to the specific needs and
requirements. This obvious statement has proved to be not
that obvious if we review the existing experiences. We
include here several related topics that should be always
taken into account.

5.2.1. Appropriateness of the Data/Information Handle-
d. Many reported teleconsultation installations did not
get into sustainable operation because they were rejected
by the medical people because it did not guarantee the
purity of the information sent from the Referring Site to
the Reference Site, which is relevant to the specific tele-
consultation tasks. Let us review several aspects poten-
tially responsible for this rejection.

5.2.1.1. Image/Video Quality. The quality of the image
and video information used in a teleconsultation should be
maintained along the complete chain from the patient
image capturing modality to the visualization system of
the referred consultant. Any difference from the digitali-
zation procedure (in the case of scanned images), the
codification of the digital image through the communica-
tion network, or the visualization process at the Reference
Site should keep the image unchanged or if modified to
reduce the amount of information to be sent through the
communication channel, with a perfect control of the
deterioration of the image. So that it will be possible to
be sure that any expected lesion or aspect of interest in the
picture would be detected and evaluated equally at the
two sides of that teleconsultation link.

It is especially relevant in the applications in which
primary diagnosis is required. In these cases, a statement
such as ‘‘the quality is enough for most of the expected
lesions’’ is not affordable because the specialists will not

accept a system like that knowing that some objects in the
original images are not visible or could become soundly
altered by this equipment.

Many papers have been published on image quality
required in all-digital radiology departments, and some of
them include teleradiology applications. The conclusion
here is simple: Any professional dealing with storage and
transmission of digital images/video should be aware of
how to select the appropriate image instruments and
communication systems to keep the relevant information
unchanged; a not-so-simple issue because commercial
information can be in some cases a bit misleading; see
Ref. 6 for details.

5.2.1.2. Real Time Versus Store and Forward. Many pa-
pers in the literature deal with this topic that has an
enormous impact both on organizational issues and on the
technology requirements to support one or the other
modes of operation. Pros and cons have been published
elsewhere.

In the store-and-forward method, the information to
support the consultation, notably the video and image
material, are sent by the consulting professional to the
Reference Site, where they are stored until the referred
specialist decides to visualize and report them. The main
advantage is that both the Referring and the Referred
Professional do not need to agree on specific dates to make
the teleconsultation, each one working under their own
schedule. Another advantage is that the information can
be sent using low-speed communication channels and
even using time day intervals with low-rated traffic costs.
The disadvantage is that there is no option to cooperate
through dialog sessions.

Real time implies that the two professionals are work-
ing simultaneously, with each one at his/her end of the
teleconsultation link. Dialogue can takes different forms.
From the literature, two conclusions seems clear: First,
there is a significant difference between U.S. and Eur-
opean Union (EU) preferences. The United States is more
oriented to real-time telemedicine solutions and the EU to
store-and-forward modes; second, we have observed a
clear tendency toward store-and-forward solutions over
the last 5 years (19).

5.3. Final Remarks

To conclude, there are solid conceptual, organizational,
and technological grounds for teleconsultation. However,
the complexity of these services is such that frequent
mismatching has been reported between teleconsultation
installations and end-user needs; generating what it is
possibly the main barrier for the extensive deployment of
these technology-based services: the awareness of decision
makers that we do not have enough solid technology that
introduce risk into the health-care provision without
demonstration of its capacity of cost containment. The
impact of several of the main issues responsible for the
success or failure of any teleconsultation system has been
analyzed in this article. Scenarios diversity, differences in
the exploitation regimes, health-care models in which
teleconsultation has to be embedded, communication net-
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work availability, security issues, and appropriateness of
the business cases are among those issues that should be
always present whenever designing and implementing of
a new teleconsultation service.

Accessibility to medical knowledge by health profes-
sionals is a complex subject in which we can isolate two
principal problems: (1) how to optimize the benefit of the
clinical knowledge resources available, always limited,
within the health-care model the professional operates;
and (2) how to optimally benefit from the existing scien-
tific knowledge around the world whenever a professional
is dealing with any single patient case.

This article was concerned only with the first topic
mentioned. The second one deals with a completely differ-
ent matter that is however mentioned here because we
understand that the two of them come together whenever
we try to envisage the professional working terminal of
the future; in which both applications will necessarily
share a single working space, to allow any professional
both cooperative sessions with other professionals or
efficient browsing to access relevant biomedical scientific
evidence.
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1. INTRODUCTION TO TELEMEDICINE

Telemedicine, literally ‘‘medicine at the distance,’’ has
been defined in many ways along the history of the
discipline (1,2). To start with, we define telemedicine as
the provision of health-care services by professionals
using information technologies and communications to
interchange data, information, and knowledge, for any
diagnosis and treatment activity, and prevention pro-
grams, where distance is a critical factor. Also, telemedi-
cine supports the continuous education of health-care
professionals, their evaluation, and research activities to
improve the health of individuals and their communities.

Telehealth, telecare, and more recently, e-health (1) are
also used to describe the technology and the services
required to support health care whenever telecondition
applies between any of the playing actors (the patient, the
citizens in general, the health professional, and any
information/data/tool resource required). Several publica-
tions intending to make distinctions between these terms
partially demonstrate how difficult it is to build these
boundaries, if needed at all. Telehealth is normally asso-
ciated with the technology and services to keep health
status and wellness of individuals and communities, not
necessarily ill, with a clear orientation to prevention,
whereas telemedicine is mostly concerned with the provi-
sion of health-care services to patients at a distance from
the care resources (3). E-health refers to all forms of
electronic health care delivered over the Internet (4), a
term that will be difficult to distinguish from the others
simply because most telemedicine/telehealth services tend
to become Internet-based too.

Telemedicine has evolved a great deal along its history,
so its definition has changed accordingly. We normally
associate the origins of telemedicine to the invention of the
telephone at the end of the nineteenth century to support
consultation at the distance (5). Since then, telemedicine
has evolved at different speeds, powered by the technolo-
gical advances, notably those late in the second half of the
twentieth century, and modulated by the demands of the
evolving health-care models to cope with (1) the appar-
ently unbeatable rising costs of health care, (2) the
attitude of customers demanding better services, and (3)
the evident need to improve the quality of care of well-
defined underserved communities that because of isola-
tion or the evident deficiencies of the models in use for
specific patient groups, such as the chronic or elderly, for
which intervention paradigms, based mostly on acute care
by episodes, adapt with difficulty to the needs of these kind
of patients. To enter, finally, into the globalization process
of the Information Society that, in our opinion, is changing

the essentials of the problems to be faced by the technol-
ogy of information and communication in health: pushing
telemedicine to provide solutions for new problems rather
than just searching for better solutions to old problems.

Globalization is conditioning the current search for
common technological solutions to services demanding
communication and information handling, regardless of
whether they are intended for remote applications or to
support the work between next-door professionals, which
places out of focus the classic definitions of telemedicine.
Distance, isolation, and remoteness concepts become
blurred. The expression, to give but one example, of
providing services to remotely located patients has been
substituted by providing care to patients at any time and
any place, which stresses distance as a wider concept,
including not only any Euclidean distance but also any
condition that imposes connectivity constraints within
each specific health-related application. The old concept
of telemedicine, exclusively associated with the use of
telecommunications to make possible or to improve the
quality of the health care of isolated or underserved areas,
does not match well with the globalization and interoper-
ability concepts of the Information Society. Solutions for
virtual remote teleconsultation, for instance, can be, and
should be, the same as those for the management of data
within local environments.

The priorities of telemedicine services are also chan-
ging to match the evolving paradigms of health care. An
example can be seen with the Continuum of Care Model
concept recently worked out by the World Health Organi-
zation (6), in which particular attention is paid to human
resources and organizational implications, identified as
the bottleneck of the shift to the new paradigm of care; the
pivotal aspects will be the new types of interactions
between actors in a technology enabling framework: (1)
interactions between health-care professionals working at
different levels of care and (2) interactions between pa-
tients and professionals.

The need to define more efficient health-care models in
the industrialized countries and the irreversible immer-
sion in the global society mentioned configures the new
environment in which telemedicine has to be installed and
outlines an added role for telemedicine, which is that of
facilitating the immersion of health-care models into this
information society.

1.1. The Telemedicine Pace

To elaborate a simplified view of the pace of telemedicine,
we identify three main eras of telemedicine:

1st era: Telemedicine was a name to identify the
technology to fill the clear gaps of the health-care systems
to attend to isolated and underserved individuals/commu-
nities. Several books and studies focused on telemedicine
have reviewed the experiences from this era (7–10).

2nd era: Telemedicine was an adjective to identify an
alternative approach to a variety of care problems, to
demonstrate that telemedicine-based services are more
efficient than other classic alternatives. The main aim was
to identify, this is the era of demonstrators, the key issues
to make a telemedicine service cost effective, usable, legal,
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and so on, in short sustainable, to improve the outcomes of
the health-care models. Literature is full of papers that
show a complete range of applications and technologies for
telemedicine in this period. Specialized journals devoted
to telemedicine are also edited (in 1996 the Journal of
Telemedicine and Telecare (11) and in 1999 the Telemedi-
cine Journal of the American Telemedicine Association
(12).

3rd era: Telemedicine becomes a wider concept with
vague (across sectors, disciplines, and technologies)
boundaries, with a mission drifting toward the provision
of concepts, tools, and infrastructure appropriated to the
future trends of the health-care systems of the Informa-
tion Society. To intervene actively in a scene with a critical
and delicate equilibrium among technology, aging popula-
tion, and empowered patients with demands each day
more challenging and founded, always within a complex,
doubtfully waving between different models and a limited-
resources financing framework (13,14).

1.2. The Views of Telemedicine

The different views that we can have of telemedicine have
also contributed to the difficulty in outlining a clear
picture of it. We present in Fig. 1 the five-layer model
we propose to structure all elements and aspects related to
telemedicine. Two basic layers configure the grounds on
which telemedicine is always based: the physical commu-
nication network infrastructure and the telematic ser-
vices, the ingredients of any telemedicine service, which
makes up the third layer of our model. With these basic or
generic telemedicine services, we build the clinical appli-
cations of the fourth layer, which are the bricks of any
telemedicine-based health-care service, defined by its care
targets within the health model it is to be integrated.

We have selected two health-care services to serve as
the discussion grounds of the telemedicine main topics: (1)
the ubiquitous care of the patient, whenever and wherever
it is required, mostly focused on IT-based home care; and
(2) the teleconsultation between health professionals,

which covers a wide area of scenarios, from teleradiology,
the most extended and consolidated example of telecon-
sultation, to telepresence scenarios in emergency care or
the medical imaging cooperative diagnosis between re-
mote health sites. Services and technologies will be pre-
sented to identify the key elements on which we
understand it depends for the success in the design and
implantation of most telemedicine systems. This article
deals with patient ubiquitous care, and teleconsultation is
included in the next article of this encyclopedia (15).

2. UBIQUITOUS PATIENT CARE

Traditional health-care delivery structures are moving
toward models of care with an increasing emphasis on
maintaining the health of citizens through proactive dis-
ease management, health education (i.e., disease aware-
ness and lifestyle), preventive programs, and citizen self-
care approaches, with an increased involvement of com-
munity-based care providers. It is a clear move toward
ubiquitous health care, provided by the health profes-
sionals and demanded by the patients anytime and any-
where, to enable a significant improvement of the quality
of care and working conditions of the health professionals,
and a shift to empowered self-managed disease prevention
and care, to obtain the best possible quality of life and
independent living conditions for patients. This movement
was initially motivated by the search for efficient models
to care for highly demanding patients such as the chronic.
It has now extended to any patient or even to any
individual interested in maintaining their health status.

In this new situation, it seems clear that at least two
main issues are identified for which telemedicine should
provide efficient solutions in the area of patient care: (1)
ubiquity—care should be provided at any time and any
place, depicting the need for efficient, ubiquitous, and
secure extra-institutional care; (2) integration—efficient
coordination tools should be provided to all health profes-

Telecommunication network
PSTN, ISDN, ATM, ADSL, Radio, GSM, LMDS, LAN, etc...

Telematic services
Voice, e-mail, co-operative work, remote database access,

ftp, videoconference, etc...

Telemedicine services
Telediagnosis, teleconsultation, telemonitoring,

telecare, teleeducation, etc

Clinical applications
Teleradiology, telecardiology,

telediabetes, telepathology, etc...

Health care services
Home care, under-served areas, emergencies, ...

Figure 1. The five-layer telemedicine model.
PSTN: Public Switched Telephone Network;
ISDN: Integrated Services Digital Network;
ATM: Asynchronous Transfer Mode; ADSL:
Asymmetric Digital Subscriber Line; GSM: Glo-
bal System for Mobile Communications; LMDS:
Local Multipoint Distribution System; LAN: Lo-
cal Area Network.
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sionals dealing with each patient to allow the implemen-
tation of patient-centered continuous share care spaces.

To fulfill these two conditions, modern telemedicine
systems have to provide (1) a virtual and ubiquitous
cooperative working space to coordinate all professionals
of the multidisciplinary care team (primary care, home
visit personnel, specialists at different hospitals, or health-
care providers at any place and time), all of them procur-
ing common targets centered on the patient, with pre-
defined and agreed by all professional involved care plans
and making use of tools to optimize all available resources
and tasks efficiently, in a continuum-of-care common
space; (2) a multi-access environment to allow the patient
or the professional to access any service available by
means of the access device better adapted to his/her
convenience, needs, and context of use (16), including
any telemonitoring service required by the patient.

2.1. Cooperative Working Space

To achieve a cooperative working space for remote patient
care, we require a network, such as that shown in Fig. 2, to
connect all agents involved: (1) the health professionals at
different places—hospital, primary care, visiting the pa-
tient at their home, anywhere; (2) the patient at home, on
vacation, while in the health institutions, or anywhere;
and (3) the coordination center in which coordination of
the resources takes place, located either in an independent
center or within some health institution of the network.

An important issue should be taken into account here:
What should be the most appropriate size (geographical
and functional) of this working common space? Available
experience demonstrates that transactions within the
health-care systems for each patient take place in an
immense proportion in the local environment he/she is
living, within his/her health area. Transactions across
regions or countries have much less impact on the health
of the community in statistical terms, most importantly,

they do not necessarily operate as part of the workspace
concept. We can easily conclude that the working space
proposed should extend ideally to cover only, but not less,
the natural health-care area including the hospitals of the
area (tertiary- and/or secondary-level hospitals), the pri-
mary care centers, emergency centers, informal carers,
and any other non-health functionally related centers.

2.2. Multi-Access Connectivity

Figure 3 represents the multi-access condition for a
patient to access the services provided by the different
centers of his/her health network, namely hospital(s),
primary care center(s), emergency facilities, information/
program content providers, through a wide variety of
access networks: fixed (PSTN, ISDN, ADSL, etc.) or mobile
(GSM, GPRS, UMTS); and diverse access devices: PCs, set
top box, Web TV, Web phone, mobile terminals, personal
digital assistant (PDAs), and specific purpose terminals.

Health professional multi-access should be also pro-
vided by means of any form of Internet access terminal,
both wired or wireless, depending of the kind of informa-
tion to be handled and the location of the user. In many
cases, a mixture of access terminals is required: An alarm
is sent by a SMS to a GSM terminal to prompt the
professional to initiate within the next few hours a video
or audio televisit with a patient, or to access new data in
the coordination center to propose a change in the treat-
ment of the care plan to be shared by all team members.

Each pair of ‘‘communication network’’–‘‘terminal of
access’’ will condition accessibility, cost, and the quality
of the service, which will be analyzed in the sections that
follows.

2.3. Some Examples of Remote Patient Care

A few examples of well-documented scenarios are included
here to understand better the health-care services in-

COORDINATION CENTRE

PRIMARY CARE
CENTRE

HOSPITAL

HOME

IP 

NET W OR K

IP
NETWORK

HOME VISIT
MOBILE TEAMS

Figure 2. The integrated common working
space network.
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cluded under this ubiquitous care heading and to serve as
an introduction to the following description of telemedi-
cine services and their supporting technology.

2.3.1. Chronic Obstructive Pulmonary Disease (COPD)
Patients Under Early Discharge Regimes. Chronic respira-
tory diseases are an important burden on health-care
systems worldwide (17). It is estimated that hospitaliza-
tions of COPD exacerbations represent approximately
70% of the overall costs associated with the management
of the disease (18). Several recent trials have proven that
COPD patients greatly benefit from home-based interven-
tions, especially if they are supported by telemedicine
tools, preventing exacerbations and subsequent admis-
sions and allowing for earlier discharge when admitted
to hospital (19). Beneficial interventions enable the shar-
ing of information of a patient across the multidisciplinary
care teams involved; closer follow-up based on telemoni-
toring; improve the communication between the patient
and the care team, based either on home visits (including
televisits), telephone interventions, or text messaging;
and finally empower the patient by education, which can
be based on remote learning tools.

2.3.2. The Continuous Care of Diabetic Patients. Dia-
betes and its complications is still causing in Western
societies a tremendous amount of suffering in over 5% of
the population and remains a major health problem
responsible for up to 8% of national health-care expendi-
ture (20). Currently numbering over 150 million cases
worldwide with an expected doubling of this total in the
next 20 years gives the real dimension of the problem. The
search for increasing the possibilities offered by telemedi-
cine in diabetes care has led during the last 5 years to
many experiences covering several technological ap-
proaches and scenarios for care delivery (21). Home care
has been one of these scenarios, in which several ap-
proaches to deliver therapeutic advice to patients at

home have been reported. Recently, telemedicine is being
applied in wide-scale health-care experiences (22). Sen-
sors, for blood glucose and ketone measurement, are
already widely used by patients, who then manipulate
therapy according to results. Currently, the medical
supervision of these changes is either done by telephone
contact or at the routine clinical assessment (face-to-face).
The former imposes great time and mobility restrictions
on both patient and professional, whereas the latter
means that data are often out-of-date before the health-
care professional is made aware of them. These technolo-
gies would easily overcome these issues as well as facil-
itate the intervention of algorithm-managed therapy
change. It could exclude the health-care professional
from many simple therapy changes, thus reducing the
time and expenses of routine care. The fact that most
young type 1 diabetes patients are fully conversant with
modern day-to-day technologies and their widespread use
of glucose sensing devices has identified this cohort to be
potentially more receptive to the new technologies than
other chronic disease groups.

2.3.3. HIV/AIDS Care. The HIV/AIDS epidemic was
first discovered in the 1980s, and today more than 24.8
million people have died from it. An estimated 40 million
people are living with HIV/AIDS in the world (23). But the
situation of the HIV infection, for those patients who
tolerate and have access to the new potent combination
antiretroviral treatments, is being transformed from a
uniformly fatal disease into a long-term illness (24). At
the beginning, the care model was merely palliative,
seeing HIV/AIDS only from its clinical point of view.
Nowadays, the success of new therapeutic procedures
based on combinations of antiretroviral components are
driving the need of new home-based shared care technol-
ogy for HIV/AIDS patients.

COORDINATION CENTRE

Hospital

Adapted PC
Web TV

Web
Phone

PDATelephone Mobile

Sensors

PATIENT

2nd level
Hospital Home care ePrimary Care Emergency

services Figure 3. Multi-access connectivity of the patient
with the available service providers.
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2.3.4. Primary-Specialized Care Integration. The man-
agement of chronic disease constitutes a significant part
of primary care practice. Primary care providers often do
not have access to key diagnostic services, are uncertain of
the most up-to-date treatment approaches, and see pa-
tients with comorbidities that complicate pharmaceutical
treatments. An integrated network between primary care
providers and specialist practices, resting on remote care
technologies, could enhance notably the quality of care
through much solid scientific evidence grounds and a
significant reduction of the expenses from the fragmenta-
tion of episodic, crisis-oriented care (25).

2.3.5. Long-Term Monitoring of Wellness at Home. In
another completely different scenario we have the health
promotion and prevention applications. Long-term mon-
itoring of physiological and psychological variables in
extra-institutional conditions would be beneficial for in-
vestigating changes in the wellness status of an individual
or to understand interaction between physiological and
behavioral processes, which places emphasis on healthy
lifestyles and motivates patients to modify their behaviors
to positively impact their health. Potential relevant vari-
ables include beat-to-beat heart rate, motor activity, blood
pressure, weight, body temperature, respiration, move-
ments, and sleep conditions, as well as self-assessments of
daily well-being (26).

2.3.6. Other Applications. Many other application of
remote patient care have been reported in the literature,
namely, cardiac telemonitoring, blood pressure monitor-
ing, home asthma and pediatric asthma, pulmonary func-
tion monitoring for cystic fibrosis, pulmonary function
monitoring after lung transplantation, diagnosis of
sleep-disordered breathing, sleep-monitoring system, alz-
heimer’s disease control, and cognitive stimulation.

3. UBIQUITOUS PATIENT CARE TECHNOLOGY

This section introduces the technology required to support
the ubiquitous patient care telemedicine services. To make
this description as generic as possible, an application-
independent view of the technology is offered, including
whenever appropriate a review of options to facilitate for
any interested party the search for further details. For the
sake of clarity, some specific examples are inserted.

3.1. A Taxonomy of Ubiquitous Patient Telemedicine
Services

To procure a rational description of the technology re-
quired to fulfill the demands detected from many varieties
of services reported in the literature, we start defining a
short taxonomy of remote patient telemedicine services
(level 3: telemedicine services, according to the five-level
model of Fig. 1) for which technological solutions are to be
provided (level 2: telematic services and level 1: telecom-
munication networks):

1) Patient’s access to information, to connect at any
time with his/her carers or the institutions for

consultations, by text messaging or voice or to get
any information related to his/her personalized dis-
ease management program or his/her clinical health
record.

2) Professional’s access to any available information to
support their work for different purposes: logistics,
cooperative work, and implementation of care plans
to monitor, control, and evaluate each patient sta-
tus, including fragility report, treatment, working
plans, and discharge reports.

3) Videoconferencing between the patients and their
care givers for different purposes, on demand or
preagreed virtual home visits.

4) Telemonitoring. Connectivity with monitoring de-
vices required to capture patient biomedical data
and signal and their statistical descriptions.

5) Intelligent analysis of the information for two pur-
poses: (a) to handle the increased amount of infor-
mation produced in the ubiquitous care scenarios or
(b) to trigger alarms whenever specific situations,
assessed from the available patient information, are
detected.

6) Access to video-based information related to general
information, education material, or rehabilitation
programs.

7) Information related to the patient and the profes-
sional’s use of the services, for operation control,
auditing, exploitation, or evaluation purposes.

3.2. Main Components of the Remote Patient Care Systems

As shown in Fig. 2 the remote patient care system is
composed of three main elements: (1) the coordination
center, (2) the personal systems of patients and health
professionals to access the services, and (3) the commu-
nication network.

The coordination center is the core of the cooperative
working space, in charge of the coordination of any inter-
action within the network and the management of the
patient information.

The patient unit includes the infrastructure and appli-
cations to allow the patient the access to any available
service and provides the connectivity to the biomedical
monitoring devices required to follow his/her status.
Health professionals of the multidisciplinary team also
require the appropriate applications for their ubiquitous
access to the information patient management databases
and the support of the cooperative work of the team.

The third part is the communication network, any of
the available public communication networks, whose se-
lection is always a difficult balance between accessibility,
quality of services, and costs, that require a strict defini-
tion of the telemedicine services requirement to avoid
unnecessary or insufficient investments.

3.3. The Coordination Center

Figure 4 shows the elements of a coordination center and
its interfaces with the patient and professional units, to
support the information flow, with the patient applications
installed in his/her personal system and with the informa-
tion systems at the health institutions. Two networks are
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available simultaneously, one to support voice communi-
cations and the other to handle any IP-based data trans-
mission.

A call center is required to provide an immediate
answer to any demand by patients, to manage, route,
and filter incoming calls. Call handling will depend on
the specific mission and organization of the health service
provider. According to previous experience it seems appro-
priate to include a first call filtering level by a teleoperator
without health-care-specific training or an automatic
autonomous answering system. In both cases, the patient
is requested to answer a predefined questionnaire pre-
pared to identify the administrative or health-related
nature of the demand and of its urgency. A filtered call
can be routed to a variety of professionals on duty. The call
center should be also available at any time to health
professionals from their centers, while in the patient
home visit, or anywhere to support cooperative work and
information retrieval tasks.

The Web-based information patient management sys-
tem has to include pre-agreed access rules for each
member of the multidisciplinary team to control the access
to any available information, notably that of the patient
electronic clinical record. The coordination center should
also install a unified messaging module to forward the
professionals of the multidisciplinary team any message
from his/her patients and vice versa, from the system (the
arrival of new clinical tests, automatically generated
alarms, etc.) or from any other colleague. The messages
should be delivered in the format and media most ade-

quate to the location and working routines of the profes-
sional.

3.4. The Patient Unit

The patient unit refers to the personal equipment to be
used by the patient to support some or all of the following
services:

1) To connect at any time, normally through the co-
ordination center, with his/her care givers or the
institutions for consultation, by text messaging or
voice.

2) To get any information related to the personalized
disease management program or his/her clinical
health record.

3) To trigger predefined alarms.
4) To retrieve general information as well as education

material or rehabilitation programs.
5) To maintain a videoconference with a professional

for different purposes, on demand or pre-agreed
virtual home visits.

6) To connect with any monitoring device required to
support any telemonitoring protocol.

The patient unit will integrate different technologies
depending on the requirements of connectivity. In some
cases, i.e., with specific telemonitoring devices, the patient
unit requires specific hardware and software designs;
however, in other cases, we simply need a device that
can run a browser to access a Web application.
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Figure 4. Components of the coordination center.

6 TELEMEDICINE: UBIQUITOUS PATIENT CARE



3.4.1. Telemonitoring Devices. Although there is a wide
range of options of biomedical instrumentation for patient
monitoring, important complications develop whenever
we intend to use them to get any biomedical signal from
the patient away from the hospital bed or consultation
room, as is the case within remote patient care scenarios.
For this reason, the catalog of available product suitable
for remote care is much reduced and to some extent still
far away from offering interoperable solutions appropriate
to the integration and ubiquitous characteristics of mod-
ern and future remote care models.

The connectivity of telemonitoring devices always de-
velops a difficult problem far away from a plug-and-play
solution. Whenever we try to integrate several sensing
devices for a specific patient case we immediately realize
that the commercial solutions available are designed to
operate autonomously, under proprietary protocols, mak-
ing close to impossible their integration in the common
space of our integrated approach. The absence of appro-
priate connectivity standards does not cooperate at all; see
Ref. 27 to follow the standardization activity of the
Association for the Advancement of Medical Instrumenta-
tion (AAMI).

The CEN TC251 standardizes the interoperability of
patient-connected medical devices in the Env13735 (28)
and defines the transmission of vital signals such as
electrocardiography (29). Coverage of these standards is,
however, so limited for telemedicine applications that we
need to follow the connectivity standards developed for the
open interconnection of instruments, to identify their
suitability to our telemedicine scenarios. Related standar-
dization bodies to consider are the IEEE, an Accredited
Standards Developing Organization, charter member of
ANSI; and the CEN TC251, which is the body within
Europe mandated to develop standards for Health Infor-
matics. The MIB, Medical Information Bus (30), is the
IEEE standard for Medical Device Communications,
which covers several aspects of the communication pro-
cess, from the physical layer, cables, and connectors to
upper level communications services. IEEE Std 1394 high-
speed serial buses and IEEE Std 1451 for smart sensors
are also required references (31).

Biomedical sensors and data/signal capture devices for
remote patient monitoring demand a variety of require-
ments difficult to achieve completely nowadays, defining
several critical research frontiers for bioengineering and
telemedicine, which are briefly outlined as follows: The
sensing devices should be as much noninvasive and non-
intrusive as possible, tending to wearable and pervasive
arrangements. They have to be accurate enough to the
monitoring purpose intended; also, they must be safe and
reliable, which means that the use of the devices has to be
easy, taking into account that they are going to be used by
nonprofessionals and not in well-controlled situations;
they have to be robust and preferably include self-test
and remote calibration functionalities.

Interoperability of the sensors and of the sensor sys-
tems (sensors plus the systems where the signals are
preprocessed, visualized, and stored) is a mandatory con-
dition to get full-integrated remote care installation.
Currently, most sensor systems in the market, not to say

all, work with proprietary solutions difficult to integrate
within other information systems it is supposed to operate
within.

Other conditions are also relevant, taking into account
the special conditions of this usage environment, namely,
lifetime of the batteries for portable devices, availability of
sensors and/or subsystems, as well as of the technical
maintenance and system operation support. And last, and
obviously not least, the associated costs of the system and
any operation costs: communication networks tariffs,
maintenance costs, cost of disposable elements if required,
and so on.

3.4.2. The Patient Unit Terminals. Several options for
patient unit terminals can be considered to support the
services of the patients at home. These options are briefly
presented in Table 1 to analyze comparatively their suit-
ability for the remote care services accessible to the
patients from their homes or ubiquitously. The options
that have been reviewed are Web phone, Set top box, Web
TV, WAP Phones, PDAs, and PCs. In Table 1, the remote
patient services (level 3: telemedicine services, according
to the five-layer model of Fig. 1) have been regrouped in
terms of the telematic services (level 2) that each patient
unit is asked to support, namely, access to video-based
education, access to Web-based information, e-mail, video-
conferencing, and connectivity with external devices.

From this analysis it seems clear that only with PC-
based patient terminals will it be possible nowadays to
fulfill all services. However, it should be taken into
account that the enormous variability in patient demands
would suggest for each specific case other alternative
choices, according to the table. Moreover, if we decidedly
support the provision of open solutions, it will make
possible a wide degree of personalization to each patient
case to optimize costs while covering all of the needs
demanded.

A clear trend toward mobile solutions is evident, within
the multi-access concept. On the professional side, the use
of portable PCs and now PDAs outlines an actual image of
the health professional accessing from anywhere the
patient management center. For the patient unit, that
tendency is equally patent, although it runs parallel to the
needs for special-purpose wireless terminals, mostly mo-
tivated by biomedical signal acquisition applications, to
offer the patient friendly user interfaces and to provide
connectivity at the wide area level. The current research
emphasis on wearable sensors and body area wireless
networks is also pushing in this direction.

An example of a home-based patient unit is in Fig. 5,
which corresponds to an application of integrated home
care for the COPD patient (32). In the specific example
shown in the figure, the patient unit, in the referenced
project named the home-hub, is a PC that supports the
entire list of home care services. The user interface is
critical to make services easy to use by any people,
keeping in mind that many patients cannot be exposed
to unfamiliar/complex devices. For this reason, in this
case, the user interface consists of a simple self-guiding
design on the TV set that allows navigation across the
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buttons screen with a remote control unit with a few
buttons.

Sensors are connected to the home-hub either by wires
or wireless. This example includes pulse oximetry, three-
leads electrocardiogram (ECG) monitor, spyrometer, and
blood pressure unit. The first two are wireless to allow
recording regimes not requiring any physical restriction of
the patient within the home.

The implementation of the videoconference module in
this example of the patient unit makes use of the H323
standard, which is used for visual telephone systems and
equipment over packet switched networks with no guar-
anteed quality of service. Commercial videoconference
hardware (VCON) is used here.

3.5. The Terminals of the Professionals

A list of services to be supported by the health professional
terminals to create the care team cooperation working
space is as follows:

1) Information sharing
2) Activity awareness to allows team care members to

get information anytime about others’ activities,
including notification services about completed or
scheduled events

3) Workflow support to allow the definition of care
flows, based on agreed to and validated care proto-
cols and clinical guides, the monitoring of the users
activities, and the tracing of patient situation in the
care flow context

Remote control

Blood
pressure

Videoconference Spirometer

ECG

Pulse oxymeter

Patient’s TV

Patient unit
(home HUB)

Figure 5. Home care patient unit.

Table 1. Terminals to Support the Services of the Patients at Home

Services Supported Set Top Boxes Web Phone Web TV PDA WAP Phone PC

Access to video-
based education

YES NO YES (Quality
depending on
bandwidth)

YES (Low-quality
video might be
viewed, but limited
by resolution and
size of screen)

NO YES

Access to web-
based
information

NO (Yes, for
internet set top
boxes)

YES (Limited) YES YES (Limited) YES (Limited to
specifically de-

signed Web
pages)

YES

E-mail NO (Yes, for
internet set top
boxes)

NO YES YES (Limited) YES YES

Videoconferencing YES (Depending on
set top box
implementation)

NO Depending on
implementation.
No with actual
products

NO (It is possible that
this functionality is
added in the future.
New mobile
telephony
standards will
provide higher
bandwidths)

NO YES

Connectivity with
telemonitoring
devices

Limited
(Depending on
set top box
implementation)

NO Depending on
implementation.
No with actual
products

Limited (typically
through RS232,
infrared, or
bluetooth)

NO YES (High flex-
ibility)
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4) The support of the professional home visit, including
the patient monitoring data capture and the rest of
the services above

5) Telepresence sessions, which are virtual home visits
supported on videoconferencing

As an example, Fig. 6 presents a PDA-based terminal
developed to support a visiting nurse attending COPD
patients at their homes (32). The units are prepared to
acquire patient spirometries. In this example, the nurse
during the visit can access the previous data of the patient
for comparison and tools to assess patient status according
to the predefined care plan targets. If required he/she can
decide to send messages to the members of the team to
trigger other actions or for consultation. Finally the
professional can fill his/her reports and update the perso-
nal agenda.

3.6. Communication Networks

A brief review of the communication network options is
summarized in Table 2, which depicts the different band-
widths offered by those public communication networks
suitable to the scenarios of our interest, to facilitate the
analysis of impact on the supported services. The band-
width is the maximum data transfer rate that is supported
by a telecommunication channel. Data transfer rates are
expressed in bits per second.

The selection of the most appropriate telecommunica-
tion network for a specific home care telemedicine service
depends on several aspects: (1) the amount of data to be
transferred; (2) the requirements of synchronous trans-
missions (real time) versus asynchronous transmissions;
(3) the availability of the network at the users’ location
(e.g., rural areas); and (4) the cost.

As an example of performance depending on band-
width, we can consider that the capture at the patient’s
home of an electrocardiography signal (1 lead, 250 sam-
ples per second, 3 bytes per sample, no compression) is

about 6.5 kbits per second. We have to also take into
account that some data overload has to be added because
of the communication protocols. We could transmit one
ECG lead using any network presented in Table 2, but if
one of our requirements is real time, we should discard the
use of GSM. If our requirement is to send up to 12 in real
time (78 kbps), we also should discard the use of PSTN
and the basic GPRS connection.

4. CRITICAL ISSUES

Wide deployments of the telemedicine system for ubiqui-
tous patient care is still waiting to overcome some complex
and interrelated barriers caused by the worldwide uncer-
tainties about how emerging health models should orga-
nize the care of those groups of patients, notably the
chronic and elderly, most clearly demanding integrated/
continuum care models. Also, how to handle the new
demands of citizens for healthier environments is needed,
which although with different targets as those of the most
fragile communities, coincide with them in the need to
empower remote health care services.

Telemedicine has always been envisaged as a compo-
nent to remove some of those uncertainties by means of
addressing some problems responsible for these doubts
and the provision of appropriate cost-effective solutions
accordingly. Hot issues for the specific case of remote care
telemedicine services within integrated models of care
(valid also for other telemedicine niches), which outlines
also some principal areas of research in telemedicine, are
the following: (1) the provision of the appropriate security
levels; (2) the intelligent handling of the increased flow of
information within the system, extracting all the possibi-
lities of the new technology, without overloading the
personnel; (3) the interoperability of the telemedicine
solutions to make possible their easy integration within
any existing information system, electronic patient re-
cords, and specific organization; (4) an open connectivity

Figure 6. PDA-based terminal to support a
visiting nurse attending COPD patients at
their homes.
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with any data capture device and any personal/local/wide
communication network; and (5) the provision of efficient
tools to empower the collaborative work of the profes-
sionals.

4.1. Security Policy

Security is always a key point to take into account during
the development of any information system, but when the
managed information is medical data, the security policy
must be regarded as a critical issue of system implemen-
tation and exploitation. The laws for electronic data
management consider ‘‘medical data’’ as a data category
requiring special handling (33). For this reason, the
security requirements stress that any medical data stored
in information systems must be protected against non-
authorized access, the patient must be informed about the
acquisition and handling of his/her data, and the trans-
mission of data must be performed in a secure way.

To fulfill the former requirements, the information
system has to provide specific technical solutions and
security services to implement a security policy. Each
clinical site has to adapt the policy to the specific country’s
laws, but a basic security policy to follow can be designed
including general procedures and recommendations.

All user applications have to implement their security
services for access control and secure data transmission
according to the characteristics of the terminals and the
intrinsic security of the communication links. The security
services that have to be implemented in the telemedicine
applications are as follows:

* Access Control: This security service guarantees
that only authorized people access the system. This
access control is performed using login names, pass-
words, and private numeric codes.

* Authentication: This security service guarantees
that a user or a server is who/what it claims to be.
This service prevents the data being accessed by
somebody not authorized and prevents a user or a
server taking the role of another one. This service is
performed using certificates when a user logs into the
telemedicine service and avoids the direct commu-

nication between the servers and the external appli-
cations.

* Confidentiality: This security service guarantees
that nobody except the addressee can read the data.
It is an important issue when dealing with medical
data, in which only authorized persons can access the
data transmitted and third-party access during the
communication process must be avoided. This service
is performed using encrypted data transmission (SSL
connections) and managing users’ roles to generate
the data view offered to each user.

* Data Integrity: This security service guarantees
that data are not corrupted or altered during trans-
mission. These changes can be either from random
facts (data loss, transmission errors, etc.) or from
malicious access. This service is performed using
transmission redundancy and digital signatures.

The database is the most valuable component of any
information system and must be protected against device
failures (i.e., disk crashing), disasters (i.e., fire), and
malicious access. Any of these situations can cause data
loss that has to be solved by the restoration of data
backups in the proper hardware. Malicious access can
originate in different ways: (1) by direct access to the
database computer (i.e., robbery or administrator console
access); (2) by using the Internet to attack the database
machine; or (3) by supplanting any authorized user to use
a registered application. The first two situations are
avoided by means of strong restrictions on physical and
logical access to the database. The avoidance of sup-
planted users considers actions designed to prevent (con-
trol access and user compliance of password management
rules), audit (logging), and correct.

The procedures and rules that can be included in the
security policy to protect the database can be as follows
(34):

* The machine containing the database should be
located in a room with restricted access to be sure
that only authorized people have physical access to it
or to its console.

* The contents of the database should be encrypted in
any storage medium to avoid unauthorized people
from viewing them when opening the disk or the
backup files.

* There should be a dedicated machine containing the
database. This computer should not be used for any
other purpose.

* External access via any net not performed from a
registered application must be forbidden. Only
authorized machines containing client processes or
servers will be able to access the database machine
using the ODBC or JDBC interfaces.

* On a regular basis, a backup copy will be generated
and stored in a secure room different to the one that
contains the database computer to avoid simulta-
neous destruction caused by disasters.

Table 2. Bandwidths in Public Communication Networks
Available to Citizens in Europe

Public Network Bandwidth (Bits per Second)

PSTN (POTS) 54 kbps
ISDN from 128 kbps to 2 Mbps
ADSL from 300 kbps to 2 Mbps (down)

(typical 128 kbps up to 256 down)
GSM 9600 bps
GPRS from 56 kbps to 384 kbps

(shared by all the users in the same cell)
UMTS 384 kbps to 2Mbps

(shared by all the users in the same cell)

Abbreviations: PSTN: Public Switched Telephone Network, also named

POTS, Plain Old Telephone Service; ISDN: Integrated Services Digital

Network; ADSL: Asymmetric Digital Subscriber Line; GSM: Global Sys-

tem for Mobile Communications; GPRS: General Packet Radio Service;

UMTS: Universal Mobile Telecommunication System
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* Every database access must be registered, logging
the date, the user, and the specific data accessed.

* All servers of the architecture have to run in a
restricted local area network protected with a fire-
wall from the public Internet.

* A clearly identified person should be in charge of
these actions, developing and distributing a security
document containing all security procedures.

4.2. Intelligent Data Handling

It is well known that telemedicine systems, especially
those including physiological signal monitoring, generate
a great amount of data, forcing professionals to increase
the time dedicated to visualize and analyze the data from
his/her patients. It is well known that this fact represents
one important barrier to the acceptance of the technology
and its deployment, being in some cases the direct cause
for rejecting the system. To avoid this problem, automatic
analysis of patient data and any other relevant informa-
tion should be installed, to detect specific patient status or
deviations from the care plan targets, whenever the
recorded data/signal features deviate from preestablished
ranges of normality, generating the appropriate action.

A good example of this service has been reported for
diabetes (35). Diabetic patients self-monitor several para-
meters during their daily life: blood glucose levels, time
and dose of insulin, time and description of food intake,
duration and type of physical exercise, smoking, weight,
other diseases, pregnancy, unusual stress, and so on. This
information is used for decision making by the patient and
by the physician in the face-to-face encounters or when-
ever they are available through a telemedicine service.
The information for decision making is regularly trans-
mitted to the coordination center, specifically blood glu-
cose levels retrieved automatically from the glucometers,
additional information about the patient, entered either
manually by the patient or obtained from the electronic
health record (sex, age, years of diabetes, current therapy,
laboratory, examination results, etc.). Advanced tools for
the intelligent processing of this data will give the pa-
tients the opportunity to have a clear picture of their
health status and how their habits influence their blood
glucose profile, at any time and no matter where they are,
and the treating doctors to monitor the health evolution of
a diabetes patient.

Two types of decision support services (DSS) have been
implemented in diabetes care: (1) patient-oriented insulin
advisory DSSs that uses as inputs the diabetes patient
data and addresses patients after insulin regime or using
insulin pumps; and (2) health-care professional DSS,
using as inputs diabetes risk factors (average blood glu-
cose, systolic blood pressure, low-density lipoprotein cho-
lesterol, high-density lipoprotein cholesterol,
triglycerides, smoking etc.) along with bio-information
data to predict medical events risk factors related with
the long-term complications of diabetes mellitus.

4.3. Interoperability

The interoperability of the components of any telemedi-
cine system is essential to ensure that they serve well the
patients and providers and meet their expectations. The
interoperability requirements are even stronger in the
particular case of ubiquitous care and they configure one
of the most important ingredients for the long-term sus-
tainability of any telemedicine service.

Several definitions of interoperability coexist: the IEEE
Dictionary says: ‘‘Interoperability is the ability of two or
more systems or components to exchange information and
to use the information that has been exchanged.’’ CEN/
TC251/N99-097 offers other similar definitions. Here we
focus the interoperability issue not in general as the
interaction and interdependence for any technical element
or part of the telemedicine system, but as the specific
interoperability problems derived from the need for inte-
grating the telemedicine core system with the (external
world) components that completes any telemedicine-based
service. The external world in this specific case of ubiqui-
tous patient care comprises (1) the connectivity with any
user of the shared common workspace; (2) the electronic
health repositories of the information systems the tele-
medicine services have to interact with; and (3) any
monitoring and data capture device required to accom-
plish the needs of patients.

Interoperability is achieved by means of standards
appropriate to the functional and operational require-
ments. However, available telematic standards do not
cover completely the interoperability needs of the teleme-
dicine products and solutions required (36). In other
words, we cannot talk of telemedicine standards. Teleme-
dicine product providers and solution integrators use
guidelines (37), whenever available, and technical stan-
dards developed for various activities, including multi-
media conferencing and data communications, with a
focus on operational and functional requirements, but
they do not really address interoperability.

Telemedicine-specific standards must be developed to
achieve interoperability at the product/solution level. To
advance in this direction, we have suggested the develop-
ment of a set of middleware services to support interoper-
able telemedicine solutions (38). In the specific niche of
ubiquitous care, we identify two main middleware compo-
nents. These telemedicine interoperable products are as
follows: (1) the interoperability multi-access services to
support the connectivity between any agent of the work-
ing space, either the patient, the health professionals, or
any knowledge/data repositories, notably the electronic
health record; and (2) the personal patient intelligent
environment providing transparent connectivity to any
personal data capture device.

The proposed middleware multi-access service provides
the tools to collect and deliver patient-related data to any
user of the shared common workspace and should include
a full range of access technologies, namely, telephone,
mobile phone, fax, Web, and e-mail, to allow users uni-
versal, easy-to-use, online, and cost-effective access to the
collaborative work service and the personal patient en-
vironment services. This component is also in charge of
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the interoperability with the electronic health record and
allows the integrations of the telemedicine services within
the existing information services that support the differ-
ent health-care levels (hospitals, clinical departments,
primary care, home). The services that are defined in a
prior stage are (1) access to clinical images, (2) access to
clinical observations, (3) terminology, (4) identification of
users, and (5) access control to the resources. Those
services should support both the interoperability of sys-
tems compliant with the standards (i.e., HL7 or CEN/
TC251 preENV 13606) and the integration of existing
systems, covering in this way all the heterogeneity that
could appear in the near future where the two types of
systems will coexist.

The middleware for connectivity within the personal
environment should include both biomedical monitoring
devices and any other information access system. It is a
key issue in many implementations of shared care models
involving extra-institutional scenarios, with wireless con-
nectivity being the most convenient solution for most
cases. The proposed architecture adopts an interoperable
personal environment model to enable the integration of
commercial or newly developed devices into the shared
workspace.

5. CONCLUDING REMARKS

Telemedicine is basically, in our view, a discipline that
contributes to the redesign of health services to benefit
from the generic, sector-independent, technology of the
global information society. It makes possible new virtual
environments for cooperation and information sharing
between health professionals and their better informed
patients. It also empowers seamless care, a continuum
from health promotion, through preventive programs, to
patient care, making extensive use of the emerging mobile
multimedia, high-speed, and ubiquitous and pervasive
communication technologies.

Ubiquitous telecare will essentially change the way
health-care delivery takes place. Its main challenge is to
facilitate the move from provider-focused to patient cen-
tered health-care delivery models. However, a much more
fundamental change could be triggered by this technology,
if we view telemedicine not only as an efficient solution to
support the interactions between the actors within a
common working space, but as a main enabler of new
environments where information can be processed and
structured to allow its access, handling, and visualization
in a much more improved fashion. In other words, it is a
movement from integration of information to intelligent
structuring of that information, which could prompt an
essential change of the scope and ambition ahead. From
efficient information handling environments to intelligent
access and dissemination of information environments,
which could make possible case-based scientific-evidence-
supported care delivery model, in short, telemedicine is
envisaged as a key ingredient of a seamless integration of
scientific biomedical knowledge with the electronic health
record within a patient-centered integrated information
system.

Several problems need to be solved to ensure sustain-
ability of telemedicine, which applies to any telemedicine
category of services, including those of our interest here:
the IT-based patient care at any time and place. In
previous sections, we have identified several key issues
that need examining and improving.

Possibly the most critical one is the need for interoper-
ability of the telemedicine solutions. It is a requirement
difficult to fulfill because it implies (1) that the telemedi-
cine services must be clearly defined in terms of their
scope and interrelationships with other health-related
services; thus, a neat outlining of the basic telemedicine
services should be provided, avoiding too broad and com-
plex services; (2) that it has to be based on clinical guide-
lines prepared to enable the transition from current
health care to telemedicine-based care systems, a complex
issue always (14); and (3) that the development of tele-
medicine standards to condition and control the technical
specification of vendors to end with, hopefully, plug-and-
play telemedicine products must be promoted.

Related to telemonitoring, the future is marked by a
clear trend toward ubiquitous and pervasive solutions,
making extensive use of the emergent wireless network at
the personal, local, and wide area levels. Also, the micro/
nanotechnologies, which facilitate new wearable and non-
intrusive sensors, must be included.
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16. M. E. Hernando, E. J. Gómez, A. Garcı́a, and F. del Pozo, A
multi-access server for the virtual management of diabetes.
Proc. ESEM 99 (Fifth Conf. of the European Society for

Engineering and Medicine), 1999: 309–310.

17. R. A. Pauwels, A. S. Buist, P. M. Calverley, C. R. Jenkins, and
S. S. Hurd, Global strategy for the diagnosis, management,
and prevention of chronic obstructive pulmonary disease.
NHLBI/WHO Global Initiative for Chronic Obstructive
Lung Disease (GOLD) Workshop Summary. Am. J. Respir.
Crit. Care Med. 2001; 163(5):1256–1276.

18. S. A. Strassels, D. H. Smith, S. D. Sullivan and P. S. Mahajan,
The costs of treating COPD in the United States. Chest 2001;
119:344–352.

19. C. Hernandez, A. Casas, J. Escarrabill, J. Alonso, J. Puig-
Junoy, E. Farrero, G. Vilagut, B. Collvinent, R. Rodriguez-
Roisin, and J. Roca, Home hospitalization of exacerbated
COPD patients. A randomized controlled trial of clinical
efficacy and costs of services for chronically ill patients. Eur.
Respir. J. 2003; 21(1):58–67.
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Telemedicine is the delivery of medical diagnosis, treat-
ment, and patient care by means of telecommunication,
information technologies, and electronic technologies with
medical expertise. It involves distant exchange of health
information among healthcare providers or between
healthcare providers and patients. The term is the combi-
nation of the prefix tele-, from the Greek root word mean-
ing ‘‘far off,’’ and the word medicine. Therefore,
telemedicine is generally the practice of medicine at a
distance.

Two modes of operation exist for telemedicine: real-
time and store-and-forward. In real-time mode, the infor-
mation, which can be any combination of audio, images,
video, and data, is transmitted to the remote terminal
immediately after acquisition, thus allowing real-time
interaction between patients and healthcare personnel.
As real-time applications involve continuous, time-critical
information exchange, high transmission bandwidths are
often required, resulting in relatively high operation cost.
In store-and-forward mode, the acquired information is
viewed or analyzed at a remote terminal at a later time, so
it is less demanding in bandwidth. Telemedicine is closely
tied with the advance in telecommunication technologies,
and new forms of telemedicine practice emerge whenever
there is technological advance. Disciplines of telemedicine
include (but are not limited to) teleanesthesia, telecardiol-
ogy, teledermatology, teleconsultation, telemonitoring,
home telecare, telepsychiatry, teleneurology, teleradiology,
teleoncology, teleophthalmology, telepathology, and tele-
surgery.

Telemedicine assists in delivering medical services to
remote areas in emergency situations, where no medical
professional is immediately present, and to areas that are
underserved because of uneven distribution of medical
facilities. Telemedicine systems allow resource sharing
between areas and eliminate the need for patients or
healthcare providers to travel. A strong motivation for
telemedicine development is the world’s aging population.
By 2050, the number of persons aged sixty years or older is
projected to be almost two billion (1), and these statistics
indicate that there is an urgent need to allocate more
resources into geriatric health services. The prevalence of
chronic conditions among the elderly is generally higher
than among younger persons. According to estimates, 17
million people around the globe die from cardiovascular
diseases (CVD) each year. CVD contributed to one third of
global deaths in 1999 and is projected to be the leading
cause of death in developing countries by 2010 (2). The
population with hypertension is about 50 million in the
United States and 100 million in China (3,4). Also, ap-
proximately 150 million people have diabetes worldwide,
and this figure is expected to double by 2025 (5). As

diseases in the elderly tend to be chronic rather than
acute, and symptoms tend to be more subtle and vague,
recognition and diagnosis of disease in the elderly requires
a high degree of alertness. Hence, telemedicine applica-
tions, especially home-based teleconsultation and patient
telemonitoring would be useful in healthcare support for
the current and foreseen large population of elderly and
chronic patients.

1. HISTORICAL REVIEW OF TELEMEDICINE

The exact date for the emergence of telemedicine is
unknown. Primitive forms of telemedicine were practiced
hundreds of years ago. Early examples of transmitting
health information at a distance are lepers’ use of bells to
warn others to stay away; the use of bonfires, flags, and
signs to indicate areas infected by plagues during the
Middle Ages; and the sending of urine samples to remote
doctors for diagnosis.

Significant milestones of telemedicine developments
and the emergence of new telemedicine applications in
the past were closely related to technological advances in
telecommunication. In the mid-nineteenth century, tele-
graphy was recognized as a means for providing medical
care. Medical supply orders and casualty lists were trans-
mitted by telegraph during the American Civil War. Cases
involving use of telegraphy for diagnosis and treatment in
Australia were reported in the early 1900s. Services for x-
ray image transmission through telegraph became avail-
able in the United States in the 1920s. The telephone,
introduced in the late nineteenth century, was recognized
as a tool for medical information exchange as early as
1897, when a diagnosis using telephone was reported. The
telephone remained a key technology for medical informa-
tion exchange for more than fifty years. In 1910, a tele-
stethoscope was invented for amplifying the sounds from a
stethoscope and transmitting them through the telephone
network for remote auscultation. The Seaman’s Church
Institute of New York was probably the first organization
to provide medical care using radio communication. The
service has been providing health care to seafarers since
1920.

Some reviews state that reference to telemedicine in
medical literature first appeared in 1950, when an article
described x-ray image transmissions between West Che-
ster and Philadelphia, Pennsylvania over telephone lines
starting in 1948. The first practice of telemedicine is
commonly dated to 1959 in the United States, when Cecil
Wittson et al. initiated a teleeducation and telepsychiatry
program at the Nebraska Psychiatric Institute in Omaha,
where two-way, closed-circuit televisions (CCTVs) were
used to transmit motion visuals, neurological examina-
tions, and other information across campus. Another high-
light was the establishment of a two-way CCTV
connection between the institute and the Norfolk State
Hospital, located 112 miles away, in 1964. The system
demonstrated the use of long-distance interactive video
for speech therapy, neurological examinations, diagnosis
of difficult psychiatric cases, consultations, research semi-
nars, and education. In 1967, a real-time interactive
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audiovisual link between Boston’s Logan International
Airport’s medical station and Massachusetts General
Hospital was established. The system originally provided
medical consultation services to passengers and airport
staff, and was later expanded to include dermatology,
radiology, cardiology, and telepsychiatry services. Devel-
opments of teleradiology systems were reported in Canada
in the 1950s. Among various initial telemedicine programs
designed for rural areas was the Space Technology Ap-
plied to Rural Papago Advanced Health Care (STAR-
PAHC) project, which was supported by the National
Aeronautics and Space Administration (NASA), the U.S.
Public Health Service, and the Lockheed Company, in the
early 1960s. The project provided health-care services to
residents in the Papago Indian reservation in Arizona
using mobile examination rooms, equipped with satellite
communication facilities. NASA involvement developed
from their need to monitor astronauts’ health during
space flights and their studies on effects of space flights
on the human body. STARPAHC, considered as a terres-
trial testbed, lasted for 20 years.

Despite initializations of numerous telemedicine pro-
grams from the 1950s to the 1980s, telemedicine was still
considered at an early stage of development. Wide spread
of low-cost personal computers (PCs) in the 1980s and the
emergences of the Internet and mobile phone services in
the 1990s have lead to tremendous acceleration of tele-
medicine development in the past 10 years. By the mid-
1990s, many had started to explore the Internet and use
mobile telecommunication for medical purposes, for which
bandwidth was sufficient for real-time applications.

2. RADIOLOGY APPLICATIONS

Teleradiology refers to the electronic transmission of radi-
ological images and related information, such as radiolo-
gical reports, patient information, examination requests,
and examination schedules, from one location to another
for the purpose of remote interpretation, diagnosis, and
consultation. Teleradiology has been used since the 1950s;
however, it was not widely practiced until the 1990s, when
the Internet emerged, and when standards and guidelines
for teleradiology became widely accepted.

Teleradiology provides consultative and interpretive
radiological services in underserved rural areas and in
medical facilities that lack on-site radiologist support. As
radiologists sometimes require a second opinion from
other experts for subspecialty radiological support, tele-
radiology facilitates obtaining second opinions. Radiolo-
gists can provide immediate radiological interpretive
services on an on-call basis, because they can have access
to the images and related information even when they are
not at the hospital or clinic. In case of emergency, tele-
radiology can provide timely availability of radiological
images and radiological image interpretation, thus im-
proving emergency service coverage. Teleradiology lowers
health-care costs in the case where an expert center serves
multiple sites to reduce the number of radiologists re-
quired. Efficiency and effectiveness of health-care delivery
can be improved because turnaround time, which is the

cycle time from image acquisition to report completion, is
reduced, and images will not be accidentally lost in
transit. Some of the new clinical applications, such as
preoperative simulation, intraoperative visualization, and
robot surgery planning, can only be performed with the
transfer of digital radiological images.

A teleradiology system performs image acquisition,
transmission, storage, and display. Image acquisition is
performed by a digitizer, which converts conventional
analog film images to digital format for transmission
over a network and for electronic storage. Two common
techniques for film digitization are laser digitizers, which
provide good contrast and spatial resolution, and charged-
coupled devices (CCDs), which are less expensive but offer
lower resolution. Other alternative techniques are compu-
terized radiography (CR), which uses phosphor storage
plates to obtain digital images directly, and frame grab-
bing, which converts the analog output of a digital display,
such as computed tomography (CT), magnetic resonance
imaging (MRI), and ultrasound imaging, to digital images.
Although frame grabbing has the disadvantage of data
loss and the need to adjust window settings, it is still
widely used because of economic considerations. Imaging
systems such as CT and MRI can generate digital output,
but the images are often not in standard format for
transmission, and therefore, digitization and data conver-
sion are sometimes still required. Most current teleradiol-
ogy systems still use a digitizer, although the trend is
moving toward the Digital Imaging and Communication
in Medicine (DICOM) standard. Film digitization will
eventually become obsolete.

Display synchronization between the image acquisition
site and a remote site allows interactive remote image
interpretation, which is desired in real-time teleconsulta-
tions. As a result of large image file sizes (Table 1), many
teleradiology systems compress the images before trans-
mitting them, providing a higher transmission rate and
lower storage requirements. Compression may be lossless
or lossy, and higher degrees of compression can be
achieved with lossy compression. Lossless compression
may be used for primary reporting, whereas lossy com-
pression is mainly used in result communication or image
demonstration. However, there is growing evidence that
lossy compression can also be used without compromising
the diagnostic content of images. The major advanced
lossless techniques are: differential pulse-code modulation
(DPCM), hierarchical interpolation (HINT), difference
pyramid (DP), bit-plane encoding (BPE), and multiplica-
tive autoregression (MAR). Lossy methods that have been
used for medical imaging include techniques based on
linear transforms such as two-dimensional discrete cosine
transform (DCT), full-frame DCT, lapped orthogonal
transform (LOT), and other techniques, such as sub-
band coding, vector quantization, quad trees, and adaptive
predictive coding. After acquisition, images are trans-
mitted via local area network (LAN) or wide area network
(WAN) to a remote site. Images are transmitted either
directly to a workstation or to an image server that can
distribute the images to other workstations. There are
also various new applications and pilot studies that use
other means of communication such as satellite commu-
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nication (Fig. 1), mobile phones, and wireless LAN
(WLAN).

3. PSYCHIATRY APPLICATIONS

As psychiatric consultation is primarily spoken conversa-
tion between consultant, referring therapist, and patient,
it has been the focus of telepsychiatry. Telepsychiatry
applications involve the use of real-time interactive video
connections between two or more consultative parties
using a telematic network. Little clinical interest exists
in the transmission of diagnostic tests or digital images.
The aim of telepsychiatry is to extend psychiatric treat-
ment services to areas that lack expertise. It is often used
to clarify a difficult diagnosis and to give treatment
recommendations for a patient unresponsive to standard
treatments. Other applications are in the area of continu-
ing education by lecture or patient interview.

Starting in the 1950s, Wittson et al. at the Nebraska
Psychiatric Institute used one-way and two-way CCTV for
numerous telepsychiatry pioneer trials. In 1961, they
conducted an experiment in which two groups of patients
were treated by group psychotherapists conventionally
and via closed-circuit video, respectively. The study pro-
vided the first demonstration of the feasibility of two-way
interactive video in group psychiatry treatment. Later, in

1965, Benschoter et al. reported on a closed-circuit, two-
way video link between the same institute and Norfolk
Mental Hospital. The system was found useful in various
applications including consultation on difficult psychiatric
and neurological diagnostic evaluations, evaluation of
speech disorders, speech therapy, remote family visits,
and medical training. A recent example of telepsychiatry
is a program at Oulu University Hospital in Finland,
where videoconferencing facilities and ISDN connections
were used for teaching, occupational supervision, consul-
tations, patient negotiations, and training (8). They found
telepsychiatry feasible for clinical negotiations with peo-
ple in remote areas and cost-effective over the long term.

4. DERMATOLOGY APPLICATIONS

Teledermatology is the delivery of dermatologic care via
telecommunication technologies, computers, and video
equipment. Its goal is to provide dermatologic care to
patients in underserved areas, to improve quality of
care, and to decrease the cost of care by evaluating
patients in their local settings. Teledermatology has
been found useful in clinical settings, such as rural areas,
prisons, nursing homes, and in the military. A dermatol-
ogist practices teledermatology by evaluating clinical and
laboratory data and diagnosing and prescribing therapy
for patients located at a distance. Currently, no standard
defines the optimal system settings for teledermatology,
and both store-and-forward and real-time telemedicine
systems can be used. Many programs use a combination
of both.

In store-and-forward mode, recorded images and rele-
vant data are sent to the dermatologist for reviews at a
later time. In real-time mode, video teleconferencing is
used, allowing live interaction between the dermatologist
and the patient. In either case, a referring health-care
provider is needed at the patient side to help collect
information by taking digital images of lesions, observing
lesions, asking patients questions, and performing diag-
nostic procedures and therapeutic interventions upon the
dermatologist’s request. Dermatoscope and microscope
cameras are additional tools that are used. The disadvan-
tage of the store-and-forward system is that the dermatol-
ogist cannot immediately ask a patient questions derived
from the examination to get historical information. Re-
quests for closeup images to be taken and transmitted is
also not possible. In real-time mode, the dermatologist can
question the patient to gather historical information and
can request views of specific body regions and lesions.
Patients can also ask questions. Real-time videoconferen-
cing systems have shown to be very good for accurately
performing teledermatology, ranging from 54% to 80%
total agreement compared with conventional face-to-face
consultations (9). The medical evaluation in dermatology
includes not only patient history and visual inspection but
also palpation. The limitation of teledermatology is that
the dermatologist cannot touch and palpate skin lesions
directly in order to determine the skin surface character-
istics and to observe the patient’s reaction. Although the

Table 1. Sizes of Some Common Medical Images

One Image
(bits)

Number
of

Images/
Exam One Examination

Nuclear medicine
(NM)

128�128
�12

30–60 1–2 MB

Magnetic
resonance
imaging (MRI)

256�256
�12

60–3000 8 MB up

Ultrasound (US)* 512�512
�8(24)

20–240 5–60 MB

Digital
subtraction
angiography
(DS)

512�512
�8

15–40 4–10 MB

Digital microscopy 512�512
�8

1 0.25 MB

Digital color
microscopy

512�512
�24

1 0.75 MB

Color light images 512�512
�24

4–20 3–15 MB

Computed
tomography
(CT)

512�512
�12

40–3000 20 MB up

Computed/digital
radiography
(CR/DR)

2048�
2048�12

2 16 MB

Digitized x-rays 2048�
2048�12

2 16 MB

Digital
mammography

4000�
5000�12

4 160 MB

*Doppler US with 24-bit color images.

Source: Ref. 6.
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referring health-care provider can help, observation is
subjective.

The pioneering practice of teledermatology emerged in
the early 1970s. Starting in 1972, accuracy of dermatology
diagnosis using bidirectional interactive black and white
and color television was assessed in a pilot program, in
which a link was setup between a medical center at the
Logan International Airport and the Massachusetts Gen-
eral Hospital Telemedicine Center (10). In 1974, a clinical
field trial provided dermatologic consultations from the
Dartmouth-Hitchcock Medical Center to a clinic in a town
30 miles away using a microwave interactive CCTV
system. Dermatologist could make the same diagnosis as
the direct clinical diagnosis in most of the cases.

Current teledermatology uses digital cameras, which
may be attached to a dermatoscope, e-mail for store-and-
forward applications, and teleconferencing systems for
real-time applications. Color calibration of images can be
facilitated by inserting a color chip in the image. Commer-
cially available teledermatology systems have functions
such as e-mail, computer-assisted diagnosis, digital follow-
up of pigmented skin lesions, macroscopical zoom, tele-
conferencing, and color calibration.

5. PATHOLOGY APPLICATIONS

Telepathology is the practice of pathology from a distance
using telecommunication links. Macroscopy or microscopy
images of pathology specimens are acquired at a referring
site and are transmitting to a consulting pathologist, who
renders diagnoses remotely. Telepathology is applicable in
anatomic pathology, which invovles intraoperative frozen
sections, biopsies, cytological smears, and surgical speci-

men, and in clinical pathology, which involves blood bank-
ing and cytogenetics. Currently, telepathology is widely
used for rendering intraoperative frozen section diag-
noses, subspecialty pathology consultation, and training.

A telepathology system consists of a microscopy, digi-
tizing device, local workstation, remote workstation, and a
communication link between the two workstations. In
cases where microscopes do not have digital image output,
a video camera combined with a frame grabber or a digital
camera is needed for converting images to digital format.
These images are then sent from the local workstation to
the remote workstation via telephone line, computer net-
work, or dedicated line.

Two main technical approaches exist for telepathology:
static imaging and dynamic imaging. In static telepathol-
ogy, images are captured at the referring site and are
electronically sent to the consultant pathologist in store-
and-forward mode via e-mail or file transfer tools. At a
later time, the pathologist reviews and analyses the
received images at a remote terminal. Equipment cost
and communication bandwidth requirements are low for
this approach; however, the telepathologist has no choice
of microscopic fields, and must rely on the referring side to
select diagnostically relevant images. A dynamic tele-
pathology system (Fig. 2) provides real-time video imaging
and remote-control capabilities using broadband commu-
nication. While viewing the real-time video, the patholo-
gist can remotely control a motorized, robotic microscope
to adjust focus, regulate light intensity, change magnifica-
tion, and manipulate the specimen stage in lateral and
vertical directions. Images are then captured with the
desired configuration. Therefore, the pathologist is able to
screen a complete side and select adequate areas within
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Figure 1. Schematic diagram of a mobile unit housing spiral CT and satellite telecommunication
equipment. Source: Ref. 7. With kind permission from IEEE (2001).
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the slide. Use of a robotic microscope and real-time video
result in relatively high equipment cost and communica-
tion bandwidth requirements. A pseudodynamic tele-
pathology system combines the two imaging modes by
allowing dynamic sampling at a lower resolution and
static image transfer.

6. PATIENT MONITORING APPLICATIONS

Patient telemonitoring is the acquisition, transmission,
storage, and analysis of repeated data on a patient’s
physiological condition using a combination of monitoring
devices and telecommunication technologies. Patient tele-
monitoring allows health-care professionals to remotely
keep track of a certain aspects of a patient’s health status,
and thereby provide timely medical advice and treatments
if needed. Patient telemonitoring may be performed
manually, in which case a patient must first operate a
monitoring device to acquire the physiological data and
then transmit the data through a telecommunication link,
or automatically, in which case the monitoring is entirely
automated by using sensors that are attached to a pa-
tient’s body or installed in the vicinity of a patient. In
order to monitor different diagnostic information, various
monitoring devices, such as a vital signs monitor, a blood
pressure meter, an electrocardiogram (ECG) recorder, a
heart rate monitor, a temperature monitor, a spirometer, a
blood glucose monitor, and a digital stethoscope, are used.
Other sensors, such as position and movement sensors,
are sometimes used additionally. Patient telemonitoring is
used in a wide range of applications, including critical care
in the hospital, long-term home telecare, and physiological
monitoring in isolated, extreme areas. Current trends
suggest an increasing need for home-use telemonitoring,
particularly for the elderly and for chronic patients.

Home telecare is the delivery of medical services to
patients in their own homes by means of telecommunica-
tion. These services include patient education, compliance
reminders, social support, teleconsultation, and patient

telemonitoring. Home telecare is especially important for
patients with long-term chronic conditions, such as cardi-
ovascular diseases, chronic obstructive pulmonary dis-
eases, diabetes, mental illness, and disability, for
patients recently discharged from the hospital, and for
the elderly. These users have limited freedom of move-
ment and are usually restricted to their homes. The
advantages of home telecare include:

* Patients’ easy access to health-care services;
* More frequent social and clinical interaction between
patients and health-care providers;

* Reduction in the frequency of travel by physicians or
patients;

* Reduction in costs, particularly cost of prolonged
hospital stays;

* Reduction in the need for clinical intervention or
hospitalization in some cases; and

* Extension of medical services to populations in rural
areas.

Benefits that result specifically from patient monitoring
applications in home telecare are:

* More timely interventions by medical staff;
* Remote care for specific medical conditions;
* Early detection of potential health problems; and
* Avoidance of measurement-interfering effects such as
‘‘white coat’’-induced hypertension.

Home telecare allows patients to carry out their normal
daily activities at home, thus improving their quality of
life. Various randomized trials have shown that patient
telemonitoring at home can help improve the condition of
home-based patients with chronic diseases. Some common
monitoring devices available for home telecare are tele-
alarms, transtelephonic ECG system, wireless ECG sys-
tem, Holter monitor, heart rate monitor, blood pressure
meter, pulse oximeter, glucose level monitor, spirometer,
temperature monitor, and infusion pump monitor. Two
major technical challenges for monitoring patients at
home instead of in the hospital is to provide user-friendly
interface for measurement and to ensure reliability of the
acquired data.

Generally, a patient telemonitoring system for home
telecare consists of a central monitoring server, where the
monitored data are stored and analyzed by medical pro-
fessionals; a home unit, which acquires the physiological
parameters and transmits them to the central monitoring
server; and a communication link, which can be a compu-
ter network, wireless network, or public switch telephone
network (PSTN), between the home unit and the central
monitoring server. Parameter acquisition, either manual
or automatic, is performed directly at the home unit, or at
a module that interfaces to the home unit via a wired or a
wireless short-range connection.

In the case where patient telemonitoring is performed
actively, measurement methods should not be too complex
for patients to perform. For example, Morlion et al.
reported on a system for medical monitoring and assis-

Figure 2. The physical appearance of a system used for dynamic
telepathology. Source: Ref. 11 . With kind permission of Springer
Science and Business Media.
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tance of respiratory patients at home (12). A portable
spirometer, attached to a PC and a television set, recorded
flow-volume and volume-time curves. During each mea-
surement, the patient had to perform both forced expira-
tory and forced inspiratory maneuvers. The system then
automatically recorded the measurement, date, and time.
Using a modem and a medical messaging system, the data
were transmitted via PSTN to a hospital, where they were
stored in a database. Commercial products with telemo-
nitoring respiratory functions are available (Fig. 3). Steel
et al. performed a feasibility study of remote monitoring of
asthmatic patients at home (14). Patients performed
spirometric maneuvers on commercially available asthma
monitors equipped with modems, from which the data
were sent to PCs at two clinical centers, where graphical
reports on peak expiratory flow rate, forced expired vo-
lume in one second (FEV1), and forced vital capacity
(FVC) were derived by software. Various ECG and blood
pressure telemonitoring systems with similar system
architecture and concept of operation also exist.

Diabetic patients need regular monitoring in order to
minimize long-term complications. An effort in telemoni-
toring patients’ blood glucose level at home was the
Project T-IDDM (Telematic Management of Insulin-De-
pendent Diabetes Mellitus), in which a web-based tele-
medicine system consisted of a medical unit (MU) and
patient units (PUs) located at a clinic and at patients’
homes, respectively (15). The PU collected data from a
blood glucose level measuring instrument connected to a
PC via an RS-232 port, and sent the data to the MU for
data analysis via PSTN. Diabetes control can be improved
by additional monitoring of a patient’s diet. For example,
Tsang et al. conducted a study on diabetes control with a
monitoring system based on a hand-held electronic diary,
and found significant improvement in glycaemic control
(16). The patients recorded information about their meal
portions and blood glucose readings in a handheld electro-
nic diary. After transmitting the data to a diabetes mon-

itoring system (DMS) through a telephone modem, the
patients received immediate feedback about the carbohy-
drate, protein, and fat content of the meal, as well as the
calorie content. Another interesting telemonitoring appli-
cation, which requires patient’s active operation, is dom-
iciliary fetal monitoring (DFM) and midwifery support. In
a study, cardiotocograms (CTGs) recorded at home were
transmitted to a central computer station through tele-
phone modems (17).

Personal response systems are widely used by the
elderly living alone. Such a system consists of a special
telephone that can be activated by the user remotely using
a body-worn transmitter. In an emergency, the user
presses the transmitter button to send a signal to the
telephone, which in turn opens a voice channel to a
response center, where a trained operator can speak to
the client and arrange for immediate assistance. These
‘‘tele-alarms’’ are only activated by the user and, thus,
provide limited scope of monitoring. To overcome this
limitation, several groups have researched automated,
remote monitoring of movement and behavior. One area
of research is fall detection, in which a sensor unit,
consisting of tilt switch, accelerometer, microcontroller,
and telemetry module, is worn by a patient at home. Once
falling of the patient is detected, a radio-frequency (RF)
signal is sent to a home station, which activates an alarm.
In addition, pyroelectric infrared sensors and magnetic
switches can be used in movement detection and detection
of door and furniture use, respectively. Signals from these
sensors are also transmitted to a home station, which in
turn connects via dedicated telephone line to a central
server. A Japanese group has investigated alternative
ways to acquire and monitor physiological signals at
home (18,19). They have developed a temperature sensor
bed sheet for the measurement of body temperature and
detection of movement on the bed, a method for obtaining
an ECG signal and thoracic displacement using conduc-
tive textile electrodes in bed, and a method for monitoring
the ECG of a patient in the bathtub with electrodes placed
on the inside walls of a bathtub. Load sensors were
integrated into a toilet to serve as a scale to record weight.
Monitored data were routed to a master controller.

A common way for automatic, continuous monitoring of
physiological signals at home is by means of body-worn
sensors. Traditional Holter monitors are used to record
ambulatory biopotentials and other signals; however, data
are only recorded in the local memory of the device and
must be retrieved after the monitoring session has ended.
The recording period is limited to 1–2 days because of the
limited size of on-board memory. By adding wireless
capability to existing physiological monitors, data can be
sent to a home station for relaying to remote terminals for
real-time retrieval. For example, Bai et al., from Tsinghua
University, developed a portable ECG and blood telemo-
nitoring system, consisting of a PC-based home monitor
and a workstation monitoring center at the hospital (20).
A portable three-lead ECG detector transmitted the ECG
data wirelessly to the home monitor, where an arrhythmia
analysis algorithm was run. If an abnormality was de-
tected, data was transmitted to the monitoring center over
PSTN. Andrews et al. also reported trials of wireless

Figure 3. A portable spirometer connected to a notebook com-
puter for monitoring chronic respiratory patients. Source: Ref. 13
. With kind permission from RSM (2000).
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continuous cardiorespiratory monitoring for diagnosis and
management of patients with congestive heart failure at
home (21). Many emerging approaches integrate biomedi-
cal sensors and wireless telemetry into a miniature mod-
ule to provide improved mobility and ‘‘wearability.’’ For
example, a group at the Massachusetts Institute of Tech-
nology has developed a miniaturized ring sensor that
performed both Photoplethysmography (PPG) acquisition
and wireless RF transmission of the signal to a household
network (22). The ring contained a PPG sensor, a minia-
ture computer, a power supply, a flash memory, and an RF
transceiver. Integrated wireless sensors for transmitting
phonocardiogram, ECG, electroencephalogram (EEG),
SpO2, blood pressure, pH level, and temperature have
been reported. An interesting project is the Georgia Tech
Wearable Motherboard (GTWM). Firoozbakhsh et al. de-
veloped a working prototype with which ECG was trans-
mitted from the GTWM to the Internet across a WLAN
connection (23).

A current trend in telecommunications is the conver-
gence of wireless communication and computer network
technologies. Emergence of Wireless Application Protocol
(WAP) devices is an example. Hung and Zhang have
implemented a WAP-based telemedicine system for pa-
tient monitoring (24) that uses WAP devices as mobile
access terminals for general inquiry and patient monitor-
ing services. Authorized users could browse the patients’
general data, monitored blood pressure, and ECG on WAP
devices in store-and-forward mode. A relational database
system stored the BP readings, ECG data, patient records,
clinic and hospital information, and doctors’ appointments
with patients. Awireless ECG subsystem (Fig. 4) was built
for recording ambulatory ECG in an indoor environment
and for storing ECG data into the database. The system
was tested with aWAP phone operating at GSM 1800MHz
by circuit-switched data (CSD) in Hong Kong. Data were
successfully retrieved from the database and displayed on
the WAP phone (Fig. 5).

Patients under coronary care are bedridden, so port-
ability of monitoring devices is not a prime priority.
Telemonitoring of these patients is usually done by con-
necting existing bedside monitors to the hospital network,
which is then accessed by a remote terminal, which may
be fixed or portable. A system developed by Park et al.
demonstrated Internet-based, real-time monitoring of vi-
tal signs, such as ECG, respiration, temperature, SpO2,
invasive blood pressure, and noninvasive blood pressure
(25). It could generate alarms when critical situations

were detected. An additional function was teleconferen-
cing between patients and physicians.

Several groups have initiated similar projects with
PDA platforms (Fig. 6) (26,27). One application, developed
by Nelwan et al., allowed remote access to near real-time
physiological information from coronary care unit (CCU)
patient monitors on a personal digital assistant (PDA)
(26). Up to six waveforms, including multilead ECG, EEG,
blood pressure, respiratory, and ventilator curves, could be
displayed on the PDA continuously. The system was
designed for both in-hospital use and off-site consultancy
by physicians. A PDA in the hospital could connect to the
system using WLAN, whereas wireless connectivity out-
side of the hospital was enabled by attaching a cellular
communication module to the PDA. The system also
communicated with the hospital paging system, which
was modified to support messaging to PDA devices.

7. SURGERY APPLICATIONS

Telesurgery is a comparatively new field in telemedicine.
Two main areas of telesurgery exist: telementoring and
telepresence surgery. Telementoring is used when sur-
geons need additional intraoperative consultation and
guidance from distant surgeons or specialists. Telementor-
ing has also been used in tele-education for medical
students. In telementoring, one or several teleconference
links are established between an operating site and
remote sites. The types of real-time images can include
not only those for teleconference conversation, but also
images of operative fields and computer model images.
Thus, the remote parties are provided with comprehensive
real-time information, allowing them to give guidance to
the surgeons. As multiple real-time video images and
audio are exchanged between sites, the bandwidth re-
quired for telementoring is high. ISDN and ATM connec-
tions, along with video compression techniques, are often
used in telementoring.

Content
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Figure 4. Wireless ECG subsystem for a WAP-based telemedi-
cine system for patient monitoring.

Figure 5. Display of ECG on a WAP phone.
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A surgeon performs telepresence surgery by operating
on a patient remotely using a telepresence surgery sys-
tem, which consists of a telepresence workstation, a
remote surgical unit (RSU), and a telecommunication
connection between the workstation and the surgical
unit (Fig. 7). A surgeon at the workstation controls
hand-operated master manipulators. Detected hand mo-
tion is converted to electronic signals and transmitted to
the RSU, where slave manipulators reproduce the motions
to operate on the actual patient. The slave manipulators
have interchangeable parts, including forceps, needle
drivers, graspers, scalpels, and cautery tips, for different
functions. During surgery, microphones and cameras at
the operation site pick up sounds and images, respectively,
and force and tactile sensors embedded in the slave
manipulators pick up force feedback signals. This sensory
information is relayed to the workstation in real time, so
the surgeon can intuitively respond to the feedback in-
formation during surgery, as if he or she is actually
performing surgery directly on the patient. The feedback
force and tactile information are conveyed to the surgeon
as resistance forces at the master manipulators.

Telepresence surgery can provide surgical treatment to
patients living in isolated rural areas, aboard ships, or
injured on a battlefield, and can also be used in the
training of medical students. Surgeons can remotely par-

ticipate in surgeries at local clinics, inaccessible areas, and
hazardous locations. When the workstation is not con-
nected to the RSU, it can be used for practice to prepare for
an operation on a difficult case. The surgeon can practice
on a virtual patient computer model, created from the
patient’s image database. Other advantages of telepre-
sence surgery are its capability to scale down surgeons’
motions and forces to perform microscopic anatomy, re-
duction of the surgeon’s hands tremor, and elimination of
the hand-eye coordination problem and dexterity problem
in conventional laparoscopy. Microsurgical procedures,
such as vascular repair and laser retinal surgery, can be
effectively performed with telepresence surgery.

In the early 1990s, Green et al., at SRI International,
developed a telepresence surgery system that returned to
the surgeon stereographic vision, dexterity, and sense of
touch that was lost during laparoscopic surgery. (29). The
second-generation system (SRI Telesurgical System) was
used in the demonstration of gastrostomy and closure,
gastric resection, bowel anastomosis, liver laceration su-
ture, liver lobe resection, splenectomy, aortic graft repla-
cement, and arteriotomy repair. Telepresence surgery on
the battlefield contributes mainly in stabilizing the
wounded in need of immediate surgery. The wounded
would be transferred to a mobile surgical vehicle, and a
telepresence surgeon would carry out the surgical proce-
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Figure 6. Components of a system for intelli-
gent telemonitoring of critical care patients.
Source: Ref. 27 . With kind permission from
IEEE (1999).
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dures. This concept was demonstrated by Green et al. in
1993 with a life-like mannequin and RSU placed in a
transportable operating room, and a surgeon in a tent
situated 30 meters away (28). Later in 1995, they per-
formed similar demonstrations on animals and used a 5-
km wireless transmission link between the vehicle and
tent.

Joint efforts of the Institute for Research into Cancer of
the Digestive System (IRCAD), France Telecom, and
Computer Motion resulted in the first transatlantic surgi-
cal intervention performed on a human, which took place
in 2001 (30). Led by Jacques Marescaux, the team per-
formed laparoscopic cholecystectomy on a 68-year-old
female situated in Strasbourg, France, while the surgeon
was in New York City. The operation lasted 45minutes.
The ZeusTM robotic surgical system and ATM networks
were used. At the RSU, two robotic arms, controlled by the
surgeon’s hands, manipulated instruments, and a third
arm, which was voice-controlled, controlled the endoscope.

8. TELEMEDICINE USING MOBILE COMMUNICATION
TECHNOLOGIES

Advances in wireless communication and mobile comput-
ing have stimulated numerous researches and develop-
ments in mobile telemedicine applications. These
applications are becoming more feasible as technologies
improve. As telemedicine is no longer used only in sta-
tionary locations, mobility is becoming a trend. In many
cases, the patient or medical staff are often not in the
hospital, and telemedicine, based on mobile communica-
tion, acts as a bridge between the two parties. Mobile
telemedicine has also been used in emergencies, where
immediate attention and consultation were needed.

Modems for cellular data transmission became avail-
able in the 1990s. A study in 1995 presented the possibility
of wireless teleradiology with these wireless modems (31).
CT and x-ray image files were scanned and stored in a PC,
where they were then sent to a remote portable notebook

via a cellular modem. Many GSM phones now have built-
in traffic-channel modems. Via a local cable, infrared, or
BluetoothTM link to a phone, a notebook computer or a
PDA can wirelessly connect to the Internet. A phone
equipped with a browser application can also access the
Internet itself. Giovas et al. investigated the feasibility of
store-and-forward ECG transmission from a moving am-
bulance to a hospital-based station for prearrival diagno-
sis (32). An ambulance was equipped with an ECG
recorder connected to a notebook computer coupled to a
GSM telephone via a PCMCIA data card. Curry and
Harrop tested a telemedicine ambulance installed with
three cameras and a transmitting module, which was also
based on a GSM phone data connection (33). A frame of
the digitized video was sent to the hospital every 4
seconds. These pictures were received and displayed on
a PC at the A&E Department. In the AMBULANCE
project, Pavlopoulos et al. developed a portable emergency
telemedicine device that supported real-time transmission
of critical biosignals as well as still images of the patients
(34). The mobile station consisted of a notebook computer
with a CCD camera, a GSM modem, and a biosignal
monitor. Through TCP/IP over GSM and with a data
rate of 9.6 Kbps, three-lead ECG, blood pressure, oxygen
saturation, heart rate, temperature, and still images were
transmitted from the mobile station to the hospital con-
sultation unit. In 1998, Reponen et al. demonstrated CT
examinations on a remote notebook computer that wire-
lessly connected to a computer network via a GSM cellular
phone. Two years later, they carried out similar tests with
a GSM-based wireless PDA (35).

Third-generation (36) wireless cellular systems will
offer sufficient bandwidth for the transfer of real-time
images. Some of the numerous ongoing telemedicine
projects based on the 3G technologies are MobiHealth,
MOEBIUS, Mobi-Dev, HEALTHMATE, and OTELO (36).
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Figure 7. Schematic of a telepresence sur-
gery system. Source: Ref. 28 . With kind
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9. STANDARDS

Digital Imaging and Communication in Medicine (DI-
COM) is a comprehensive standard for the communication
of medical images and associated information among
medical imaging devices. DICOM defines information
objects, including data dictionaries and data formats,
and services, including a high-level communication proto-
col usually based on the TCP/IP protocol. The standard
specifies levels of conformance and how devices should
react to commands and data being exchanged. DICOM is a
result of the combined efforts of the American College of
Radiology (ACR) and the National Electrical Manufac-
turers Association (NEMA). These two parties formed a
joint committee in 1983. ACR-NEMA standards publica-
tion No. 300-1985 (version 1) and No. 300-1988 (version 2)
were released in 1985 and 1988, respectively. Most of the
promise of a standard method of communicating digital
image information was not realized until DICOM (version
3) was published in 1993. DICOM also defines information
objects for patients, studies, reports, and other data
groups. Services that use TCP/IP are included, allowing
imaging equipment to establish network and point-to-
point connections. Relatively new features in DICOM
are wavelet compression and data encryption.

Health Level Seven (HL7), an ANSI-accredited Stan-
dards Developing Organizations, has spent much effort in
developing a standard that defines a set of communication
protocols for exchange of clinical, administrative, and
financial information among hospitals, government agen-
cies, laboratories, and other parties. The Medical Informa-
tion Bus (MIB), formally called the IEEE 1073 Standard
for Medical Device Communications, is a data communi-
cation standard for bedside patient-connected medical
devices, such as infusion pumps, ventilators, and ECG
recorders, in acute care settings. It aims to provide
transparent plug-and-play interoperability. A device con-
forming to IEEE 1073 will be able to be related to a specific
patient and to be uniquely identifiable. It also supports
internetworking, LAN access, HL7 interoperability, re-
mote control, and a wide range of topologies.
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1. INTRODUCTION

Ever since the description of monaural stethoscope by the
French Physician R. T. H. Laënnec in 1819, technology’s
role in assisting clinicians in their noble endeavors has
been progressively increasing. In less than two centuries,
technological contributions have succeeded in transform-
ing the realm of medicine into a domain with supernatural
supremacy. Three technological developments, in particu-
lar, the invention of the telephone in 1876 by Graham Bell;
discovery of X-rays by Roentgen in 1895; and Julius
Edgar’s concept of a semiconductor transistor in 1926,
have propelled innovation in medicine, too. Medical spe-
cialties like radiology and pathology are direct outcomes of
such technological pathways. Clinical advancements like
telemedicine and robotic surgery, too, are descendants of
similar technologies. We can say that the semiconductor
transistor is to robotics as telephony is to telemedicine.

Telesurgery is the application of telemedicine in the
course of a surgical procedure. It enables a surgeon to
provide his or her expertise over a distance; the distance
could be minimal or virtually cosmic. On the patient side,
a sophisticated robotic system interprets directions from
the distant surgeon and executes them with the help of
local computers and robots. Depending on the configura-
tion, this novel computer-assisted robotic surgical proce-
dure (involving real cutting and sewing) can be performed
by a local or a remote surgeon. When the surgeon is
remotely located, robotic instruments on the patient end
are controlled by commands in the form of signals and
data that travel through an efficient broadband commu-
nications channel. Hence, in telesurgery, surgical proce-
dures (primarily robotic) blend with other three
traditional constituents of telemedicine, namely, informa-
tion and communications technologies, distance between
the participants, and the medical expertise.

Applications of telesurgery, sometimes designated as
teleoperation (1) are being tried for endoscopic (gastro-
intestinal), laparoscopic (abdominal), and a few microsur-
gical (neurological and ophthalmic) procedures. The
world’s first intercontinental teleoperation, a laparoscopic
adrenalectomy, was performed between the United States
and Austria in 1997 (2). This teleoperation was performed
on an experimental animal. ‘‘Operation Lindberg’’ in 2001
was the world’s first telesurgery performed on a human.
This surgery was performed by a surgeon in New York on
a 68-year-old female patient in Strasbourg, France, i.e.,
physically over 7000 km apart (3). Operation Lindberg
was a robot-assisted laparoscopic cholecystectomy and
was performed with the help of a robotic system called
ZEUS (rights owned by Intuitive Surgical, California).
The robotic system was split into two subsystems: one
each for the surgeon side and patient side. These two

subsystems communicated with each other using asyn-
chronous transfer mode (ATM) link. Currently, IP VPN
(Internet Protocol Virtual Private Network), a commer-
cially available networking technology, is being used
satisfactorily for routine remote telesurgeries (4) in Ca-
nada. Broadly, the objectives of telesurgery can be listed as

1. To enhance precision, safety, and reliability in sur-
gical procedures.

2. To enable specialist surgeons to assist, monitor,
educate, and train distant surgeons.

3. To provide surgical expertise to isolated and remote
patients (including those in space and underwater)
during traumatic as well as generic procedures.

At present, costs, legal issues, and qualitative concerns
with respect to broadband communications are refraining
widespread application of long-distance telesurgery. Until
these issues are resolved in entirety, it shall be unreason-
able to expect remote telesurgery performing as main-
stream medicine.

2. BACKGROUND

Surgery has been traditionally classified into four major
categories. They are

1. Reparative surgery

2. Extirpative surgery

3. Reconstructive surgery

4. Replacement surgery

Basic surgeries like wound closure, etc., are termed as
reparative surgery. These surgeries are targeted toward
faster healing and prevention of infection. Extirpative
surgery is the second category of surgery, which involves
removal of diseased or malignant tissues or organs. The
third category is reconstructive surgery, which revolves
around procedures like plastic surgery and orthopedic
surgeries and also involves replacing an affected tissue
from the same patient or with artificial ones. Organ
transplantation is the fourth category called replacement
surgery and it entails replacing the damaged organs with
the donated ones. The basic form of surgery in the shape of
surgical circumcisions have been in practice in Egypt
since 2500 B.C. Way back in 2000 B.C., Hindu surgeons in
India were reported to be using their traditional form of
medicine called Ayurveda for performing plastic surgeries,
curing bone fractures, etc. The Greek physician Hippo-
crates, in the 4th century B.C., had developed techniques
for performing reconstructive surgeries by treating skull
injuries and bone fractures. Earliest records about sur-
geries by Guy de Chauliac, a French surgeon, date back to
1316 (63). Use of anesthesia during surgeries (1830s) and
invention of X-rays (1895) followed by the discovery of
blood groups in the early 20th century paved the way for
presentday surgeries. Of late, advances in technologies
like computing, artificial intelligence, and control engi-
neering have enabled development of robots with intelli-
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gence, pattern recognition capabilities, and precision bet-
ter than human operators. Hence, for their greater dimen-
sional spatial accuracy, reliability, and repeatability and
finally higher precision, robots have been introduced in
medicine, too. Besides contributing in laboratories to carry
out tests, patient handling, and rehabilitation applica-
tions, robots have been performing in operating rooms
for almost two decades now. In surgeries, robots act as an
interface between the surgeons and the patients. The
surgeon’s hand and wrist movements, i.e., dexterous
manipulations, are seamlessly translated into accurate
and efficient movements by these intervening robots. Tools
like neuronavigators, stereotactic localizers, and robotic
assistants have been extensively used for quite some time
(6). Encouraging results in neurology and orthopedics (7)
paved the way for robotic surgeries in ophthalmology (8),
radiosurgery (9), cardiology (10), urology (11,12), and
maxillofacial surgery (13).

Endoscopy—a technique that promises reduced
trauma, lesser cosmetic deterioration, shorter stays in
hospitals for patients, too—opened up for robotics. In
1994, for the first time a robotic arm was used in endo-
scopy. Since then robotics is being encouragingly applied
in urological surgical procedures. The applications include
transurethral prostatectomy, percutaneous renal access,
and general laparoscopic robotic assistance. Although
endoscopic procedures presently cannot be applied to all
surgical procedures mainly because laparoscopic techni-
ques like suturing or ligation are yet to be excelled
skillfully and technologically, robotics have strengthened
many surgical procedures by increasing the surgeon’s
dexterity and precision. Table 1 lists robotic surgeries
being performed in various specialties of medicine. Some
of these surgeries have the potential of being transformed
into telesurgeries.

Following successful experiments with localized robotic
surgeries, the concept was perceived to be extended to
remote surgery applications by the U.S. Department of
Defense. The idea was to enable surgeries on wounded
soldiers on the battlefield by surgeons at remote locations
(14). Advances in data compression techniques and net-
working technologies ensuring end-to-end quality of ser-
vice for communicating heavy data in realtime may in the
near future facilitate surgeries as envisioned by the U.S.
Department of Defense. Rapid evolution in the field of
robotics, virtual reality, haptics, and surgical simulation
techniques have facilitated feasibility of telesurgery with
telementoring, telepresence, and telerobotics as its per-
spectives.

3. TELEMENTORING, TELEPRESENCE, AND TELEROBOTICS

Telesurgery can be classified into three primary forms:
telementoring, telepresence, and telerobotics (Fig. 1).

3.1. Telementoring

Telementoring (15–17) enables a remote specialist surgeon
to guide and/or monitor surgeon(s) actually performing
the surgery at a remote patient end. As a teaching tool,
telementoring is a two-way interactive technique where

the student and the mentor are at different places. Tele-
mentoring addresses issues pertaining to time and costs
with respect to the propagation of the latest surgical
developments by facilitating training sessions by an ex-
perienced surgeon at a distance. This prevents both the
surgeon and the student from spending time in traveling.
Telementoring is being widely used in minimally invasive
surgeries. On numerous instances the cases have been
internationally telementored in countries including Aus-
tria, Brazil, Italy, Japan, Thailand, and the United States
(59–62).

Teleproctoring and teleaccreditation—extensions of tel-
ementoring—involve educational or professional assess-
ment techniques for documentation and granting
privileges. Surgical simulation is another application of
telementoring that involves providing Internet-based sur-
gical education (18).

3.2. Telepresence

Telepresence, as applied in telesurgery, illustrates sur-
geries performed by a surgeon without seeing or touching
the patient directly. The concept of telepresence surgery
was first described by Satava and Green (19). Technology
of telepresence creates an illusion for the surgeon, giving
him or her a feel of a complete immersion into another
environment, which could be real or synthetic. Meticu-
lously designed, sophisticated devices like telemanipula-
tors have been instrumental in realizing telepresence.
Telemanipulation has been taken up in detail in a sepa-
rate section later in this chapter. Virtual reality is a key
technology that enables recreation of an illusion of the real
environment by conveying sensory feedbacks like sight,
haptic, and acoustic. Experimentally, telepresence trauma
surgeries started with organ excision, vascular recon-
struction, suturing, and knot tying on animals (20,21).
The first laparoscopic cholecystectomy based on telepre-
sence on a patient was performed in 1998 with the help of
a surgical system developed by Intuitive Surgical Inc. of
California, USA (22).

3.3. Telerobotics

Telerobotics is an application of robotic surgery where a
surgeon performs the surgery with the help of a surgical
robotic system, locally or remotely. These surgical robots
are based on two mechanisms—passive and active. In case
of a passive mechanism, physical motion to manipulate
the surgical tool is provided by the surgeon. In an active
mechanism, the motion is provided with the help of
computers that the surgeons program and monitor.
When the robotic system is controlled by the surgeon
from long distances, through a communications channel,
the process is termed remote telerobotic surgery. Presently,
telesurgery has a range of applications in robotic micro-
surgery (24).

Minimally invasive surgery (also called key-hole sur-
gery), performed by using master–slave manipulators, is
one form of a telerobotic microsurgery. In this case the
surgeon operates by viewing the image captured through
a camera that is inserted into the patient’s body through
incisions around 1 cm in diameter.
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Table 1. Medical Specializations and Corresponding
Robotic Surgeries

Disease Operation

I. Cardiac Surgery
Coronary artery disease IMA harvest

Beating heart TECAB (single
vessel)

Arrested heart TECAB (single and
multiple vessel)

Sternotomy LIMA–LAD
Multivessel small thoracotomy

bypass
Mitral valve disease Mitral valve repair

Mitral valve replacement
Pericardial fluid
Pericardial window

Dilated cardiomyopathy
(DCM)

Epicardial lead placement for Bi-V
pacing

Aortic ring Aortic ring dissection
Atrial septal defect (ASD) Atrial septal defect repair
Aortic coarctation Resection and reconstruction

II. General Surgery
Esophagus
GERD Nissen fundoplication
Esophageal achalasia Heller myotomy
Esophageal cancer Esophagectomy
Esophageal mass Esophageal mass enucleation

Stomach
Gastric cancer Gastric bypass

Gastrectomy
Gastric jejunostomy
Gastric resection

Colo-rectal
Colon cancer Hemi-colectomy

Colon resection
Sigmoidectomy

Rectal cancer Low anterior resection (LAR)
Rectal tumor Rectal tumor ablation
Rectal prolapse Rectopexy
Appendicitis Appendectomy

Hepato-Biliary-Pancreas
Cholelithiasis Cholecystectomy
Pancreas cancer Pancreaticoduodenostomy (PD)
ITP Splenectomy

Others
Lymph node metastasis Lymph node dissection
Inguinal hernia Herniorrhaphy
Acute abdomen Diagnostic laparoscopy
Arteriosclerosis

obliteration (ASO)
Illeo-femoral bypass

Aorto-femoral bypass
Painful disc disruption

(PDD)
Anterior lumbar interbody fusion

(ALIF)

III. Gynecology
Uterine
Uterus cancer Hysterectomy

Ovary
Ovarian transposition

Table 1 Continued

Disease Operation

Patients who are to
undergo pelvic radiation

Patients who underwent a
previous tubal ligation

Tubal reanastomosis

IV. Pediatric Surgery
Gastrointestinal
Gastroesophageal reflux

disease (GERD)
Pyeloplasty Nissen

Hirschsprung disease Colectomy

Hepato-biliary
Cholelithiasis Cholecystectomy
Idiopathic

thrombocytopenic
purpura (ITP)

Splenectromy

Urology
Multicysplastic kidney

(MCK)
Nephrectomy

Vesicoureteral reflux
(VUR)

Ureter neocystostomy

Ureter implant
MCK, megaureter Ureterectomy
Adrenal cancer Adrenalectomy
Undescended testis Orchiopexy
Urinary incontinence Bladder neck suspension

V. Respiratory and Mediastinum Surgery
Thymoma Thymectomy

Lung cancer Wedge resection
Lobectomy

Upper limb hyperhidrosis Sympathectomy

VI. Urology Surgery
Kidney
Renal ptosis/floating

kidney
Nephropexy

Renal failure Donor nephrectomy
Renal cyst Renal cystecomy
Renal cancer Nephrectomy

Vasovasostomy
Adrenal gland
Adrenal adenoma Adrenalectomy

Ureter
Ureteropelvic junction

(UPJ) stenosis
Pyeloplasty

Uninary bladder cancer Pelvic lymphadenectomy
Ureterovesical junction

(UVJ) stenosis
Ureteroplasty

Ureteral cancer Ureteroureterostomy
Urethral implant
Ureterectomy

Urinary bladder
Atrophic bladder,

neurogenic bladder
Bladder augmentation

Urinary incontinence Bladder neck suspension

Prostate
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4. TELEROBOTIC SYSTEMS

Robotics has been able to post minimally invasive sur-
geries to a minimal level of operating time, trauma, risk,
hospital stays, enhancing accuracy, and eventually in-
creasing success rates. Capabilities to acquire, handle,
and process large volumes of data and images have
enabled these telerobotic systems to enhance overall
performance of complicated surgical interventions. Key
themes addressed by telerobotic systems (in case of surgi-
cal procedures) are (25)

1. Enhanced dexterity—by filtering the human tremor
besides increasing precision.

2. Ergonomics—to overcome human anatomy’s short-
comings like the inability of human hand to rotate
360 degrees.

3. Image guidance—to enable the surgeon to reach a
particular desired spot as depicted by imaging mod-
alities.

4. Robotic augmentation—in certain applications, the
arm controlling camera movements is maneuvered
by the surgeon’s voice.

5. Data transmission—to enable reliable and fast con-
nectivity between surgeon’s commands, performing
tools, and the imaging systems.

Above-listed themes facilitate surgeries by (26)

1. Elimination of mirror effect through an intuitive
translation of the instrument handle-to-tip move-
ment

2. Scaling

3. Tremor filtering

4. Coaxial alignment of eyes, hand, and tool-tip image

5. An extended internal articulation at the endoscopic
wrist providing an additional degree of freedom

While the concept of telesurgery is intriguing and
emerging, technological impediments like costs, legalities,
availability, and dependence with respect to broadband
communications are limiting widespread use of this prac-
tical possibility in the immediate future. But these limita-
tions have not been able to restrict researchers, engineers,
and clinicians who are making significant strides by
trying this futuristic technology in diverse situations
and conditions. Agencies like NASA and the Canadian
Space Agency are jointly working on an expedition called
NEEMO 7 (NASA Extreme Environment Mission Opera-
tions) to test the technology of telesurgery by using
wireless communications for applications in space and
undersea (64).

5. TELEMANIPULATION

Telesurgery is performed by creating a telepresence en-
vironment (Fig. 2) whereby, a surgeon can interact with
local or remote patients (28). Initial efforts to create
telepresence environments were aimed at developing sin-
gle hand gloves (29,30), one such telepresence environ-
ment as envisioned in 1994 is illustrated in Fig. 2. These
data gloves enable surgeons to perform dexterous manip-
ulation of distant objects (i.e., telemanipulation) while
providing touch or force feed back in a closed loop.
Synchronizing the movements of the human hand with
the unisometric robotic hand has been the biggest chal-
lenge. Dissimilarity in the number of active joints in

Table 1 Continued

Disease Operation

Prostate cancer Prostatectomy

Source: M. Hashizume, K. Tsugawa, Robotic surgery and cancer: The

present state, problems and future vision. Japanese Journal of Clinical

Oncology 2004; 34(5): 227–237. [Reproduced with permission from r

Japanese Journal of Clinical Oncology.]

*Endoscopy, thoracoscopy, arthroscopy, pelviscopy, agloscopy, (laparoscopy)...

Telesurgery

Telepresence Telementoring Telerobotics

MacrosurgeryMicrosurgery

Minimally invasive
surgery*

Ophthalmic surgery
Neuro surgery
Microvascular

surgery...

Spine surgery
Transplant surgery
Vascular surgery

Ear, nose, throat surgery.

Figure 1. Telesurgery block diagram.
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robotic hands (most robotic hands have 3 or 4 fingers)
complicated the task of mapping the human hand to the
robotic hand. Algorithms used for motion transformations
include linear joint angle mapping algorithm (31), finger-
tip position mapping algorithm (32), finger pose mapping
algorithm (33), and motion mapping algorithm. Besides
complications pertaining to kinematic mismatches, other
bottlenecks with respect to data gloves have been the
feedback to the human hand in terms of resolution,
magnitude, and bandwidth.

Advancements in mechatronics have led to the devel-
opment of telemanipulation systems, popularly known as
master–slave systems. To overcome the issues of dexterity,
the concept of master-slave telemanipulation system was
developed in 1990s. The surgeon commands the slave
robot through the master robot. The operator part of robot
on the patient end, in a master–slave robotic system, is
called the slave. The slave could be as close as a few
meters (23) or as far as hundreds of kilometers (3,4) from
the master. Microsurgeries involve telemanipulation sys-
tems that enable interaction with objects of very small
size. They do so by scaling down movements of the master.
In certain cases, slave arms are required to provide
positional accuracy of around 10 microns against 20 to
50 microns as in case of human dexterity. Measurements
of the order of 25 microns are usually metered; these
movements are scaled down by around 25 times at the tip
of the slave. Ophthalmic and neurological surgeries have
such stern requirements that telerobotic systems em-
ployed in ophthalmic and neurological microsurgeries
have highly challenging characteristics to be maintained
(27).

Telemanipulation of distant objects is realistic only if a
set of real senses are perceived by the operator. Without
the perception of real senses, the operation shall be
termed automatic rather than being telemanipulated or
teleoperated. Hence, during a telemanipulation proce-
dure, the operator’s interaction with the external world

yields energetic interactions. To manipulate a distant
object, a significant amount of mechanical energies suppo-
sedly passes to and from the operator and the external
environment, i.e., whenever we execute a physical activ-
ity, there is some kind of dissipation of energy in our
muscles. This kind of interaction is termed hapitc or
kinesthetic (34). In case of a remote telesurgery, this
position or force data from the master manipulator are
conveyed to the remote teleoperator via the communica-
tion channel. The data received by the remote teleoperator
are interpreted as command signals. It helps the operator
to sense distal object for manipulation, and these energy-
based interactions take place at various ‘‘ports’’ in the
system. These bidirectional ports could be the point of
junctions or contacts between various components form-
ing the whole telemanipulation system.

A standard telemanipulator used in minimally invasive
surgeries has the surgeon in control of the master inter-
face; the master thus influences the movement of distant
slave robot in sync with experienced movements. Telema-
nipulation system sends a variable (velocity or force) from
the operator’s hand through the master, to the slave at
times via a communications network. The slave robot
synthesizes the trajectory or the course to execute the
master’s commands. In order to realize and verify a
desired effect on the remote side, the slave end tries to
feed back tool-tissue interactions to the operator through
the master. The procedure hence provides a sense of touch
(haptic feedback) to the surgeon. Such procedures are
usually assisted or mediated by computer(s). Technologies
for gustatoric and olfactoric feedbacks are yet to appear on
the scene.

A basic telemanipulator for performing teleoperations
is depicted in Fig. 3. The effects of time delay because of
the communications channel have not been reflected in
the figure. The operator or the surgeon exerts force fh on
the master robot, the master thus moves with velocity Vm.
This motion is transmitted through the communications

Motion commands

Perceptual information

Physician or surgeon
in telepresence gear

Remote
robotic
system

Figure 2. An illustration of a telepresence environment in an OR (28). K. B. Shimoga, P. K.
Khosla, Touch and force reflection for telepresence surgery, Proceedings of the 16th Annual

International Conference of the IEEE Engineering in Medicine and Biology Society, Engineering
Advances: New Opportunities for Biomedical Engineers, 1994, 2:1049–1050. (Reproduced with
permission from r IEEE.)
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channel to the slave end. Similarly, the slave manipulator
reciprocates to the reference signal Vsd and force fs is
sensed because of the environment; this causes the same
force fc to be transmitted to the master end in the form of
fmd experienced by the master manipulator. These signals
can also be represented as vector time functions.

A telerobotic or a telemanipulator master–slave system
for minimally invasive surgeries, as used in (3,4) is
comprised of

1. Surgeon’s cart—surgeon positions himself at the
control console through which he controls the mas-
ter manipulator for manipulating the slave manip-
ulator on the patient’s end.

2. Surgical cart—It is this section of a telerobotic
system that is positioned by the patient’s side and
actually operates. The slave usually supports three
or four surgical arms that act per the surgeon’s or
the master’s commands. These arms hold endoscopic
operating tools that enter the patient’s body through
small incisions whose diameter is around 1 cm.

3. Master and slave are servo-actuated with the help of
electric motors controlled by computers. Our discus-
sion here is limited to bilateral force-reflecting tele-
robotic systems. In bilateral force-reflecting
telerobotic systems, the master transmits forces
and motions to the slave, and the slave reciprocates.

4. A vision cart—This is usually coupled with the
surgeon’s cart. It presents a view as captured by
the endoscopic camera inside the patient’s body.
Recent developments have produced imaging sys-
tems those include a 3D imaging system by incor-
porating two 3-chip CCD cameras to transform
spatial motion of tools into camera frame.

Figure 4 shows da Vinci (by Intuitive Surgical, Moun-
tain View, California, USA), a telemanipulation system for
telerobotic/telesurgical procedures as deployed in an oper-
ating room. da Vinci is divided into two physically sepa-
rate subsystems, one each for surgeon end and patient
end. The surgeon end has a console that accepts the
surgeon’s commands for the patient end is subsystem.
The patient end is comprised of three arms, two of which
are actual robotic performers and the third holds the
endoscopic camera. The computer interface filters the
surgeon’s tremors and can downscale the surgeon’s move-
ments from 2:1 to 10:1 (35).

The heart of a surgeon’s console is a controller; system
architecture of da Vinci’s controller is shown in Fig. 5 (54).
The encoder is capable of controlling 48 degrees of free-
dom. The controller’s architecture has peak computational
architecture power of 384 Mflops and a sustained proces-
sing power of 128 and 256 Mflops. Twenty-four microcon-
trollers have been used to perform health data transfer

besides performing health watchdog operations. Redun-
dant sensors, hardware watchdogs, and real-time data
error detection ensure fail-proof operation of the system.
Each movement in a telemanipulation is analysed by a
motion sensor 1,300 times per second and is then verified
by three computers.

6. QUALITY OF SERVICE

Quality of service (QoS) is an enabling factor for remote
telesurgery. It is a guarantee of the service provided by the
resource to deliver a particular quality like bandwidth. It
also refers to traffic control mechanisms that seek to
differentiate performance based on either application or
network operator requirements or provides guaranteed
performance during sessions. Default service in many
packet networks is to give all applications the same
service, and not consider any service requirements to the
network. This characteristic of a network is called a best-
effort service.

Due to the heavy load of data, applications like remote
telesurgery bank heavily on high levels of network QoS.
QoS metrics in packet networks usually cover up to five
characteristics of data transmission:

1. Bandwidth—it is the total amount of data sent on
the network per second. Bandwidth usually refers to
the maximum application throughput; it is invari-
ably lower than the network bandwidth due to
various overheads.

2. Loss rate—it is the maximum number of packets
that can be lost per time unit.

3. Time delay—it is the maximum amount of time that
a packet will take to travel from the sender to the
receiver.

4. Jitter—it is the maximum difference in time delay
between successive packets. Jitter is desired to be
restricted for real-time multimedia applications like
video conferencing for providing a full motion video.

5. Security—it is the exchange of data through the
network with different levels of encryption to avoid
tampering.

To demonstrate the feasibility of performing surgery
across transoceanic distances by using dedicated asyn-
chronous transfer mode (ATM) telecommunications tech-
nology (3,49), QoS parameters like guaranteed bandwidth
(10 Megabits/sec), continuous transmission delays (less
than 200 msecs), high quality of service, low transport
delay, low packet loss ratio, least network outage and
secured connectivity with end-to-end management were
observed.

fh
Vm Vsd

fmd fs

fc
Master

Communications
channel

Slave
robot Figure 3. A basic master–slave telemanipula-

tor.
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7. TIME DELAY

Time delay or time lag is the delay for a command or an
instruction to be locally encoded and then propagated over
the transmission line to the slave system where the
instruction is decoded and eventually executed (35). This
time delay between the operator’s actions and correspond-
ing feedback may be observed in telerobotic systems that
involve a communications channel. With the current pace
of developments in modalities for communications, this
issue of time delay is expected to get resolved in the near
future. In the case of microsurgical telemanipulators, even
diminutive time delays also may destabilize the set-ups.
Time delay between a physical variable and its response
pose a rather difficult technical challenge of system’s
instability.

Time delay over a communications network is mainly
because of

1. Switching in computer networks; this switching is
required to process the information at various nodes
in the network.

2. Digitization and compression of video signals by
CODECs.

3. Decompression of signals by remote CODECs.

In the case of telemanipulation systems, owing to a
large volume of transmission of crucial visual and audio
information that flows between master and slave, besides
this some feedback in the form of data/signals is also
exchanged between master and slave, via the same com-
munication channel. Time delay, or communication delay
or latency, experienced by signals in the forward and
backward paths as mentioned is also dependant on the
distance. Experiments have shown that the delay in case
of intercontinental transmissions is 10 times higher than
the transmission of the same data within a room. This
instability due to time delay in a kinesthetically coupled
teleoperator was first reported in 1965 (36). In (37) it is

EndoWrist ®

Instruments are
designed with
seven degrees
of freedom and
mimic the
dexterity of the
human hand
and wrist.

Image Processing
Equipment

Patient-Side Cart

Surgeon uses open-surgery
hand movements which are
precisely replicated in the
operative field by the
EndoWrist ® instruments.

Surgeon at
Operative Console

InSiteVision
provides true to life
3-D images of the

operative field.

Assistant

Foot pedals
repositions
an image

Anesthesiologist

Nurse

OR Monitor

Figure 4. da Vinci (telemanipulation system) deployed in an OR. Source: Intuitive Surgicals,
California, USA.

TELESURGERY 7



stated that stability can be restored only if the bandwidth
of the system is reduced. Reference (38) clarifies that for
normal operation, the bandwidth of a teleoperator should
be between 4 Hz and 10 Hz. In 1988 (39), it was demon-
strated, by using mechanical/electrical analogy, that the
instability in such cases was because of active commu-
nications block. Another important goal of the control
system depicted in Fig. 3 is to have a steady state. Steady
state is attained if the velocity of slave equals the velocity
of the master, similarly if the forces, too, are equalized on
both the sends. The system is then stated to be transpar-
ent (40).

A solution to the stability problem, presented in (41), is
based on the concept of passivity. Passivity transforms the
communication channel into a lossless transmission line.
The communication channel thus behaves as a passive
element independent of time delay. Several bilateral ar-
chitectures where forces and motions are transmitted
from the master to the slave and vice versa are discussed
in (42–47).

Since a telesurgical procedure is a safety-critical appli-
cation, communications lines have to be exclusively re-
served for this extraordinary transmission. Currently,
dedicated linkages are essential because propagation of
data through a busy network with limited bandwidth may
not only increase time lag (51) but may also degrade
performance. The limit of acceptable time delay, in terms
of the surgeon’s perception of safety, has been estimated to
be a total roundtrip delay of 330 msec (35). Satellite
communications are prone to time delays of the order of
over 600 msec, hence are not best suited for remote
surgical applications. Digital transmission modalities
like B-ISDN and Asynchronous Transmission Mode pro-
mise significantly shorter time delays. QoS metrics are
influenced by the distance between two ends and the
efficiency pertaining to compression and decompression
of data. During pioneering transoceanic feasibility studies
(50) for telesurgery, ATM was chosen for its QoS, i.e.,
network availability rate, low time delay, and low packet
loss.

In terms of loss rate, during Operation Lindberg, a 10-
Mbps link was reserved by creating a virtual pathway

using ATM technology between New York and Strasbourg
(France). The number of packets lost between this link
was assessed by simulating the exchange of quantified
traffic between two network interfaces. Besides the pri-
mary 10-Mbps link, a secondary line was also made
available for unforeseen failures. The data from either
end were prioritized and guaranteed; robot motion data
had the top priority and a bandwidth of 512 Kbps from
within 10-Mbps pathway was guaranteed. Video data
were guaranteed at a rate of 7 Mbps, and video conferen-
cing was guaranteed at 3 Mbps. IP telephony was used by
the surgeons to communicate with each other. Overall
time delay of 155 msec was observed, 78 to 80 msec round-
trip delay was observed through ATM, and as additional
70 msec were due to video coding and decoding, and a few
more msec were needed for rate adaptation and Ethernet-
to-ATM packet conversion (35). During these transconti-
nental trials between the United State and France, the
data traveled a total route of around 15,000 kilometers
(52). The telecommunication set-up providing end-to-end
QoS during these high-speed services in as ‘‘extremely
exacting environment’’ in terms of reliability and security
used during Operation Lindberg is shown in Fig. 6.
Operation Lindberg was a result of extended experimental
trials and clinical applications (53). Questions pertaining
to the feasibility of routine use of telesurgical technology
demonstrated by Operation Lindberg were answered by
the establishment of the world’s first routine telerobotic
surgical service over a commercial, pre-existing commu-
nications link between a teaching hospital and community
hospital separated by over 400 kilometers within Canada.
This service has been established to provide laparoscopic
surgical care more effectively to the patients in North Bay.
So far 21 telerobotic laparoscopic surgeries have been
performed between North Bay and Hamilton (4). Com-
mercially available IP/VPN at 15 Mbps with QoS is being
used to link two hospitals for the routine telesurgical
services. Since ATM and frame relay are difficult to scale,
and furthermore IP VPNE is more controllable over
performance and the capabilities, IP was preferred over
other modalities.
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Figure 5. System Architecture of a
controller used in a telemanipulation
system (54). G. S. Guthart, J. K. Salis-
bury Jr., The intuitive telesurgery
system: Overview and application,
Proc. of IEEE International Confer-
ence on Robotics and Automation

(ICRA 2000), San Francisco CA, April
2000. (Reproduced with permission
from r IEEE.)
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Besides a redundant link, this high-priority surgical
communication in Canada takes place over a secure local
Internet that is also being utilized by banks, government
offices, etc. Latency between 135 msec and 140 msec have
been registered in this case. After spending significant
efforts toward reduction of risk of communications failure
and robotic failure, the service was established in Febru-
ary 2003. The chance of either adverse event is approxi-
mately 1 in 1,000. Telerobotic service in the community
has been welcomed, and in both experiences (3,4), patients
have shown no hesitation. With increasing experience and
success, the demand for telerobotic surgery has been
reported to have increased (4).

8. CHALLENGES FOR TELESURGERY

Telesurgery is gaining ground and innovation in terms of
newer concepts. The technology has indeed come up but
lack of verifiable value still impedes its acceptability and
some pragmatic factors still pose challenges for the tech-
nology. Some of those factors are as follows

Cost—The costs of telerobotic systems and procedures
still keeps it out of reach of most of the hospitals,
even in the developed world. da Vinci, the telerobotic
system costs the US$1.2 million, and overheads like
maintenance costs touch the US$100,000/year after
the first year. Average costs of related consumables

is around US$1,500 per procedure (55). In terms of
the communications costs for facilitating remote
telesurgery as per 2002’s estimates, one year of
ATM point-to-point linkage ranges between
$100,000 to $200,000 (50), but the pace of technolo-
gical development promises significant downfall in
these figures. Eventually, overall cost for a robot-
assisted prostatectomy has been calculated to be
approximately US$1,000 more per operation than
for conventional surgery (56). Due to promises per-
taining to the goals like increasing access to health-
care, improve training and efficiency with enhanced
outcome, telesurgery may eventually prove to be less
costly to healthcare systems (57).

Force feedback—Incorporating force feedback into tele-
operated systems can reduce the magnitude of con-
tact forces. This shall subsequently reduce energy
consumption, task completion time, and the number
of errors, etc. In various studies (11,23,24) addition
of force feedback has been reported to achieve some
or all of the following: reduction of RMS force by 30%
to 60%; the peak force by a factor of 2 to 6; the task
completion time by 30%, and the error rates by 60%
(48). Besides these benefits, force feedback can also
be regarded as a counterbalance to the limited
maneuverability of surgical instruments and re-
stricted camera vision in minimally invasive sur-
gery.
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Figure 6. Depiction of telecommunications set-up (for remote telesurgery) adapted from (53).
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Quality of service—High-speed terrestrial linkages like
the undersea fiber optics South Atlantic Telecom-
munications Cable No. 3/West African Submarine
Cable that links Africa with rest of the world with a
120-Gbps linkage exist. But e-readiness is yet pend-
ing at hospitals in countries those are otherwise
making huge strides in the domain of ICT. One
factor for lack of readiness of hospitals to exploit
such linkages is that these linkages yet do not
guarantee end-to-end quality of service, i.e., para-
meters like bandwidth, latency, and security are yet
to achieve a standard level of acceptance for remote
telesurgical applications. It shall take some more
time before hospitals get ready to host remote tele-
surgeries.

Regulatory issues—Agencies like the U.S. Food and
Drug Administration (FDA) are particular about
surgical systems based on robotics. This is more so
because the mechanical movements and such in
these systems are controlled by software. Software,
being intangible, is difficult to be evaluated qualita-
tively. Hence, regulatory agencies like the FDA are
particular about the factors like software engineer-
ing practices in designing and coding the software
involved. Strict regulatory issues decelerate the
progress of such technologies.

Legalities—Since the technology is potentially a cross-
border application (across states, provinces, or coun-
tries), variations in regulatory and legal policies
pose another challenge. Mismatches in legal policies
may reflect possible conflicts in jurisdiction. Legal
questions yet remain unanswered and hence need to
be resolved before the technology scales up toward
ubiquity.

Ethical issues—At the epicenter of medical ethics is the
doctor–patient relationship that is based on face-to-
face relationship, mutual trust, confidence, and
understanding. Technologies like telesurgery could
lead to the possibility of diminishing identification of
the patient as a person, who becomes even more
than today, a case of a rectified physical problem
(59). Efforts on legal and ethical fronts for the entire
domain of telemedicine are needed to develop norms
and cross-border jurisdictional regulations to pre-
vent the very delicate medical information to fall
into the wrong hands.

9. CONCLUSION

Telesurgery has not only established itself as a procedu-
rally possible technology but has also proved to be feasible,
safe, useful, and highly promising. Inspired by avionics,
applications of haptics surgical training simulators are
replacing traditional surgical training procedures. This
helps medical professionals not only by saving time, cost,
and efforts but also by reducing the need to use animals
and cadavers for evident advantages. Teleconsultation,
telementoring, and teleproctoring have empowered senior
surgeons to supervise, monitor, and assist their subordi-

nates and their counterparts in disadvantaged environ-
ments. Virtual reality is being used to plan intricate
surgical procedures even before the patient is moved
into the operating room; very soon we may see these
pre-operative planning systems being interfaced to tele-
robotic systems. It is expected that with supplementary
refinements and adjunct technologies, the field of telesur-
gery will continue to evolve further.

Now it is for our imagination to get wilder in thinking
about potential applications and their derivatives. But as
of now, telesurgery has made it practical for us to imagine
and logically think about an era of global surgeons. Reach
of such global surgeons in that era might get extended to a
stage where the surgeon would be monitoring (may not be
actually performing) the surgery being performed by a
robot, on a patient in an operating room thousands of
miles away, somewhere in Sub-Saharan Africa, without
the help of any human being in an operating room that
would be dependent not only on electricity but also on
efficient broadband connectivity. The question worth giv-
ing a thought could be, will telesurgery transform this
fictional era of global surgeons and surgeon-less operating
rooms into reality before 2015? For all those aware of the
rate of advancement of technologies, a foregone conclusion
would be an optimistic reply. Perhaps, we shall have to
wait and watch.
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1. DIODE AND TRANSISTOR

Temperature affects the electronic characteristics of di-
odes and transistors. In principle, any parameter in diode
and transistor having a temperature coefficient can be
used as temperature sensor. It has been shown that the
voltage across a p-n junction of the diode and transistor at
constant forward-bias current shows excellent linear tem-
perature dependency over a wide temperature range.

The advantages of the diode and transistor as a high
sensitivity and low nonlinearity. The sensitivity in a nor-
mal operation is about –2mV/K, and nonlinearity is low
enough for many applications. It is also advantageous to
have a diode or transistor sensor fabricated on a chip with
interfacing electronics by integrated circulatory (IC) tech-
nology. Several integrated temperature sensor are avail-
able commercially. IC sensors that have a matched
transistor pair and an operational amplifier, and provide
high and linear voltage output, contain a voltage-to-fre-
quency converter providing frequency and linear voltage
output and provide current output proportional to the ab-
solute temperature or Celsius temperature scale are now
available. Some of these have digital output.

1.1. Theory

In p-n junction diodes, current I flowing through the for-
ward-biased junction is given as

I¼ Isðe
qV=mkT � 1Þ ð1Þ

where Is is the saturation current, q is the electron charge,
V is the voltage across the junction, k is the Boltzman’s
constant, m is the ideality factor having a value between 1
and 2 relating to the dominant current component under
operating conditions, and T is the absolute temperature.
At close to room temperature, and when the current is
relatively high so that the current due to diffusion of the
carrier dominates, m equals 1 and the second term in pa-
rentheses can be neglected. Equation 1 can be simplified
to

I¼ Ise
qV=kT ð2Þ

Then

ln I¼ ln Isþ qV=kT ð3Þ

If InI is plotted against V, T can be obtained from the slop
because q and k are known to be universal constants. This
implies the current –voltage characteristics can be used as

an absolute thermometer. Insofar as InI is a linearly re-
lated to V, measurement at two points are sufficient to de-
termine the slope. If V1 and V2 are voltages corresponding
to different current levels I1 and I2, the difference in these
voltage is obtained as

V1 � V2¼ ðkT=qÞ lnðI1=I2Þ: ð4Þ

Thus the difference in voltage corresponding to different
current levels maintained at a constant ratio is propor-
tional to the absolute temperature, without any offset. By
this relationship, a thermometer providing output propor-
tional to the absolute temperature can be realized either
by applying a square wave current to a p-n junction or
using two matched devices operated by different current
levels.

A fundamental circuit of the thermometer with a short-
circuit transistor or a diode is schematically shown in Fig.
1. A constant current is applied to the transistor or diode
in the direction of forward bias, and the voltage across the
junction is amplified by a differential amplifier. By adjust-
ing the reference voltage applied to another input of the
differential amplifier, an output proportional to the abso-
lute temperature or the Celsius temperature scale as well
as out put proportional to any desired scale can be ob-
tained. The operating current level is normally in the
range of 40–100mA is small signal diodes and transistors.
If the current is too large, a self-heating error may be
produced by the power dissipated in the junction. If the
current is too small, problems of leakage and the input
current of the first stage amplifier may become significant.

Although individual calibration is required for accurate
measurements, selected transistors are available that can
be used with reasonable accuracy without calibration.

In clinical thermometry, measurement range is usually
limited to a relatively narrow temperature range, and the
error due to the nonlinearity of the temperature depen-
dence of forward voltage is insignificant. In Schottky di-
ode, it is less than 0.1K for temperature range of –65 to
501C. Further improvement in linearity is obtained by
linearization circuits. Linearization with a logarithmic ra-

V
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+

Figure 1. Principle of transistor thermometer.
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tio module reduces the error to less than 0.051C in the
range of –50 to 1001C.

Two matched transistors operating at different collector
currents can be used to obtain output proportional to the
absolute temperature. The difference in base-emitter volt-
ages of two transistors is a linear function of temperature
as shown in Equation 4.

LX series produced by the National Semiconductor
Corp. includes a pair of matched transistors and output
operational amplifiers and provides linear output propor-
tional to the absolute temperature with sensitivity of
10mV/K.

The conventional two-terminal current –output device
was developed by using a similar technique. Figure 2
shows a idealized scheme of the device. If transistors Q1

and Q2 are assumed to be ideal and have a large common-
emitter current gain, their collector currents are equal
and constrain the collector currents of Q3 and Q4 has r
base-emitter junctions and each one is identical to that of
Q4. The emitter current of one junction in Q3 is 1/r of that
of Q4. From Equation 4, voltage across R is obtained as

RT¼ ðkT=qÞ ln r ð5Þ

Thus, the current 2I is proportional to the absolute tem-
perature. The AD590 produced by Analog Devices is a 2-
terminal integrated circuit temperature transducer that
provides an output current of 1 mA/K times absolute tem-
perature for the supply voltage between 4V and 30V. A
voltage output proportional to the absolute temperature
can be obtained by connecting a resistor in series, and by
trimming the resistor the error in temperature reading
can be adjusted to zero at any desired temperature. The

maximum error depends on the temperature span and the
lowest temperature in span. In the highest grade device at
room temperature of 251C, the maximum err is less than
0.1, 0.2, and 0.31C fro temperature spans of 10, 25, and
501C, respectively.

Microcomputer-controlled IC temperature sensor also
developed. The DS18B20 Digital Thermometer provides 9-
to 12–bit centigrade temperature measurements and has
an alarm function with nonvolatile user-programmable
upper and lower trigger points. The DS18B20 communi-
cates over a 1-wire bus that by definition requires only one
data line and ground for communication with a central
microprocessor. It has an operating temperature range of
–551C to þ 1251C and is accurate to70.51C over the range
of –101C to þ851C.

Despite the many remarkable features of diode and
transistor temperature sensors, application to the clinical
thermometer have not been widespread. Diode and tran-
sistor sensor have excellent linearity but this is not a great
advantage over a thermistor. In a very narrow tempera-
ture rage between 20 to 451C in clinical use, nonlinearity
of a thermistor can easily be corrected. However, diode
and transistor sensors can be fabricated by IC technology
with interfacing electronics on a single IC chip. Although
most of them are designed for general purposes, there are
many situations in which they can be successfully used in
the medical field.

2. THERMISTOR

The most common thermometer in clinical thermometers
is the thermistor, shown in Fig. 3. A thermistor, its small
size, excellent long-term stability, and relatively large
temperature coefficient, is a semiconductor, resistive tem-
perature sensor made by sintered oxides of metals.
Thermistor is two categories the ceramic negative and
positive temperature coefficient types. The temperature
coefficient is –0/.04/K, ten times larger than platinum wire
resister.

+

Q2

Q3 Q4

Q1

r

RVT

+

_

_

l

Figure 2. Idealized scheme of a two thermial current output de-
vice.

Thermistor
bead

Thermistor
bead

Glass coating

Resin Catheter

Cable

Figure 3. Examples of thermistor probes (a) glass-coated therm-
istor bead with bare wires (b) catheter-type probe.
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From the resistance versus temperature characteris-
tics, resistance decreases in a highly nonlinear manner
with increase temperature. An expression for the charac-
teristics can be obtained in a semiquantitative manner if it
can be assumed that the behaviors is similar to that of a
single crystal semiconductor.

For the intrinsic semiconductor, the elettron density N
increases with temperature according to

n a T3=2expð
�Eg

2kT
Þ ð6Þ

where Eg is the band gap and T is the absolute tempera-
ture. Furthermore, the mobility of both holes and electron
in the absence of impurities varies as T3/2, hence, the re-
sistivity temperature dependence will be given by

r a expð
Eg

2kT
Þ ð7Þ

Thus, the resistance of a thermistor can be expressed as

RT ¼RCe
b=T ð8Þ

where b ¼Eg/2k is a characteristic temperature that var-
ies somewhat with composition. A somewhat more conve-
nient form of this equation is

RT ¼R0exp½bð
1

T
�

1

T0
Þ�; ð9Þ

where R0 is the resistance as T0 in degrees Kelvin, which
is usually taken to be 298K (¼ 251C). A typical value of b is
4000 K.

An expression for the temperature coefficient a can be
found by differentiating Equation X, yielding

a¼
1

RT
ð
dRT

dT
Þ ¼ �

b
T2

ð10Þ

2.1. Temperature Linearization

In designing a linear-reading thermometer, the inherent
nonlinearity of the resistance versus temperature charac-
teristics of the thermistor is rather troublesome when a
wide temperature range is required. Over a limited tem-
perature span two approaches can be used to achieve ap-
proximate linearization. If the thermistor is fed from a
constant current source and the voltage across the therm-
istor is used to indicate the temperature, linearization can
be achieved by shunting the thermistor with an appropri-
ately chosen resistor, Rp, as shown in Fig. 4(a).

For the shunt arrangement, the objective is to make the
point of inflection of the parallel combination coincide with
the midscale temperature. The value of Rp required to
achieve this can befound by differentiating

R¼
RpRCe

b=T

RpþRceb=T
ð11Þ

twice and equal to zero. This yields

Rp¼RTð
b� 2Ti

bþ 2Ti
Þ ð12Þ

where Rti is the thermistor resistance at the midscale
temperature Ti.

Alternately, when the current though the thermistor,
for a fixed applied emf, is used to indicate the temp-

+_

+_
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current
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Constant
voltage
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Figure 4. Linearization circuit for thermistors (a) using
a serious resistor and a constant voltage source and (b)
using a parallel resistor and a constant current source.
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etarature, the series arrangement of Fig. 4(b) may be em-
ployed.

The series resistance Rs required to make the conduc-
tance versus temperature characteristics approximately
linear is given by

1

Rs
¼Gs¼GTi

ð
b� 2Ti

bþ 2Ti
Þ ð13Þ

where Gti is the thermistor conductance at Ti. For ex-
ample, when b¼ 3000K and a measurement range from
290 to 310K is required, the departure from linearity is
estimated as 0.03K. If an error of 0.2K is permissible, a
measurement range from 285 to 315K can be covered.
Most commercially thermistor thermometers are stable
enough for clinical use. Thermistor stability is defined as
the ability of a thermistor to maintain the same resistance
value over time when exposed to the same temperature.
Most drift is thermometric, which occurs over time at
varying rates, based on thermistor type and exposure tem-
perature and, as a general rule, increases as the exposure
temperature increases.

Choosing the correct thermistor for the application is
the key to providing accurate long-term measurements.
Commercial available thermistors, such as YSI series
(YSI. OH, USA) are recognized among the most stable
parts in the industry, exhibiting less than 0.011C drift at
room temperature exposure for many years. The typical
drift for the typical thermistor is 0.021C at 10-month con-
tinuous exposure at 1001C (1).

Temperature cycling may be thought of as a form of
aging. It is the cumulative exposure to high temperature
that has the greatest influence on a thermistor compo-
nent, not the actual temperature cycling. Temperature cy-
cling can induce shifts if the component has been built into
an assembly with epoxies or adhesives that do not match
the temperature expansion characteristics of the therm-
istor.

The response time of a thermistor probe depends on it
shape, size, and covering material, as well as on the sur-

rounding medium. This may vary widely depending on the
probe style and the application. With regard to probe
styles, the smaller the probe tip, the faster the probe
reaches its final temperature. For applications, the more
a probe is isolated from the environment the faster the
temperature reading stabilizes and the more accurate the
temperature measurement (e.g., a rectal temperature
measurement should be faster than a skin probe exposed
to air currents in the room). Generally, the smaller the
thermistor the faster the time constant. YSI017Small di-
ameter thermistor has a typical time constant of 5 secs in
air. Bead thermistor used to gas chromatography and
thermal conductivity gas analysis equipment, as well as
in thermistor catheters and hypodermic needles for tem-
perature and flow measurement, has 0.12 secs in still air
at 251C.

‘‘Interchangeability Tolerance’’. A YSI 401 thermistor
probe is defined as having an interchangeability tolerance
of 70.11C over the range from 01 to 701C. This means at
all points between 01 and 701C, all 401 probes are within
0.11C of the nominal resistance values for that particular
thermistor curve (typically programmed into the instru-
mentation). This feature results in temperature measure-
ments accurate to 70.11C no matter how many different
401 probes are substituted in the instrument. YSI offers a
full line of precision probes and components featuring in-
terchangeability tolerances of 70.21C, 70.11, and
70.051C. YSI also offers a line of precision Surface Mount
Thermistors featuring point matching as tight as 1%.

2.1.1. Zero-Heat–Flow Probe. For long-term body tem-
perature monitoring, the zero-heat flow probe, as shown in
Fig. 5 was developed and has been successfully used in
patient intensive care (2). The probe has two thermistors
and a heater. The temperature difference across the insu-
lating layer, T1�T2, is detected and controls the heater
current until no temperature gradient exists across the
layer. Then the temperature T1 will be equilibrated with
the core tissue temperature. The electronic circuit includ-
ing thermistor bridges and amplifiers for temperature

Zero-heat-flow thermometer

Heater

Temperature output

Thermal insulator

Thermistors
Figure 5. Principle of zero-heat flow thermom-
eter.
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measurement and a heater controller, is assembled in a
separate box. This device is commercially available shown
in Fig. 6.

3. THERMOCOUPLE

A thermocouple is a device primarily used for the mea-
surement of temperature. It is based upon the findings of
Seebeck (1821) who showed that a small electric current
would flow in a circuit composed of two dissimilar conduc-
tors when their junctions are kept at different tempera-
tures (3). The electromotive force (emf) produced under
these conditions is known as the ‘‘Seebeck emf.’’ The pair
of conductors that constitute the thermoelectric circuit is
called the thermocouple. As shown in Fig. 7, when the
reference junction is kept constant, the electromotive force
varies only with the temperature of the measurement
junction. Banks of thermocouples connected together in
parallel series make up a multiple thermocouple, or a

thermopile. Either may be thought of as a weak battery
that converts radiant energy to electrical energy.

Even thought the temperature of the reference junction
is kept constant, the emf is nonlinear with the tempera-
ture of the measurement junction. However, departure
from linearity is small within the temperature range used
in the clinical thermometer and the error is always com-
pensated for the commercial thermometers. The sensitiv-
ity and temperature ranges of thermocouples are
dependent upon the two metals used in their construc-
tion. Several types of thermocouples have been defined by
the NIST. Sensitivity of typical thermometers in the tem-
perature range 20 to 401C are about 42 mV/K for cupper/
constantan, about 40 mV/K for chomel/almel, and about
6.5 mV/K for platinum/platinum rhodium shown in Web
site of NIST (4). Thermocouples are the most robust tem-
perature sensor available and can be readily packaged in a
small profile sensor, which lessens the chance of sinking
heat into the probe assembly, causing low readings. Ther-
mocouples also have a short response time due to their low

Probes of the zero-heat-flow thermometer

Thermistor

Thermistor

Aluminum guardHeater

Thermal
switch

Case

PVC sheetAluminum plateInsulator

Insulating layer

PD–11 PD–31 PD–51 PD–71 Figure 6. Cross-sectional view and figures of zero-
heat flow probes.

A

A

A

B B C

C

VV

T2

T2 T1T1

Figure 7. Theremocouple circuit (a) two dissimilar
metals, A and B and (b) with an additional third metal
C.

TEMPERATURE SENSORS 5



mass and are the least costly temperature sensor avail-
able.

To achieve accurate measurement by a thermocouple,
the temperature of the reference junction should be stable
enough. The triple points of water can be an accurate ref-
erence temperature and is 0.0170.00051C. A conventional
ice bath containing pure water with ice provides 01C with
an accuracy of about 0.051C. Automatic ice bath is also
available.

The AD594/AD595 is thermocouple cold junction com-
pensator with instrumentation amplifier on a monolithic
chip. It combines an ice point reference with a precali-
brated amplifier to produce a high-level (10mV/1C) output
directly from a thermocouple signal (Fig. 8). Pin-strapping
options allow it to be used as a linear amplifier-compen-
sator or as a switched output set point controller using
either fixed or remote set point control. It can be used to
amplify its compensation voltage directly, thereby con-
verting it to a stand alone Celsius transducer with a low
impedance voltage output. The AD594 is precalibrated by
laser wafer trimming to match the characteristic of type J
(iron-constantan) thermocouples and the AD595 is laser
trimmed for type K (chromel-alumel) inputs. The AD594/
AD595 is available in two performance grades. The C and
the A versions have calibration accuracies of 711C and
731C, respectively. Both are designed to be used from 01C
to þ 501C.

For measuring local temperatures, many different type
of thermocouple probes such as needle, isolated, or cath-

eter, are available. Bare, fine thermocouple wires down to
10 mm are also commercially available.

While ready-made junctions are commonly used, ther-
mocouples junctions are made by welding the two metals
together usually by capacitive discharge as this ensures
that the performance is not limited by the melting point of
a solder. Constantan/nickel chromium wires of 30 mm in
dimater are connected to a 0.25mF-capacitor charged with
120 V and brought into contact end-to-end, and then the
ends are welded.

A microthermocouple with a junction size of about
1mm can be made using the technique of fabricating
glass-coated microelectrodes. To fabricate this, a tip of
thin platinum wire 25mm in diameter is tapered by elect-
ropolishing and a very thin glass coating on the platinum
is made, leaving an exposed cone of platinum. Then a thin
film of tellurium is formed by vapor disposition and insu-
lated by a thin film coating of negative photo resist. Fi-
nally, a gold film is formed by vapor disposition that serves
to shield the thermocouple from electromagnetic interfer-
ence. The response time of this thermocouple is less than
50ms in water.

4. WIRE AND THIN FILM THERMORESISTIVE ELEMENT

A thermoresistive element from a pure metal has several
advantages; it has a constant temperature coefficient, lin-
ear output can be obtained in a wide temperature range,

Constantan

(Alumel)
14 13 12 11 10 9 8

10mV/ °C

1 2 3 4 5 6 7
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Figure 8. An example of an IC module thermocouple amplifier having a cempensation circuit for
the reference temperature (Analog devices AD594/595).
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and a probe having a relatively large contact area with
small heat capacity can easily fabricated. It has been
widely used in industrial application. These advantages
are less significant in the most biomedical applications,
because local temperature in a narrow temperature range
has to be measured. In special situations, however, it is
useful where a very fast response is required such as hot
wire or hot film anemometry. The most common material
used as the wire or thin film thermoresistive element is
platinum. The characteristics of platinum are high stabil-
ity and smaller nonlinearity compared with thermistors,
but its temperature coefficient of about 0.0039/K is about
one-tenth of the thermistor.

Various types of probes have been made for surface and
fluid temperature measurement. Probes having winding
wires encased in protective tubes are used for fluid tem-
perature measurement. The metal wire or thin film can be
also cemented onto the surface to be measured. However,
the resistance changes can occur not only by a tempera-
ture changes but also the strain caused by the mechanical
lead or differential thermal expansion.

5. INFRARED DETECTORS

Noncontact temperature measurement using infrared de-
tectors can be realized using radiation heat transfer. In-
frared radiation thermometers and thermographies have
been used for skin temperature measurement. Microwave
radiometers can detect thermal radiation in microwave
regions, and they can be used in the deep tissue temper-
ature measurements. Imaging of temperature distribution
in deep tissue has also been attempted. At body temper-
ature, the thermal radiation peaks is about 9.7 mm and
90% of the radiation energy is emitted in a wavelength
range from 4 to 30 mm.

The radiation thermometer is essentially an instru-
ment that measures thermal radiation power emitted
from the objective surface. Near the human body temper-

ature, the peak of the thermal radiation is in the far-in-
frared region; thus, infrared radiometers are used. In
principle, total power W, which enters the thermometer,
can be expressed as the sum of emission from the object
(skin surface) and reflection from the environment as

W¼ ePðTsþ ð1� eÞPðTaÞ ð14Þ

where e is the emissivity of the object surface, and Ts and
Ta are surface and ambient radiation temperatures. P(T)
is Plank’s radiation formula at absolute temperature, T,
i.e.,

PðTÞ¼

Z

C1l�5

expðC2=lTÞ � 1
dl

where l is wavelength, and C1 and C2 are universal con-
stants given as

C1¼ 3:74�10�16Wm2

C2¼ 1:44�10�2mK

When the radiometer has sensitivity in arrangement from
l1 to l2, the integral in Plank’s formula should be taken in
that wavelength range. The sensor of radiometer is clas-
sified into thermal and photon detectors shown in Fig. 9
(5).

5.1. Thermal Detector

In a thermal detector, the incident radiation is absorbed to
change the temperature of material, and the resultant
change in some physical properties is used to generate an
electrical output. The detector element is suspended on
lags, which are connected to the heat sink. Thermal effects
are generally wavelength-independent; the signal de-
pends upon the radiant power (or its rate of change) but

Infrared detectors

Thermal detectors

Absorber

Heat sink Thermocouples

Thermopile

Pyroelectric
material

Pyroelectric device

Electrodes

Light beam
Golay cell

Reference
thermistor

Measurement
thermistor

Thermistor bolometer

Absorber Window

Gas

Flexible
mirror

Quantum detectors

Photoconductor Electrodes

Photoconductive device

p-Si n-Si

Photovoltaic device
Figure 9. Thermal infrared and photon detec-
tors.
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not upon its spectral content. Table 1 shows the charac-
teristics of thermal detectors. In pyroelectric detectors, a
change in the internal spontaneous polarization is mea-
sured, whereas in the case of bolometers a change in the
electrical resistance is measured. In contrast to photon
detectors, thermal detectors typically operate at room
temperature. They are usually characterized by modest
sensitivity and slow response, but they are cheap and easy
to use.

Bolometers, pyroelectric detectors, and thermopiles
have found the greatest utility in infrared technology.
The figure of merit used in detectors is detectivity. A fol-
lowing definition has been used;

D� ¼
ðADf Þ1=2

Fe
ðSNRÞ ð16Þ

where A is detector’s sensing area, Df is electrical band-
width, fe is the spectral radiant incident power. D� is de-
fined as the ms signal-to-noise reatio (SNR) in a 1-Hz
bandwidth per unit rms indcident radiation power per
square root of detector area. D� is expressed in cmHz1/2W-

1. Typical values of detectivities of thermal detectors at 10-
Hz change in the range between 108 to 109 cmHz1/2W� 1. A
thermopile consists of one or more thermocouples in se-
ries, usually arranged in a radial pattern so the hot junc-
tions form a small circle, and the cold junctions are
maintained at the local ambient temperature. Advanced
thin film thermopiles achieve response times in the 10-to
15- millisecond range. Thermopiles also increase the out-
put signal strength and are the best choice for broadband
thermometers. Ambient temperature compensation is re-
quired when thermopile detectors are used. Bolometers
are essentially resistance thermometers arranged for re-
sponse to radiation. A sensing element with a thermistor,
metal film, or metal wire transducer is often called a bolo-
meter.

Pyroelectric detectors change surface charge in re-
sponse to received radiation. The detector need not reach
thermal equilibrium when the target temperature
changes, since it responds to changes in incoming radia-
tion. The incoming radiation must be chopped, and the

detector output cannot be used directly. A chopper is a ro-
tating or oscillating shutter employed to provide AC
rather than DC output from the sensor. Relatively weak
AC signals are more conveniently handled by conditioning
circuitry. The detector change can be likened to a change
in charge of a capacitor, which must be read with a high
impedance circuit. Pyroelectric detectors have radiation
absorbent coatings so they can be broadband detectors.
Response can be restricted by selecting the coating mate-
rial with appropriate characteristics.

Tympanic thermometer is commonly used thermal de-
tector either thermopile or pyroeletric sensors.

5.2. Photon Detectors

Photon detectors release electric charges in response to
incident radiation. Depending on the nature of interac-
tion, the class of photon detectors is subdivided into dif-
ferent types. Extrinsic detectors and intrinsic in PbS,
PbSe, and HgCdTe detectors, the release of charge is mea-
sured as a change in resistance. In Si, Ge, InGr, the re-
lease of charge is measured as a voltage output. Photon
detectors have a maximum wavelength beyond which they
will not respond. The peak response is usually at a wave-
length a little shorter than the cutoff wavelength. Many
radiation thermometers use photon detectors rather than
thermal detectors, even though they measure over a nar-
rower band of wavelength. This is because within the
range of useful wavelengths, the photon detectors have a
sensitivity 1,000 to 100,000 times that of the thermal de-
tector. Response time of these detectors is in microseconds
shown in Table 2. They are instable at longer wavelengths
and higher temperatures. They are often used in thermo-
graphy and often provided with cooling.

The signal output of a photon detector is so small that
at ordinary temperatures it is swamped by the thermal
noise due to random generation and recombination of car-
riers in the semiconductor. In order to reduce the thermal
generation of carriers and minimize noise, photon detec-
tors must be cooled and must therefore be encapsulated.
The method of cooling varies according to the operating
temperature and the system’s logistical requirements.
Most 8–14- mm detectors operate at about 77K and can

Table 1. Characterisitics of Thermal Detectors

Detector Wavelengths mm Internal resistance D� Time Constant ms

Thermopile 1–40 1O–10KO 1 � 107 10–1000
Bolometer 0.2–40 1–50MO 1 � 108 1–20
Bolometer (Ge-Immersed) 1–40 0.2–2MO 1 � 108 1–20
Pyroelectric 1–20 1 � 108–2 � 108 1–100

Table 2. Characterisitics of Photon Detectors

Detector Wavelength Bandwidth mm Peak Internal Resistance D� Time Constant mm Temperature

Si 0.5–1.2 0.84 1–10MO 1–5 � 1010 1–100 room
PbS 0.6–3.0 2.3–2.7 0.5–10MO 0.5–1 � 1011 50–500 room
InAs 1–3.7 3.2 20O 3–8 � 109 1 room
InSb 0.5–6.5 5.1 20O 1 � 1010 1 room
Ge(Au) 1–9 5.4 0.1–10MO 0.3–1 � 1010 1 77K
HgCd Te 6–15 10.6 5–50O 0.5–1 � 109 0.01 77K
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be cooled by liquid nitrogen. In the field, however, it is
more convenient to use compressed air and a Joule–
Thompson minicooler. The operation of a Joule–Thomp-
son cooler is based on the fact that as the high-pressure
gas expands on leaving a throttle valve, it cools and liq-
uefies. The gas used must be purified to remove water va-
por and carbon dioxide, which could freeze and block the
throttle valve. Specially designed Joule–Thompson coolers
using argon are suitable for ultrafast cooldown.

The use of cooling engines, in particular those employ-
ing the Stirling cycle, has increased recently due to their
efficiency, reliability, and cost reduction. Stirling engine
requires several minutes cool–down time; the working
fluid is helium. Both Joule–Thompson and engine-cooled
detectors are housed in precision-bore dewars into which
the cooling device is inserted. Mounted in the vacuum
space at the end of the inner wall of the dewar, and sur-
rounded by a cooled radiation shield compatible with the
convergence angle of the optical system, the detector looks
out through an IR window. In some dewars, the electrical
leads to detector elements are embedded in the inner wall
of the dewar to protect them from damage due to vibra-
tion.

Many detectors in the 3–5- mm waveband are thermo-
electrically cooled. In this case, detectors are usually
mounted in a hermetic encapsulation with a base designed
to make good contact with a heat sink.

6. MICROWAVE RADIOMETER

The microwave radiometer detects thermal radiation in
the microwave range. The microwave radiometer is orig-
inally an instrument that measures energy emitted by the
atmosphere at very low energy levels (wavelengths much
longer than red light also known as microwaves). At the
normal temperature in the human body, less energy is
emitted thermally in the microwave region than the in-
frared region. In general, the microwave band extends
from about 0.3 to 300GHz, corresponding to wavelengths
of 1 m to 1mm. This band is very far from the infrared band
of about 1m. Although far from the region of peak radia-
tion and thus of very low intensity, microwave thermo-
graphy has two advantages: (1) high-quality detectors are
available having been developed for modern radioastron-
omy systems, (2) human tissues and other materials are
translucent to microwaves, and it is thus possible to detect
microwave emission and measure temperature from sub-
cutaneous tissues within the body. Microwaves of 3GHz
penetrate about 1 cm into tissue, while far-infrared radi-
ation penetrates only 0.1mm or less.

Microwave thermography systems consist of a radia-
tion-receiving antenna, which can be placed in contact
with the skin to minimize reflective loss at the tissue–air
interface. The antenna can also be placed a short distance
from the skin. The received signal is passed through mul-
tiple stages of amplification before sampling. The system
is calibrated by comparison with a calibrated noise signal.
Microwave thermography systems have shown the ability
to detect temperature changes on the order of tenths of 1C.

As clinical application, the multifrequency microwave
radiometer provides information about the temperature
vs depth profile. It is sensitive, it can directly and nonin-
vasively measure temperature variations at a depth of up
to 4 cm into a baby’s head. It will help clinicians correctly
monitor the amount of cooling given to traumatic birth
babies deprived of oxygen.

7. FIBER OPTIC TEMPERATURE SENSOR

Tissue temperature measurement in a strong electromag-
netic field is sometimes required. To prevent electromag-
netic interference, the fiber optic thermometer is used.

The fiber optic thermometers are suitable for measur-
ing temperature in any environment, including electri-
cally hostile environments involving strong RF or
microwave fields. The several techniques have been stud-
ied for sensing temperature and converting it into optical
signal. Among these are liquid crystals, semiconductor
band-edge absorption shift, phosphors and photolumines-
cence., birefringent crystal with polarizers, and liquid me-
niscus.

The liquid crystal housed in a sealed enclosure at the
distal end of a fiber optic catheter is illuminated by a light
transmitted through optical fibers, and reflected light is
led to the phtodetector through other optical fibers. With a
gradual decay in the reflectance due to temperature cy-
cling, a temperature resolution of 0.11C was attained.

Simple fiber-optic temperature sensors are based on
the light absorption/transmission properties of gallium
arsenide (GaAs) (Fig. 10). The effects of temperature vari-
ations on this semiconducting crystal are well known and
predictable. At the measurement end of the fiber-optic
temperature sensor is a GaAs crystal. As the crystal’s
temperature increases, its transmission spectrum (i.e., the
light that is not absorbed) shifts to higher wavelengths. At
any given temperature, transmission jumps from essen-
tially 0% to 100% at a specific wavelength. This jump is
called the absorption shift. The relationship between the
temperature and the specific wavelength at which the ab-
sorption shift takes place is very predictable.

A pair of rare earth phosphors (two components among
La2O2S, Gd2O2S, and Y2O2S) encapsulated at the tip of a
fiber optic catheter are excited by ultraviolet radiation
through the fiber, and resulting visible fluorescence is re-
turned by the same fiber. The temperature is determined
by the ratio of fluorescence intensities of the two phos-
phors. Absolute accuracy of 0.11C can be obtained over a
temperature range required for hyperthermia cancer ther-
apy. The temperature dependency on fluorescence decay
time is used in a fiber optic temperature sensor, A mag-
nesium fluorogernmanate phosphor excited in an ultravi-
olet or blue-violet region provides fluorescence in deep red,
and its decay time varies from 5.3ms at –2001C to less
than a millisecond at 4501C. Near the body temperature,
the sensitivity is about 0.01ms for a temperature changes
of 1.21C. A single-sensor probe of 0.5mm and a four-sensor
probes with a 0.9mm outer diameter were fabricated. A
commercial model (Model 3000, Luxtron Co, USA) has a

TEMPERATURE SENSORS 9



calibrated accuracy of 70.11C at point of calibration with
temperature range between 0 to 1201C.

This thin film interferometric temperature sensor was
developed to be capable of providing a721C accuracy over
the range of �55 to 2751C, throughout a 5,00hr operating
life. A temperature-sensitive thin film Fabry–Perot inter-
ferometer can be deposited directly onto the end of a mul-
timode optical fiber (6). The sensor head comprises an
Inconel (a nickel-alloy) sheath that contains the Fabry–
Perot interferometer, which is located at the tip of a sap-
phire optical fiber that connects the sensor head to exter-
nal instrumentation. A small platinum-alloy housing
holds a reflector (made of the same alloy) at a short dis-
tance, d, from the fiber-optic tip, which is polished. The
gap d defines the interferometer cavity. White light is
launched into the optical fiber via a 2:1 fiber-optic coupler
at the end opposite the sensor head. The light travels
along the fiber to the sensor head. About 4 percent of the
incident light is reflected back along the fiber from the
polished tip. The remainder of the incident light travels on
to the platinum-alloy reflector, and about 90 percent of the
light incident on the reflector re-enters the fiber and prop-
agates back along the fiber, along with the light reflected
from the fiber tip.

The fiber-optic coupler directs the two backward-prop-
agating light beams to a spectrometer that is integrated
with a 1,000-pixel linear charge-coupled-device (CCD)
photodetector array on a computer plug-in spectrometer
card. Because of interference between the two backward-
propagating beams, the CCD output shows characteristic
interference fringes; that is, a reflected-intensity-vs.-
wavelength spectrum. Because of the difference between
the coefficients of thermal expansion of the sapphire opti-
cal fiber and platinum-alloy housing and reflector, d varies
with temperature, giving rise to a change in the spectrum.
Among other things, the number of interference fringes in
this spectrum increases with temperature.

The raw reflectance spectrum is divided by the spec-
trum of the incident white light to obtain a normalized

spectrum. The computer calculates the squared difference
between the normalized spectrum and each of 117 stored
calibration curves, which are normalized spectra that cor-
respond to known temperatures at 51C increments. A par-
abolic interpolation is used for temperatures between the
increments. The measured temperature is taken to be the
temperature that yields the minimum squared difference.

8. MAGNETIC RESONANCE THERMOMETRY

Magnetic resonance thermometry is a new technique
developed for measuring temperature with the use of a
standard MRI scanner. A key component needed for the
continuing development of hyperthermia is a method for
noninvasively measuring temperature. The most devel-
oped method for noninvasive thermometry uses magnetic
resonance imaging (MRI). MRI is a highly developed tech-
nology that is rapidly evolving with regard to its medical
application. It has been shown that magnetic resonance
(MR) thermometry is a new means of measuring nonin-
vasively the temperatures during hyperthermia treat-
ments This technique correlates invasively measured
temperature to the observed either thermal diffusion or
chemical phase shift of hydrogen during hyperthermia
treatments. Preliminary studies in phantoms and dogs
demonstrated temperature sensitivity to within 0.251C in
phantom and 0.61C in dogs using the chemical shift de-
pendence of temperature and fast echo planar imaging
(EPI) imaging technique (7,8). More recently, magnetic
resonance thermometry was applied during hyperthermia
treatments of human high-grade sarcomas with the con-
clusion that proton chemical shift imaging can be used to
monitor and control temperature during treatment of
large tumors in the distal lower extremity. Also, the fea-
sibility of MRI feedback control for hyperthermia treat-
ments was reported by Hutchinson et al. (9).

1.0

GaAs
0.25 mm thick

40 °C

25 °C

R
el

at
iv

e 
tr

an
sm

is
si

on

0.8

0.6

0.4

0.2

0.88 0.89 0.90 0.91 0.92

Narrow band
source

Transmit fiber

Recieve fiber

Wavelength (�m)

GaAs sensor

0.25 mm

Figure 10. Fiber optic thrmometer with absr-
option shift. Absroption band edge shift in GaS
and the emission spectrum of appropriate light
emitting diode to detect the change in the ab-
sorption spectrum.

10 TEMPERATURE SENSORS



9. LIQUID CRYSTAL

Liquid crystals possess the mechanical properties of a liq-
uid, but have the optical properties of a single crystal.
Temperature changes can affect the color of a liquid crys-
tal, which makes them useful for temperature measure-
ment. The resolution of liquid crystal sensors is in the
0.11C temperature range. Disposable liquid crystal ther-
mometers have been developed for home and medical use.
Liquid crystal is a substance that resembles a liquid in so
far as the thermal properties are concerned. For the tem-
perature measurement, the cholesteric phase is the im-
portant role of temperature changes. In structure, the
cholesteric phase consists of a two-dimensional layered
arrangement in which the molecules in a particular layer
lie parallel to one another with their longitudinal areas in
the plane of the layer. When illuminated by white light, it
is found that a liquid crystal in the cholesteric phase
breaks up the incident light into a circulatory polarized
transmitted component and an oppositely polarized re-
flected component. The scattered intensity is strongly
wavelength-dependent, so that a characteristics color
may be observed, depending on the substance and its tem-
perature. Since molecular arrangement, and in particular
the pitch of the helix, is strongly temperature –dependent,
the characteristics color of cholesteric substance is rapidly
changed when heated and cooled though certain temper-
ature ranges. (See Fig. 11)

The rapid color changes that occur with relatively
small temperature changes enables us to measure surface
temperatures with painting or spraying onto the surface
the liquid-crystal substance or by using a plastic-film en-
capsulated liquid crystal that can be applied directly to
the surface. A color photograph of the surface then reveals

the temperature distribution in the form of contours con-
taining areas of the same color.

By means of a calibration chart, the absolute temper-
ature can be determined at any given point.

The liquid crystal thermometer makes it easy to read
the temperature. It has an adhesive backing for attaching
to plastic or glass containers for accurate inside reading.
Horizontal readings in 2 degree increments. Size: 800 x 100

Range: 40F–80F.

10. QUARTZ CRYSTAL RESONATOR

A quartz crystal resonator is an electronic element used
for making frequency stable and selectable. It is widely
used in various kinds of electronic equipments and mea-
surement instruments, such as cordless telephone, carrier
wave communication, broadcast and television, satellite
telecommunication, electronic clock, digital instruments,
etc. It can also be used as sensors of temperature, pres-
sure, weight, and so on. The resonant frequency of a
quartz crystal has a temperature coefficient, and it can
be used as a temperature sensor. The temperature coeffi-
cient of typical crystal sensor ranges between 10 and
100 ppm/K. The crystal sensor has an almost uniform tem-
perature coefficient in a wide temperature range, and hys-
teresis is negligibly small in medical thermometry.

A crystal resonator can be excited by ultrasound, and
its resonant frequency can also be determined by using an
ultrasonic coupling. When an ultrasound near the reso-
nant frequency is applied, the resonator crystal is excited.
After the applied wave is terminated, the excitation de-
cays, emitting an ultrasonic wave of the resonant fre-
quency into the surrounding medium. The induced
ultrasound can be detected at a distant site, and thus

�
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this technique provides remote sensing of temperature in
a medium in which the sound can propagate.
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1. INTRODUCTION

The temporomandibular joint (TMJ), colloquially known
as the jaw joint, shares a few similar properties with other
articulating joints but also has some significantly different
traits. Like other articulating joints, the TMJ may be
plagued by degenerative joint diseases like osteoarthritis.
Persons affected by severe temporomandibular disorders
can find difficulty in simple everyday activities such as
eating, laughing, and talking, which can greatly deterio-
rate their quality of life. These disorders may be associ-
ated with any component of the TMJ, but of particular
importance is the articular disc that sits between the
mandibular condyle and the fossa-eminence of the tempo-
ral bone. This disc, known as the TMJ disc, has some
functional parallels with other cartilaginous tissues. For
example, the TMJ disc serves to distribute loads, absorb
shocks, and lubricate the joint space. However, the TMJ
disc is substantially different from articular cartilage at
the structural and cellular levels. This chapter intends to
expose the reader to TMJ disc fundamentals that may in-
fluence biomedical engineering approaches related to elu-
cidation and treatment of TMJ disc pathophysiologies.
The chapter begins with a discussion on TMJ anatomy,
follows with an examination of TMJ disc structure-func-
tion relationships, and concludes with a review of the TMJ
disc’s role in TMJ disorders and pathologies.

2. ANATOMY

2.1. General Anatomy of the TMJ

The TMJ disc is located between the mandibular condyle
and the fossa-eminence of the temporal bone. These struc-
tures—disc, condyle, glenoid fossa, and articular emi-
nence—are the principal components of the TMJ, shown
in Fig. 1. The TMJ is surrounded by a joint capsule and
synovial fluid, but it is quite different from other synovial
joints in two ways. First, the TMJ is a bilateral joint,
meaning that the movement of one TMJ will result in the
movement of the contralateral TMJ, which clearly indi-

cates that motions of the two TMJs in the body depend on
one another. Second, the TMJ undergoes both rotational
and translational movements during masticatory func-
tion, which will be discussed in more detail later.

2.2. Topography and Geometry

The TMJ disc is composed of a fibrocartilaginous tissue
that can be separated into three distinct areas, as seen in
Fig. 2. These areas have been defined as the anterior band,
intermediate zone, and posterior band (1). In the sagittal
plane, the TMJ disc has a biconcave shape, being visibly
thicker in the anterior and posterior bands compared with
the intermediate zone. The disc has a similar cross-sec-
tional shape in the coronal plane, being thicker in the me-
dial and lateral regions than the intermediate zone.
However, the thickness of the medial and lateral regions
is smaller than the anterior and posterior bands. From the
superior or inferior view, the disc appears as an ellipsoid,
slightly narrower anteroposteriorly than mediolaterally.
Thus, the shape of the TMJ disc is said to be discotic.

As the TMJ disc is neither round nor uniformly thick,
thickness values are dependent on measurement loca-
tions. At its center, the human TMJ disc is only approx-
imately 1mm thick. The greatest thickness occurs in the
posterior band, where measurements have been as large
as 4mm (2). The posterior band is slightly thicker than the
anterior band, but both are much thicker than the inter-
mediate zone. The approximate anteroposterior length of

Articular
    Eminence

Glenoid
 Fossa

   Condyle

Articular 
    Disc

Temporal 
Bone

Mandible

Figure 1. Principal components of the TMJ. The principal com-
ponents of TMJ are depicted in the sagittal plane; attachment
tissue is not shown. The temporal bone can be subdivided into the
glenoid fossa and articular eminence. The glenoid fossa is the
cavity in which the mandibular condyle sits at rest. The articular
eminence lies at the anterior boundary of the glenoid fossa; it
forms the root of the zygomatic process. The articular disc, also
known as the TMJ disc, lies between the temporal bone and man-
dibular condyle. The disc has a biconcave shape, being thicker in
the anterior and posterior bands. The mandibular condyle artic-
ulates with the inferior surface of the disc; it is free to rotate and
translate during masticatory function.
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the human TMJ disc is 13mm compared with a mediolat-
eral length of 19mm (2,3).

2.3. Compartments and Attachments

The TMJ disc divides the joint space into superior and in-
ferior joint compartments. Both compartments are filled
with synovial fluid. The volume of the superior compart-
ment is about twice the volume of the inferior compart-
ment, approximately 1.0mL compared with 0.5mL,
respectively (4). As a result of masticatory movements,
load is applied to the disc and flow of synovial fluid takes
place.

Neither the location nor the function of TMJ disc at-
tachments is entirely understood. The disc merges with
the joint capsule on its medial and lateral side. The joint
capsule then attaches to the medial and lateral portions of
the condyle in the same region as the collateral ligament
attachments. The nature of the disc attachments allows
for rotation of the condyle relative to the disc. The anterior
portion of the disc blends with connective tissue that at-
taches to the anterior portion of both the eminence and the

condyle. Also, the attachment of the lateral pterygoid
muscle occurs in this region. It was at one time believed
that this muscle attached directly to the anterior band of
the disc (5), but substantial evidence suggests that this
attachment is unlikely (6). The posterior band of the disc
transitions to retrodiscal tissue, a loosely organized vas-
cular tissue that is also referred to as the bilaminar zone.
This retrodiscal tissue then attaches to the temporal bone
and the posterior region of the condylar neck.

3. STRUCTURE AND FUNCTION

3.1. The Role of the TMJ Disc

Interestingly, the TMJ is classified as a compound joint,
which by definition requires the presence of at least three
bones; however, the TMJ has only two. In the TMJ, the
disc operates as the necessary third bone in a compound
joint, acting as the articulating surface during condylar
rotation and acting as the translational surface to both the
temporal bone and the condyle during translation. There-
fore, the TMJ disc is a key component of the complex joint
movements.

As the TMJ disc is a fibrocartilaginous structure, it is
often compared with other meniscal tissues like the knee
meniscus. Much like the knee meniscus, the principal
function of the TMJ disc is to distribute load. For the
disc, this load transfer occurs between the condyle and
fossa-eminence. The disc increases the efficiency of these
load transfers by increasing contact area and reducing in-
congruities between the two surfaces (7,8). In addition, the
disc also assists in joint lubrication and serves to absorb
impact to the joint (7).

3.2. Kinematics

Kinematically, the TMJ differs from other synovial joints
in two major aspects. First, the movements of the left and
right TMJs found in the body must coincide. Second, un-
der normal function, the TMJ undergoes both rotation and
translation. As a result, the basic kinematics of the TMJ
can be broken down into two motions, as seen in Fig. 3.
The initial movement is rotational; it includes the hinge-
like (ginglymus) movement of the mandibular condyle in
the inferior joint compartment. The second motion is a
translational (diarthrodial) movement, which includes the
translation of the disc in reference to both the condyle in
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Figure 2. The regions of the TMJ disc. The superior surface of
the porcine TMJ disc is pictured. Three distinct regions of the
TMJ are depicted: the anterior band, posterior band, and inter-
mediate zone. The approximate dimensions of the porcine disc are
23mm (anteroposterior) by 30mm (mediolateral) compared with
the approximate dimensions of the human disc, 13mm (antero-
posterior) by 19mm (mediolateral).

Figure 3. The principal movements of the
TMJ. The at-rest position of the TMJ is shown
in the first panel. The other two panels show
the joint’s two motions. In the second panel,
the superior surface of the disc and the tem-
poral bone remain fixed as the condyle rotates
against the inferior surface of the disc. In the
final panel, the translation of the superior
surface of the disc relative to the articular
eminence and the translation of the condyle
relative to the inferior surface of the disc oc-
cur.

2 TEMPOROMANDIBULAR JOINT DISC



the inferior joint space and the glenoid fossa and articular
eminence in the superior joint space. Accordingly, the TMJ
can be further classified as a ginglymo-diarthrodial joint.
Although it is useful to breakdown TMJ motions into
these two movements, it should be noted that rotational
and translational movements occur simultaneously after
the initial rotation. In a properly functioning TMJ, the
disc assists in lubrication of the inferior and superior joint
space surfaces during these movements. Also, collagen fi-
bers distribute tensile loads through the disc, and
chondroitin sulfate proteoglycans serve to dissipate im-
pacts and compressive loads.

3.3. Cell Types

The cells found in the TMJ disc differ substantially from
articular cartilage. The ECM of articular cartilage is
solely produced and maintained by one cell type, chon-
drocytes (9). Conversely, the ECM of the TMJ disc is pro-
duced and maintained by a nonhomogeneous cell
population that appears to be a combination of chondro-
cyte-like cells and fibroblasts. A typical histological stain-
ing of cells isolated from the porcine TMJ disc is shown in
Fig. 4. Chondrocyte-like cells of the disc are also known as
fibrochondrocytes (10,11). Visually, these cells are similar
to chondrocytes with the exception that chondrocyte-like
cells of the TMJ disc are believed to lack a pericellular
matrix capsule (10). Fibroblasts, on the other hand, are
found in several other tissues such as skin. Fibroblasts are
known to have many functions in the body; for example,
they are known to secrete collagen type I and to be in-
volved in the production of fibrous tissue.

The distribution of the two cell types seems to be het-
erogeneous in the TMJ disc; however, the intermediate
zone of the TMJ disc appears to have an abundance of
chondrocyte-like cells relative to the anterior and poste-
rior bands. Fibroblasts are the predominant cell type in
virtually all regions of the TMJ disc (unpublished data). In
preliminary work, we observed the ratio of fibroblasts to
chondrocyte-like cells to be about 4 to 1.

3.4. Collagen Content and Organization

The ECM composition of the TMJ disc is considerably dif-
ferent from articular cartilage. The collagen found in the
TMJ disc is predominantly type I (11–13). It is not clear
from the literature whether collagen types II and III are
present in the TMJ disc. If they do exist in the disc, they
are probably only found in trace amounts (11–14). On the
contrary, the main type of collagen found in articular car-
tilage is collagen type II, with trace amounts of types I and
III (15).

The alignment of collagen fibers in the TMJ disc is an-
isotropic, but some basic symmetry appears to exist. The
collagen fibers near the periphery of the TMJ disc align in
a ring-like structure, whereas the collagen fibers in the
intermediate zone run predominately in an anteroposte-
rior direction. In the anterior band, most of the collagen
fibers are aligned in the mediolateral direction; however,
some fibers are arranged in the anteroposterior direction.
In the posterior band, the collagen fibers lie almost exclu-
sively in the mediolateral direction. The medial and lat-

eral sections are composed of collagen fibers oriented in
the anteroposterior direction, completing the ring-like ar-
rangement of collagen fibers around the periphery of the
disc (16–19). A diagram of these orientations can be seen
in Fig. 5.

Few studies have been published concerning the quan-
tity of ECM components in the TMJ disc. Also, the infor-
mation available in the literature varies because of the use
of different animal models and techniques. Collagen con-
centration in lapine TMJ discs was observed to be 50% on

Figure 4. Histology pictures of the TMJ disc cells. Cells isolated
from a porcine TMJ disc were stained and placed under a micro-
scope. A typical chondrocyte-like cell, or fibrochondrocyte, can be
seen in the first panel; these cells have a round shape and are
typically surrounded by a lacuna. Fibroblasts, shown in the sec-
ond panel, have an elongated shape and are aligned with the col-
lagen fibers.
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a dry volume basis (20); but in the bovine TMJ disc, an
83% dry weight basis measure has been reported (21). In
the human TMJ disc, a collagen content of approximately
30% on a wet weight basis has been reported (22,23). The
collagen content for articular cartilage is widely accepted
in the literature to be between 60% and 80% of the dry
weight. Moreover, it is well established that collagen con-
centration in articular cartilage decreases from the artic-
ulating surface to the subchondral bone interface.
Unfortunately, this type of characterization has not been
completed for the TMJ disc.

3.5. Elastin Content and Distribution

Elastic fibers, primarily composed of a randomly coiled
protein known as elastin, can be found between the colla-
gen fibers in the TMJ disc. The distribution of elastic fi-
bers is nonhomogeneous; they are primarily oriented in
the anteroposterior direction, parallel to the collagen fi-
bers (24). Elastic fibers are unlikely to enhance the tensile
or compressive properties of the disc; instead, they prob-
ably serve to restore a resting disc form and position after
loading (13). The superior surface is believed to contain
more fibers than the inferior surface, and the periphery of
the disc contains dramatically more fibers than the inter-
mediate zone (25).
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Figure 5. Collagen fiber arrangement in the TMJ disc. In the anterior (2) and posterior (8) bands,
collagen fibers are oriented in the mediolateral direction. In the medial (4) and lateral (6) regions,
as well as the intermediate zone (5), collagen fibers orient primarily in the anteroposterior direc-
tion. Around the periphery of the disc, a ring-like alignment of the fibers is observed.
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3.6. Glycosaminoglycan and Proteoglycan Content and
Distribution

Together, glycosaminoglycans (GAGs) and proteoglycans
are extremely important to the mechanical integrity of a
tissue. GAGs are long, branched, repeating disaccharide
chains that possess at least one negatively charged side
group. Proteoglycans are composed of a central protein
core with one or two GAG side chains (dermatan sulfate
proteoglycans) or several GAG side chains (chondroitin
sulfate proteoglycans). Chondroitin sulfate proteoglycans,
such as aggrecan, are known to contribute to the com-
pressive stiffness of a tissue by attracting water via neg-
ative charges. Dermatan sulfate proteoglycans, however,
are hypothesized to contribute to tensile integrity via
modulation of collagen fiber formation.

Although proteoglycans can be found in the TMJ disc
and articular cartilage, the amount, location, and type of
proteoglycans vary considerably between the two tissues.
For example, the lapine TMJ disc contains only 10% of the
GAG content found in lapine hyaline cartilage (26). Also,
some studies argue that proteoglycan and GAG concen-
trations are largest in the periphery of the TMJ disc
(13,27), whereas others state that the intermediate zone
has the largest GAG and proteoglycan content (28,29).
Furthermore, the most abundant proteoglycans in articu-
lar cartilage contain chondroitin sulfate and keratan sul-
fate side chains. In contrast, the proteoglycans found in
the TMJ disc are composed predominantly of chondroitin
sulfate or dermatan sulfate side chains (21,26,29). Unfor-
tunately, the total amount and distribution of GAGs and
the respective amounts of chondroitin sulfate and derma-
tan sulfate found in the disc is uncertain (26,30). These
uncertainties can be attributed to a general dearth of
characterization studies performed on the TMJ disc and
differences in techniques or animal models.

3.7. Tensile and Compressive Properties

The mechanical characteristics of the TMJ disc are of par-
ticular interest because the disc must distribute tensile,
compressive, and shear loads. Like most soft tissues, the
TMJ disc has viscoelastic material properties, meaning its
mechanical behavior is dependent on multiple parameters
such as strain history (31,32). This inherent characteris-
tic, combined with variations in methodology and animal
models, makes it difficult to compare data between various
studies. However, similar trends have been observed
throughout the available mechanical characterization
studies.

Tensile and compressive studies have been conducted
on a variety of different animal models with several dif-
ferent methodologies. Comprehensive summaries of me-
chanical tests performed to date are available in reviews
by Detamore and Athanasiou (2,33). The data from these
tests have a strong correlation to the structure of the disc,
especially the alignment of the collagen fibers. During
tensile loading in the anteroposterior direction, the TMJ
disc has typically been shown to be stiffer in the interme-
diate zone than the medial and lateral regions of the ca-
nine and porcine models (34,35). In contrast, for a similar
test, the bovine disc was observed to be slightly less stiff in

the intermediate zone compared with the medial and lat-
eral regions (36). During tensile loading in the mediolat-
eral direction, the anterior and posterior bands were
shown to be significantly stiffer than the intermediate
zone in canine and porcine models (35,37), thus demon-
strating anisotropy of mechanical properties in the disc.
Under compression, the human TMJ disc generally has
been shown to be stiffest in the intermediate zone. Specif-
ically, Kim et al. (38) examined five regions of the porcine
disc and found that the largest compressive stiffness oc-
curred in the medial region. Also, it has been hypothesized
that the mechanical characteristics of the disc vary from
the superior surface to the inferior surface because of a
nonhomogeneous distribution of ECM components. In our
group, experiments examining this hypothesis are in pro-
gress.

Finite element modeling has attempted to analyze the
mechanical behavior of the TMJ disc. These models have
predicted both compressive stresses and tensile stresses
throughout the disc. For models that assume a healthy
disc position, large compressive stresses have been ob-
served in the posterior band (39–41) and the lateral side of
the intermediate zone (42). In similar models, tensile
stresses have been identified in the intermediate zone
(39,40), the medial region, and the posterior band (41).
Finite element models of the stress distribution in an an-
teriorly displaced disc have shown compressive stresses
throughout all regions of the disc; the largest occurs in the
posterior band (41). The use of different modeling assump-
tions, however, makes it difficult to compare stress mag-
nitudes across models.

Although the values for mechanical characteristics
such as the modulus and ultimate tensile strength vary
because of differences in animal models, test methodolo-
gies, and locations on the disc, it is important to note that
mechanical characteristics of the disc are strongly linked
to the arrangement and distribution of collagen and elas-
tic fibers, GAGs, and proteoglycans. For anteroposterior
tensile tests, regions where collagen fibers are aligned
with the applied load have the largest moduli (intermedi-
ate zone). In contrast, when the intermediate zone is
loaded mediolaterally, load is distributed transversely to
fiber alignment. Hence, it is not surprising that, for med-
iolateral tests, the anterior and posterior bands of the disc,
where fibers align mediolaterally, are significantly stiffer
than the intermediate zone.

4. DISORDERS AND TREATMENTS

4.1. Epidemiology

Temporomandibular disorders (TMDs) are comprised of a
heterogeneous group of diseases. These diseases can affect
the components of the TMJ, the ligament attachments of
the mandible, or the muscles of mastication. The fre-
quency of TMDs has been the subject of several epidemi-
ological studies; however, because of a lack of
standardized diagnosis criteria, variations in sampling
methodology, and influences of co-morbid disease, results
across these studies have considerable variations. Most
epidemiological studies estimate that at least one-fifth of a
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sample population exhibits signs and symptoms associ-
ated with TMDs (43–45). In contrast to the incidence of
signs and symptoms, only 2–4% of the population actually
seeks treatment for TMDs (46,47). This difference may be
caused by a number of contributing factors, such as adap-
tive responses to a mild disease, failure by the medical
community to distinguish variations from normal, and the
lack of significant pain in a patient.

Among those patients choosing to seek treatment, a
gender bias appears to exist. Studies of the patient popu-
lation report that women suffer from TMD two to seven
times more often than men (48,49). A few theories attempt
to explain this gender bias. First, women may be more in-
clined to suffer from TMD-associated pain. For example,
the specific incidence of headaches has been reported to be
1.5 to 2 times higher in women exhibiting signs and symp-
toms of TMD than men (48). Also, a physiological basis for
this gender bias exists. Functional estrogen receptors
have been identified in the female primate TMJ (50–52).
These receptors may be capable of releasing biochemical
factors that predispose female joints to biochemical-medi-
ated joint degradation. However, results from epidemio-
logical studies with the general population do not
consistently reveal a TMD gender bias. Although some
epidemiological studies report a higher incidence of symp-
toms in women, others report that the occurrence of symp-
toms, such as clicking and crepitation, are equally
distributed between women and men (53).

In an effort to yield comparative results and establish
universal diagnosis criteria across epidemiological stud-
ies, several investigators have elected to use functional
indices such as the Helkimo dysfunctional index (54) and
Fricton’s craniomandibular index (55). These indices are
designed to generate uniform diagnosis criteria of man-
dibular dysfunction between sample populations and
studies. However, differences in dental health, age, gen-
der, and culture of participating individuals, along with
examiner bias, remain as significant sources of variation.

4.2. Joint Diseases

The joint components, ligament attachments of the man-
dible, and the muscles of mastication can be affected sep-
arately, or in combination with each other, during
temporomandibular dysfunction. Problems related to the
joint can be categorized into three groups: irregular move-
ments of the TMJ disc relative to the condyle and fossa-
eminence (internal derangement), pathological degenera-
tion of the condylar head (degenerative joint disease), and
ankylosis (reparative/osteogenic disease).

4.3. Internal Derangement

Internal derangement is the loss of coordinated move-
ments between the TMJ disc and condyle. This loss is
tantamount to disc displacement, most commonly in the
antero-medial direction. The stages and degree of internal
derangement are well categorized (49). In the early stage
of internal derangement, a mild clicking can be heard and
felt during opening and closing of the mandible, which is
because of a slight anterior displacement of the disc. As
the disorder progresses to the early-intermediate stage,
clicking and other joint sounds intensify, and sporadic
pain and tenderness occur. During the intermediate stage
of internal derangement, anterior displacement of the disc
increases in severity. Joint pain and headaches become
frequent, and limitations of mandibular movement, also
referred to as locking of the jaw, begin. Thickening of the
posterior band may occur; movements of the condyle
across this thick posterior band have been implicated as
the cause of joint clicking. In the intermediate-late stage,
chronic pain and headaches are common. The displace-
ment of the disc obstructs the movement of the mandible,
as seen in Fig. 6. The abnormal disc position results in
improper distribution of load through the disc and joint.
This loading profile may lead to further degeneration of
the disc and surrounding tissue. Late stages of internal
derangement are characterized by crepitations, which re-
sult in the gross degeneration of the disc, condyle, and ar-
ticular eminence. Degenerative remodeling of the TMJ
increases in severity throughout the intermediate, inter-
mediate-late, and late stages of internal derangement
(49).

As the displacement of the TMJ disc has a near perfect
correlation with internal derangement in symptomatic
patients, the term ‘‘internal derangement’’ is commonly
used in the literature to denote a displacement of the disc.
However, displaced discs have also been observed in
asymptomatic patients and cadavers (56), which calls
into question the classic model for the pathogenesis of in-
ternal derangement. Although the stages of internal de-
rangement are well characterized, the causes of internal
derangement are controversial and not well understood.
Hyperactivity of the superior head of the lateral pterygoid
muscle has been proposed as a mechanism for anterior
displacement of the disc. However, opponents of this the-
ory assert that the lateral pterygoid muscle does not at-
tach to the disc, thus making the aforementioned
mechanism unlikely. Macrotrauma, such as impact to
the mandible or hyperextension of the joint, and repeti-
tive microtrauma, such as clenching and grinding, have

Normal Anatomy
Closed Mouth Position

Anteriorly Displaced Disc
Closed Mouth Position

Obstruction of Jaw Movement
Open Mouth Position

Figure 6. Diagram of displaced TMJ disc.
The first panel depicts a normal position in
the TMJ for the closed mouth. Over time, the
disc can displace in the anterior direction be-
cause of repeated microtrauma; this shift is
depicted in the second frame. If the disc be-
comes severely displaced, it can restrict
mouth opening by obstructing the translatory
movement of the mandible. In this position,
the disc begins to fold, and abnormal load dis-
tribution occurs throughout the joint.
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been implicated in the pathogenesis of TMDs (57). Both
types of trauma are capable of producing joint inflamma-
tion, which may further compromise the integrity of the
articular structures and stability of attachment tissues.
Deformations and malposition of the disc and surrounding
tissue may ensue, thus leading to improper coordination of
the disc and condyle during joint motions.

4.4. Degenerative Joint Disease

Degenerative joint disease processes are the result of an
imbalance between remodeling and degradation of carti-
laginous and bony structures (58,59). In degenerative dis-
eases, damage to one component of TMJ is likely to lead to
complications in other components. For example, changes
in condylar morphology can affect the attachments of the
disc leading to disc displacement or deformation. These
deformations alter the load distribution characteristics of
the joint, which further induce joint degradation. Osteo-
arthritis is an example of a disease that results from
pathological loading. Other pathologies produce degener-
ation of the joint through inflammation, which include
rheumatoid arthritis and psoriatic arthritis.

The degenerative disease processes can be attributed to
one or more of the following factors: growth factors, ne-
uropeptides, sex hormones, and free radicals. Growth fac-
tors, or cytokines, regulate the expression of specific
matrix proteins, which, in turn, results in either the re-
generation of the TMJ or degradation of the TMJ. Growth
factors also regulate immunological pathways, influence
the presence of oxygen free radicals, and manipulate the
production of attachment proteins (60). Some of the
known effects of specific growth factors can be seen in Ta-
ble 1. Neuropeptides are released from activated nerve
terminals into the synovial fluid. They have been shown to
affect tissue degradation by assisting the inflammatory
response, stimulating growth factor production, and pro-
moting activity of degradation proteins (68–70). Func-
tional estrogen receptors have been identified in the
female TMJ (50–52); it has been hypothesized that estro-
gen binding promotes the degenerative disease process by
increasing the synthesis of specific growth factors (60).
Sulfur- and oxygen-based free radicals may occur in the
joint because of chemical or mechanical factors (71). Free
radicals are highly reactive and can set off a number of
chain reactions that lead to further degradation of the
ECM and synovial fluid (72–74).

4.5. Reparative/Osteogenic Joint Disease

Reparative responses are provoked by the disruption of
joint structures, an injury to the joint capsule, or an injury
to the joint ligaments. Generally, these responses are nor-
mal and help to restore function to the joint. However,
when reparative responses are excessive or when the ori-
entation of the healing response restricts joint motion,
stiffening of the joint caused by tissue fusion and excessive
tissue remodeling can occur, which may be in response to
excessive soft tissue fibrosis (fibrous ankylosis) or hetero-
tropic bone formation (bony ankylosis). Trauma to the
joint cavity in young, metabolically active children, or re-

petitive trauma from multiple surgeries is connected to
the development of ankylosis.

4.6. Treatments for Joint Disease

When a TMD is diagnosed, a team approach addressing
articular problems, muscle dysfunctions, and psychiatric
conditions is necessary for successful management of the
patient. A variety of treatment options are available for
these interrelated conditions; treatments include non-
steroidal anti-inflammatory drugs, muscle relaxants,
physical therapy, interocclusal appliances, and psychotro-
pic medication. Surgical treatments of TMDs are directed
at the primary cause of joint dysfunction. However, be-
cause the pathogenesis of joint conditions is often contro-
versial and multifactorial, several surgical approaches
have been proposed. In general, surgical procedures are
directed at one or more of the following goals: the elimi-
nation of inflammatory mediators from joint spaces, alter-
ation of joint-loading mechanics, repositioning of displaced
discs, reconstruction of principal components, and re-
moval of restrictive tissue.

The first report of surgery for disc displacement in the
TMJ was described by Annadale in 1887 (75). Today, in-
ternal derangement is managed with minimally invasive
surgical maneuvers, like arthrocentesis or arthroscopy, or
open arthroplasty procedures aimed at repositioning and
reshaping the TMJ disc (76–78). When disc degeneration
is excessive, repositioning and reshaping the disc becomes
impossible. In this case, the removal of the disc (discec-
tomy or menisectomy) is indicated (79). Concerns over ac-
celerated joint degeneration because of the lack of a disc
prompted the insertion of transplanted autogenous tissue
grafts, such as articular cartilage, dermal fat, and tempo-
ralis muscle/fascia. These grafts typically failed to persist
and formed fibrous tissue in the joint. Synthetic disc re-
placements have also been attempted, but deterioration of
the implants have caused significant problems in diseased
joints, including unfavorable reactions from the surround-
ing tissue in response to implant degradation byproducts
(80,81). As a result, the use of synthetic implants has
ceased. Joints limited in motion can be treated by remov-
ing the posterior section of the mandible including the
condyle, which allows the condyle to reposition relative to
the fossa, thereby altering the joint-loading characteris-
tics.

Patients who undergo a discectomy are presently man-
aged without a disc replacement. If degradation of the
bony structures is severe, loss of skeletal support to the
lower jaw often develops, and the removal and reconstruc-
tion of the joint is required. Joint removal and reconstruc-
tion is also required for joints that are ankylosed.
Biological replacements of the joint have employed cost-
ochondral grafts with some success (82). Alloplactic alter-
natives are slowly returning to the market following a
moratorium imposed by the FDA in the 1990s.

5. BIOMEDICAL ENGINEERING AND THE TMJ DISC

In the past, biomedical engineering efforts concerning the
TMJ disc have centered on the creation of implants and
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the development of medical instrumentation to improve
surgical and diagnostic techniques. Although these fields
continue to change, it has been only recently that biomed-
ical engineers have turned their focus toward the charac-
terization of TMJ components at the cellular and
molecular level. Since then, our understanding of the
TMJ and its tissues has improved, but there is still
much to do. A better understanding of cellular functions,
ECM composition, and micron level mechanics will lead to
new frontiers, and our knowledge of the functions and
disorders associated with the TMJ will swell along the
way.

Several groups of scientists, clinicians, and engineers
continuously study the TMJ and the TMJ disc. As our
knowledge of TMJ mechanics, biochemical environment,
and disease pathologies increases, biomedical engineers
will be able to create better tests and models to investigate
the role of various signals in TMD pathologies. The proper
mixture of growth factors and therapeutic agents may be
able to aid in the correction of internal derangement or
assist in pain relief. New radiographic techniques and
computer modeling can increase our knowledge of disc po-
sition during joint movements, which may lead to innova-
tive surgical techniques and instruments that may greatly
improve existing practices. Also, gene therapy may be ca-
pable of introducing restorative agents to the joint in an
effort to improve joint function. Tissue engineering offers
the possibility of creating implantable tissues suitable to
reconstruct the TMJ. For example, a tissue-engineered
disc may be able to eliminate pain and restore function
without inducing crepitation and bony degradation in the
joint. In the case of a severely degenerated joint, a tissue-
engineered condyle and disc construct may be able to re-
store a natural joint structure and function that is cur-
rently impossible. However, a more complete
understanding of the TMJ is necessary first. The poten-
tial ability of biomedical engineering to create viable so-

lutions to treat TMDs will abound as the characterization
of the TMJ and its diseases blossoms into reality.
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1. INTRODUCTION

This chapter focuses on the methods of measuring the
transport properties necessary to quantify the rate of heat
conduction through biological materials. Knowledge of the
thermal properties of biological tissues is useful when
heating or cooling of tissues occurs for therapeutic pur-
poses or in the assessment of potential thermal hazards.
Much of our knowledge of the thermal properties of tissues
developed in response to efforts to use hyperthermia as a
treatment modality for cancer. Successful hyperthermia
treatment requires careful control of the tumor tempera-
ture at about 431C while the surrounding tissue is spared.
Design of suitable equipment and treatment protocols
requires knowledge of the heat clearance mechanisms in
the tissues, primarily conduction and convection because
of the blood perfusion. More intense tissue heating is used
clinically in tissue ablation techniques and in laser sur-
gery. Cryosurgery also uses thermal means to remove
unwanted tissue by freezing it. In the cases of laser
surgery and cryosurgery, additional thermal properties
are of interest that characterize the changes of phase that
take place. Knowledge of the thermal conductivity is also
needed to assess potential hazards such as exposure to hot
surfaces, electromagnetic fields, intense thermal radiation
sources, and lasers. Also of interest is the temperature rise
because of the exothermic reactions that occur during the
setting of bone cement during vertebroplasty or implant
surgery. Additional applications include the use of heat as
a washout marker for measuring blood flow. The heat
clearance because of blood flow can be estimated if other
losses including conduction can be evaluated.

Heat transfer, energy in motion because of a tempera-
ture difference, may take place by any of three modes:
conduction, convection, and radiation. Thermal conduc-
tion occurs through a material when more energetic
particles in hot regions of the material exchange energy
with less energetic particles in cooler regions of the
material. Unlike convection, which requires the bulk
movement of the material, conduction occurs on a mole-
cular scale without requiring the net movement of mate-
rial. Radiation is an entirely distinct mechanism of heat
transfer by which energy is exchanged by the emission
and absorption of photons.

The rate of heat transfer by conduction qx (W), under
the simplest conditions, that of steady-state heat conduc-
tion through a uniform slab as shown in Fig. 1, is related
to the temperature difference across the slab DT¼T2 � T1

(K), the area of the slab A (m2), and the thickness of the
slab Dx(m) according to

qx¼ � kA
DT
Dx

; ð1Þ

where the constant of proportionality k (W/m�K) is a
property of the material known as the thermal conductiv-
ity. Under transient conditions, a related property known
as the thermal diffusivity a (m2/s) is of interest. When a
slab of material, initially at a uniform temperature, is
suddenly exposed to a higher surface temperature, as
shown in Fig. 2, heat diffuses into the material at a rate
proportional to the temperature gradient as before, but
the gradient itself evolves with time. The rate of tempera-
ture change at a given point is directly proportional to the
net rate of heat transfer and inversely proportional to the
heat capacity of the material, which is the product of its
density r (kg/m3) and its specific heat C (J/kg�K), thus
a¼ k=rC. Many transient techniques yield the thermal
diffusivity from which the thermal conductivity can be
calculated based on independent knowledge of the density
and specific heat.

2. THERMAL CONDUCTIVITY VALUES

The intrinsic properties of tissues depend strongly on
their composition. [Table 1 contains some representative
thermal conductivity values. More comprehensive tabula-
tions are available in the literature (1–7).] Most soft
tissues contain a large fraction of water in liquid form
that is relatively immobile. For soft tissues, Cooper and
Trezek (8) recommend the following correlations for the
thermal conductivity

k¼ rx10�3ð0:628fwaterþ 0:117fproteinsþ 0:231ffatsÞ

W=m�K;
ð2Þ

qx

T1

T2A

T(x)

∆x

Figure 1. Steady heat conduction through a uniform slab.

T(x,0)

T(x,t)

T(x,∞)

t

Figure 2. Transient heat conduction into a uniform slab initially
at T(x,0) after the surface temperature is suddenly increased to
T(x,N).
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specific heat

C¼ 4; 200fwaterþ 1;090fproteins

þ 2;300ffats J=kg�K;
ð3Þ

and density

r¼
1

fwater=1; 000þ fproteins=1; 540þ ffats=815
kg=m3; ð4Þ

where fwater, fproteins, and ffats are the mass fractions of
water, proteins, and fats, respectively. These correlations
can provide useful predictions in the absence of direct
measurement. They also point to the importance of noting
the composition of tissue when interpreting thermal prop-
erties reported in the literature. The reader should be
cautioned that thermal conductivities exceeding those of
pure water are sometimes reported in the literature for
tissues in vivo. Such values frequently include a convec-
tive contribution because of blood flow that will be ad-
dressed later in this chapter.

The thermal conductivity of biomaterials can be ex-
pected to show some temperature dependence. It is noted
that the conductivity of water at 371C increases at a rate of
0.0014 (W/m�K)/K (9). High water content tissues show a
nearly identical temperature coefficient (3).

3. MEASUREMENT FUNDAMENTALS

In order to measure the thermal conductivity of a mate-
rial, both a heat source and a temperature difference must
be controlled or measured in an apparatus that has well-
characterized geometric and thermal properties. The ther-
mal conductivity is the value of k that best satisfies the
solution to the relevant heat conduction equations subject
to the measured boundary or initial conditions. Empirical
calibrations based on materials with known thermal con-
ductivities are then used to correct for aspects of the
actual instruments that do not satisfy the assumptions
of the analysis.

Theoretical predictions of the temperature in a solid
may be obtained by solving the general heat diffusion
equation

r � krTþ q00 0 ¼ rC
@T

@t
; ð5Þ

where q00 0 is the rate of heat generation per unit volume
(W/m3), subject to appropriate boundary and initial con-
ditions. Equation 5 applies for homogeneous, isotropic
materials that satisfy Fourier’s law of heat conduction,
which states

q00 ¼ � krT; ð6Þ

where q00 is the conductive heat flux vector (heat conduc-
tion per unit area). In most cases, the temperature depen-
dence of k is sufficiently weak that the conductivity is
taken to be a constant in the solutions.

When tissue samples of sufficient size can be excised
from the organism, measurements of the thermal conduc-
tivity can be made by methods similar to those often used
on nonbiological materials. The basic idea is to create
steady-state, 1D conditions similar to those shown in
Fig. 1. The desired thermal conductivity may then be
obtained directly from Equation 1. Figure 3 shows a
typical apparatus that might be used for measuring the
thermal conductivity of an excised sample. Myriad varia-
tions on this basic configuration exist. Although simple
and reliable, these methods are limited to tissues that can
be excised and shaped to precisely fit the test cell. In
practice, long equilibration times may be needed to ap-
proximate the assumed steady-state conditions. More
complete descriptions of similar methods are available in
the general heat transfer literature (10).

The remainder of this chapter focuses on measurement
techniques better suited to soft tissues that might need to
be measured in situ. Most biomaterials, except for obvious
exceptions such as blood and bone, are taken to be soft
solids in the range between the freezing and boiling points
of water.

Table 1. Representative Thermal Conductivity Values

Tissue Thermal Conductivity (W/m�K)

Aorta 0.461 (5)
Fat of spleen 0.334 (3)
Spleen 0.539 (3)
Pancreas 0.542 (3)
Cerebral cortex 0.515 (3)
Renal cortex 0.547 (3)
Myocardium 0.537 (3)
Liver 0.512 (3)
Lung 0.451 (3)
Adenocarcinoma of breast 0.564 (3)
Resting muscle 0.478 (4)
Femur 0.16–0.34 (6)
Agar-gelled water 0.623 (7)
Glycerol 0.289 (7)

Insulating
Material

Tissue
Sample

Heat Source

Heat Sink

Reference
Material

Cooling Water Tubes

x – Temperature
 Sensor

x

x

x

x

Figure 3. Schematic of a device for measuring the thermal
conductivity of an excised tissue sample. The conductivity of the
reference material and the dimensions of all materials must be
precisely known.
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4. INSERTED PROBE DEVICES

The simplest instrument for measuring the thermal con-
ductivity of a soft tissue is a small, inserted probe that
serves as both heat source and temperature-sensing ele-
ment. To be practical, the probe must be small enough to
cause minimal trauma to the tissue and must achieve
uniform thermal contact with the surrounding tissue. In
the following sections, the most widely used heating
schemes are reviewed.

4.1. Constant Power Spherical Probe

A simple device can be constructed from a uniformly
heated spherical probe that operates at constant power
P until it reaches a steady-state temperature. The surface
of a uniformly heated sphere of radius a embedded in an
infinite, homogeneous medium initially at a uniform
temperature will reach a temperature elevation above
the distant tissue of (11)

DT¼
P

4pka
: ð7Þ

This technique, although simple in principle, has several
practical difficulties. Steady state may take a considerable
time to be established, typically 7–8minutes. The result
will also be vulnerable to any drift in the instrumentation
and ambient conditions that occurs during the measure-
ment. Corrections for temperature gradients within the
probe are readily made if the heat generation rate is
uniform and the temperature reading is taken to be a
volume average. In reality, these conditions may be diffi-
cult to achieve. A constant temperature probe is particu-
larly sensitive to the temperature gradients immediately
adjacent to the probe. For that reason, imperfect contact
between the tissue and the probe or the pooling of fluid
around the probe may introduce significant errors. The
following transient methods provide improved perfor-
mance by moving the zone of tissue to which they are
most sensitive away from the surface of the probe.

4.2. Constant Temperature Spherical Probe

A spherical probe in an infinite, homogeneous medium can
be maintained at a constant temperature with a heat
source of the form

P¼AþBt�1=2; ð8Þ

where A and B are constants that depend on the probe and
tissue properties. In practice, a self-heated thermistor is
used for the heat source and sensing element (Fig. 4). The
power supplied to the thermistor is adjusted by a closed-
loop controller that maintains the probe at constant
temperature. A best linear fit of the measured P(t) versus
t�1/2 is used to determine the thermal conductivity of the
tissue to obtain A and B. Figure 5 shows a simulated
dataset that illustrates how A is the intercept on the P(t)
axis and B is the slope of P(t) versus t� 1/2. The conduc-

tivity of the material is obtained from (4)

k¼
1

4paDT
A
�

1

5kp

; ð9Þ

where kp is the conductivity of the probe. The thermal

Tissue

Electrical Leads

Sensed
Volume

Mechanical SupportSelf-Heated
Thermistor

Glass Bead

Figure 4. Schematic of an implanted, spherical thermistor
probe. The sensed volume, which should not impinge on the
tissue surface, has an approximate radius of 3(atm)

1/2, where tm
is the total duration of the measurement.
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Figure 5. Typical power versus t� 1/2 curves for a spherical
constant temperature probe. The plot shows simulated data for
a temperature increase of 31C during the interval from 4 to 20 s
for a probe of radius 0.5mm of conductivity 0.1 W/m�K in a
tissue with an intrinsic conductivity 0.6W/m�K. Also shown is
the expected change in slope and intercept when the effective
conductivity is increased by 20% because of perfusion at a rate of
24kg/m3-s. The volume of tissue sampled during a 20 s measure-
ment has a radius of approximately 5mm. The baseline tempera-
ture should be held constant within 0.11C/min for the duration of
the measurement.
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diffusivity may be found from

a¼
a

ffiffiffi

p
p B

A
ð1þ k

5kp
Þ

2

6

6

4

3

7

7

5

2

: ð10Þ

As A and B depend on the properties of the probe as well
as those of the tissue under investigation, the device is
generally calibrated with materials of known conductivity
such as agar-gelled water and glycerol to determine the
effective radius and conductivity of the probe. A tempera-
ture increment of 31C is commonly used. With care, the
device can determine the conductivity to within about 2%
or better for simple, homogeneous materials. Somewhat
less precision can be expected for complex biomaterials.

4.3. Pulse Decay Spherical Probe

A physically similar device can be used with an alterna-
tive heating scheme. A pulse of power P released at the
origin for a duration of tp yields a temperature elevation
above the initial steady-state condition in the tissue that
is given by (12)

DTðtÞ¼
PðrCÞ1=2

ð4pkÞ3=2

Z f

0
ðt� uÞ�3=2 exp

�r2rC
4kðt� uÞ

� �

du; ð11Þ

where r is the distance from the center of the probe and

f¼
t at totp

tp at t � tp:

(

ð12Þ

The temperature at the origin after the pulse has ended
(t4tp) is given by

DTðtÞ¼
2PðrCÞ1=2

ð4pkÞ3=2
ðt� tpÞ

�1=2
� t�1=2

h i

: ð13Þ

Finding the best fit of the measured temperature decay to
the theoretical response with k as an adjustable para-
meter readily yields the thermal conductivity.

Practical probes have a nominal diameter of 0.3mm. A
typical measurement will fit temperature data to Equa-
tion 13 for the interval from 3 to 15 s after the end of 3 s
pulse. Maximum temperature elevations are limited to
about 51C.

Advantages of the pulse decay method include relative
insensitivity to the initial temperature distribution in the
tissue, the density and specific heat of the tissue, and the
properties of the probe. This technique is also somewhat
less sensitive than the constant temperature scheme to
trauma in the immediate vicinity of the probe because the
steepest temperature gradients move quickly away from
the probe after the end of the heating pulse.

4.4. Sinusoidally Heated Spherical Probe

A sinusoidally heated probe can allow direct control of the
sampling volume. The temperature disturbance created

by the probe propagates less far from the probe at high
frequencies than at low. By using closed-loop control, the
power used to heat a thermistor can be varied sinusoidally
with time according to (13)

PðtÞ¼AþB sinð2pftÞ; ð14Þ

where f is the frequency of the time variation. A best fit of
the resulting temperature rise in the thermistor to the
equation

DTðtÞ¼CþD sinð2pftþfÞ ð15Þ

can be empirically related to the thermal conductivity. In
this instance, a distinction must be made between an
effective conductivity that includes the convective effects
of the blood perfusion and an intrinsic conductivity of the
tissue that develops from heat transfer because of mole-
cular motion alone. A more complete discussion of the
relationship between the effective conductivity and blood
perfusion is presented later in the chpater. The effective
conductivity, including the effects of blood perfusion, is
given by

keff ¼
1

c1þ c2
C

A

; ð16Þ

and a property related to the intrinsic conductivity is
given by

ksin¼
1

c3þ c4
D

B

; ð17Þ

where c1, c2, c3, and c4 are determined from calibration on
known materials. For periods of oscillation below 20 s, the
value ksin approaches the intrinsic conductivity of the
tissue, whereas at longer periods (lower frequencies) ksin
may also include the effects of blood perfusion.

4.5. Constant Power Cylindrical Probe

Spherical probes are most widely used, but cylindrical
probes are sometimes employed. The temperature incre-
ment near a long, cylindrical probe that is heated at a
constant power of P is given by (14)

DTðtÞ¼
P

4pLk
ln

4at
r2

� �

� 0:5772

� �

; ð18Þ

where L is the length of the probe. The best linear fit of the
temperature increment at a given radius vs. ln(t) yields
the thermal conductivity. In practice, the temperature
measurement should be close to the probe and the dura-
tion of the measurement must be sufficiently long to
eliminate the effects of the finite size of the probe and
short enough to avoid the effects of the outer surface of the
sample. For example, Bhattacharya and Mahajan (15)
used the interval between 35 to 300 s for a probe of
0.725-mm radius and a minimum sample radius 13mm.
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The probe must also be sufficiently long to reduce the
effects of axial heat conduction.

5. SURFACE AND NONCONTACT METHODS

Many instances develop in which an inserted probe is not
desirable. Under these circumstances, devices that are
placed in contact with the tissue surface but do not
penetrate the surface are desirable. In the limit, these
devices might eliminate contact entirely.

Probes employing a spherical thermistor probe have
been adapted to surface use in some instances (5,16).
When a backing material with a low conductivity is
employed, an approximately adiabatic surface is created
(Fig. 6) that maintains the spherical symmetry in the
temperature field thus allowing the analytical results
presented earlier to be used. As the insulation is less
than perfect and the thermal contact at the surface is
uncertain, these devices can be difficult to use. For the best
results, these devices need to be calibrated with materials
as similar as possible to those under investigation.

A minimally invasive technique involves the use of
ultrasound heating with only a small thermocouple being
inserted into the tissue to monitor the temperature
change (17). The heating pattern used in this technique
is less amenable to analytical solution than those asso-
ciated with spherical or cylindrical probes.

A completely noncontact technique employs radiative
heating and infrared temperature sensing. A practical
device requires a radiative heat source with closed-loop
control to regulate the heat source at a constant increment
above the original ambient temperature and an infrared
camera to record successive thermograms. A step change
in the ambient radiation temperature produces a nearly
constant heat flux to the surface for small changes in
temperature such that

qx¼ esðT4
aH � T4

aLÞ; ð19Þ

where e is the emissivity of the surface, s is the Stefan–
Boltzmann constant, and TaH and TaL are the ambient
absolute temperature during and before heating, respec-
tively. Theory predicts that when a constant heat flux qx is
applied to the surface of a homogeneous, semi-infinite
solid, the temperature at the surface will change accord-

ing to (9)

DTðtÞ¼ 2qx
t

pkrC

� �1=2

: ð20Þ

The thermal conductivity can be computed from the slope
of the increment in surface temperature vs. t1/2 plot
provided that the density and specific heat are known.
Hassan and Togawa report an image sensitivity of better
than 0.0251C and a sampling rate of 60 frames per second
over a 20 s interval during which the ambient temperature
was increased by 201C (18). In addition to avoiding con-
tact, this technique has the advantage of providing data
on the spatial distribution of the thermal conductivity
over a region of interest. When used on the skin of a living
subject, the changes in heat clearance rate from the sur-
face can also be correlated with blood perfusion rates.

6. EFFECTS OF BLOOD PERFUSION

Heat processes in vivo are more complex than those in
excised tissues because of the presence of blood flow. Heat
is carried convectively by the blood flow in vessels of many
sizes and orientations. Blood flow generally has the effect
of clearing heat more rapidly from a volume of tissue than
possible with conduction alone. Unfortunately, no simple,
universally accepted theory exists to account for the
collective effect of blood flow on tissue heat transfer.

Several modifications to the heat diffusion equation
have been proposed to relate the local tissue temperature
T to the blood flow. The most widely used of these models
was proposed in 1948 by physiologist Harry Pennes. The
so-called Pennes bioheat equation is based on the assump-
tions that blood is delivered to each unit of tissue at a
constant arterial temperature Ta where it completely
equilibrates with the surrounding tissue in the capillary
bed. Heat exchange between arteries and veins prior to
the capillary bed is neglected. Blood flow is predicted to
produce a heat sink in the tissue according to (19)

r � krTþobCbðTa � TÞþ q00 0 ¼ rC
@T

@t
; ð21Þ

where ob is the perfusion rate in kg/m3-s and Cb is the
specific heat of blood. The arterial temperature is typically
taken to be equal to the core temperature of the body.

A model similar to that used in porous media such as
saturated soil has also been proposed (20)

r � krT � rCb~u � rTþ q00 0 ¼rC
@T

@t
: ð22Þ

Here, the velocity is the local average velocity of the blood.
This model is most suitable on a fine scale where only a
few individual blood vessels are relevant. When a larger
unit of tissue is considered, this model leads to the
misleading prediction that blood has no effect on tissue
heat transfer, which occurs because arteries and veins
often exist in closely-spaced pairs that carry nearly equal
quantities of blood in opposite directions. The average

Insulating
Material

Tissue

Thermistor Probe

Surface of 
Approximate
Symmetry

Figure 6. Surface placement of a thermistor probe backed with
insulating material.
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velocity of the blood approaches zero because the contri-
butions of the artery and vein cancel, thus eliminating the
perfusion-dependent term in Equation 22. As, in reality,
blood perfusion is observed to enhance heat transfer rates
in tissue, the porous media model is of limited utility.

An alterative formulation in which the blood flow
effects are assumed to simply enhance the thermal con-
ductivity actually predates the Pennes equation:

r � keffrTþ q00 0 ¼ rC
@T

@t
: ð23Þ

In its original form, keff was taken to be a scalar quantity
that could be determined empirically. More recently,
Weinbaum and Jiji (21) have developed analytical expres-
sions for the effective conductivity that are based on
anatomical details of the vasculature. They suggest that

keff ¼ k 1þ
p2r2bC

2
bnr

4
au

2 cos2 f
k2s

� �

; ð24Þ

where n is the number density of countercurrent arteries
and veins, ra is the radius of the vessels, u is the average
speed of the blood in the vessels, j is the angle between
the vessels and the temperature gradient, and s is a
geometrical shape factor that is given approximately by

s �
2p

cosh�1
w2 � r2a � r2v

2rarv

� � ; ð25Þ

where w is the distance between the centerlines of the
vessels and rv is the radius of the veins. The enhancement
to the thermal conductivity is now a tensor quantity that
is nonzero only in the direction of the blood vessels. The
Weinbaum–Jiji formulation is valid only when the pri-
mary blood vessels contributing to the heat transfer
process are nearly in thermal equilibrium with the sur-
rounding tissue, an assumption that holds only for vessels
smaller than a few hundred microns in diameter.

The studies of Weinbaum and Jiji and others have
clearly demonstrated that blood equilibrates with the
surrounding tissue well before reaching the capillary bed
and that countercurrent heat exchange in larger vessels is
significant, thus undercutting the key assumptions in the
Pennes formulation. Several investigators have more re-
cently proposed that a slightly modified version of the
Pennes equation may be useful (22,23)

r � krTþ eobCbðTa � TÞþ q000 ¼ rC
@T

@t
; ð26Þ

where the perfusion rate produces a heat sink mathema-
tically similar to that found in the Pennes equation, but
with a heat transfer effectiveness e that may be deter-
mined either empirically or analytically from the vascular
architecture. Typical values of e lie between 0.6 and 0.8.

Enhancement to the heat transfer rates from an in-
serted probe or other known heat source because of
convection induced by blood perfusion is sometimes inter-

preted as an effective conductivity or apparent conductiv-
ity regardless of what heat transfer mechanisms may
actually be present. Clearly, any combination of a heat
flow and a temperature difference can be used to arbitra-
rily define an effective conductivity, but care must be
taken not to automatically assume that this quantity is
a true property. A property ought not depend on the size or
shape of the measuring device. Nonetheless, a fictitious
‘effective conductivity’ may serve as a useful correlation
between the heat loss from a particular inserted probe and
the blood perfusion rate.

For example, if the Pennes equation is used to model
the convective effects of blood perfusion near a heated
spherical probe, then the intrinsic and effective conductiv-
ities are related by (24)

keff � k

k
¼a

obCb

k

� �1=2

ð27Þ

for both the constant power and constant temperature
probes. Figure 5 shows an example with a 20% increment
to the conductivity because of blood perfusion at a rate of
24 kg/m3-s. The increment to the conductivity depends on
the radius of the probe, which rules out its independent
significance as a thermodynamic property. Thermal con-
ductivities measured in perfused tissue by the pulse-decay
method have less dependence on the dimensions of the
probe, but depend on the length of the heat pulse, showing
again that the effective conductivity incorporating perfu-
sion effects is not a fundamental property, but an empiri-
cal factor that is highly dependent on the device
characteristics.

Although care must be taken in interpreting thermal
conductivity measurements in perfused tissues, numerous
studies have shown that heat clearance from a known
heat source can be used to determine local blood perfusion
rates (13,24). A measurement or accurate estimate of the
intrinsic thermal properties of the tissue is usually needed
so that the contributions of blood flow can be successfully
isolated from true conduction.

The pulse-decay technique can distinguish between
enhancements to the heat transfer rates because of a
heat sink such as found in the Pennes equation and a
true increase in the conductivity, whereas the constant
power and constant temperature techniques cannot. A
Pennes-like heat sink will yield an effective conductivity
that increases with measurement time with the pulse
decay technique. In contrast, a Pennes-like heat sink
will merely change the slope and intercept of the curves
in Fig. 5 in a manner exactly like that expected for an
increase in intrinsic conductivity.

7. ANISOTROPY

Structural features of some tissues such as layering or
oriented fibers may cause the thermal conductivity to
show anisotropy (see Fig. 7). The thermal conductivity of
anisotropic materials must be expressed as a tensor
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quantity as in (25)

q00 ¼ �

kxx kxy kxz

kyx kyy kyz

kzx kzy kzz

2

6

6

4

3

7

7

5

rT; ð28Þ

where, for example, the heat flow in the x direction
develops from temperature differences in the y and z
directions as well

qx¼ � kxx
@T

@x
� kxy

@T

@y
� kxz

@T

@z
: ð29Þ

Directional differences in the conductivity can readily
be assessed if excised tissue samples of adequate size can
be oriented appropriately in a steady-state device such as
that shown in Fig. 3. Alternatively, multiprobe variations
on the inserted probe techniques above have also been
introduced (26). These devices typically use several tem-
perature sensors in different directions from a central
thermistor that serves as both a sensor and a controlled
heat source. As in the other implanted probe techniques,
analytical solutions to the heat diffusion equation includ-
ing an anisotropic thermal conductivity are fitted to the
observed temperature histories of the thermistors.
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Figure 7. Illustration of a slab of anisotropic material with
alternating layers of highly (gray) and poorly (white) conducting
materials. In the midst of the slab, each layer of highly conductive
material will be nearly isothermal causing the overall tempera-
ture gradient be perpendicular to the layers, but the net heat flux
through the slab will remain from left to right.
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1. INTRODUCTION

A ‘‘holy grail’’ for cardiovascular researchers over the past
half century has been the tissue engineering of a small-
diameter blood vessel substitute (1). There is a need for
this substitute because blood vessel substitutes made from
synthetic materials do not work in the small diameters
required for coronary bypass surgery, and many patients
do not have the native vessels normally used in such
surgical procedures. Even in the replacement of larger
blood vessels where synthetic grafts do work, it is hoped
that an enhanced patency might be achieved through
tissue engineering, i.e., a more biological approach.

Initial efforts in the tissue engineering of a blood vessel
substitute date back to the 1970s, with one example being
the concept of creating an endothelial lining within a graft
made from a synthetic material like a polymer through
seeding the inside surface with endothelial cells (2). This
approach has now advanced to where clinical trials are
now in progress in which endothelial-seeded synthetic
grafts are being implanted in peripheral vessel locations.
The results from these studies will be briefly summarized
later.

Others, however, are pursuing even more biological
approaches. The basic structure of a blood vessel is one
that has three components: (1) a middle, muscular part
with vascular smooth muscle cells; (2) an inner, intimal
lining composed of vascular endothelial cells that provides
a non-thrombogenic interface with the flowing blood; and
(3) an outer adventitial layer composed of fibroblasts and
with a vasa vasorum, i.e., a capillary network designed to
bring a blood supply into the outer part of an artery’s wall.
Most of the more biological approaches under develop-
ment combine vascular smooth muscle cells with a scaffold
to make a media equivalent that is then seeded with
endothelial cells to create an inner endothelial lining. It
represents some of the basic structure of a blood vessel,
with only the outer adventitial layer missing; however,
some have even added an outer layer with fibroblasts to
represent the adventitia.

Several issues present barriers to achieving success in
the tissue engineering of a blood vessel. The major critical
ones are cell source, the scaffold/matrix to be used, and a
variety of issues that must be faced once one implants a
tissue-engineered blood vessel; a key one is that of im-
mune acceptance, an issue that is very much tied to cell
source. These critical issues will be discussed in the next
few sections as well as several different approaches. Taken
together, a wide variety of activities focus on the tissue
engineering of a blood vessel substitute, and in the next
few pages, the various approaches and the issues being
faced in their development will be presented.

2. CELL SOURCE

An important issue for tissue engineering in general is
that of cell source. In addressing this issue, a variety of
possibilities is illustrated in Table 1. A tissue-engineered
blood vessel potentially needs three different vascular cell
types: the endothelial cell, the smooth muscle cell, and the
fibroblast. Of these three, it is the vascular endothelial cell
that can be viewed as the ‘‘show stopper,’’ because of its
immunogenicity. As a result, much of the focus here will be
on possible sources for the vascular endothelial cell.

The vascular endothelial cell has long been recognized
as providing a non-thrombogenic inner lining for a blood
vessel. More recently, however, studies indicate that it is a
dynamic participant in the biology of a blood vessel,
serving as a signal transduction interface between the
blood flowing through a vessel and the underlying vessel
wall.

As indicated in Table 1, a basic choice is that of
autologous cells versus allogeneic cells. There obviously
also is the possibility of xenogeneic cells, i.e., cells from
another species; however, there is little likelihood that
xenogeneic cells would be used in a blood vessel substitute
for a clinical application, because of such issues as im-
mune rejection and the possibility of infectious risks.
Autologous cells, i.e., cells from the host (for example,
the patient) into which you are to implant, is an attractive
source, because with the use of autologous cells, there are
no immunogenic issues; i.e., being ‘‘self,’’ they are immune
acceptable. Autologous cells are only less desirable if off-
the-shelf availability is necessary. Although there are
cases in which one might elect the time of surgery, there
are other cases when this is not the case. For example, in
the case of coronary bypass surgery, the surgeon fre-
quently wants to do the bypass procedure within 24 hours.
Furthermore, even when the time of surgery is elective, it

Table 1. Possible Endothelial Cell Sources for Use in the Tissue Engineering of a Blood Vessel Substitute

Endothelial Cells Comments

Autologous endothelial cells Available from biopsy, adipose tissue, etc.; used in early clinical studies but requires in vitro expansion
and does not provide off-the-shelf availability

Allogeneic endothelial cells Can provide for off-the-shelf availability but requires a strategy for the engineering of immune
acceptance

Adult progenitor cells Autologous, possibly could be recruited from bone marrow or circulating blood
Embryonic stem cells Unlimited supply; however, both scientific and ethical hurdles still exist
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would be desirable to have off-the-shelf availability, be-
cause if one was to isolate cells from the patient, expand
them in culture, and then seed them or incorporate them
in some way into the tissue-engineered construct or sub-
stitute before implantation, this time-consuming process
is unlikely to be one that can be exported to hospitals all
over the world. Without this wide use of the technology,
there will never be the impact on the large patient
population that is needed.

The one exception to the above comment about using
autologous cells is if it is possible to recruit the cells
directly from the host into which one has implanted the
tissue-engineered blood vessel. Although there have been
no successes in recruiting human vascular endothelial
cells from the point of anastomosis, there is now consider-
able interest in bone marrow-derived cells (3). This inter-
est includes the use of circulating endothelial progenitor
cells (4). These bone-marrow derived, circulating endothe-
lial cells are non-hematologic in nature and exist in blood
at a low concentration of 2–3 per milliliter. Only after
injury or the presence of ischemia is there an increase in
concentration. Aoki et al. have reported that using an
anti-CD34 antibody, they have recruited circulating cells
to the surface of stents and synthetic material grafts
implanted in pig coronary and carotid arteries (5). Despite
these reports, there is still much that we do know about
these circulating endothelial progenitor cells (6).

If we are not to use autologous cells, then as indicated
in Table 1, an alternative is allogeneic cells. There is some
evidence that both allogeneic smooth muscle cells and
fibroblasts are immune acceptable; i.e., such allogeneic
cells do not require immune suppression to prevent rejec-
tion. For the vascular smooth muscle cell, the evidence is
limited, being based on unpublished preliminary data,
whereas for the fibroblast, the belief that they are immune
acceptable comes from the success of the tissue-engi-
neered skin substitutes that use allogeneic dermal fibro-
blasts. For vascular endothelial cells, however, their
successful implantation will require a strategy for the
engineering of immune acceptance. Different approaches
for achieving this will be discussed later; however, if one
can achieve immune acceptance of allogeneic cells, then
this source will allow for achieving off-the-shelf availabil-
ity.

Finally, in addition to the rich repository of stem cells
and progenitor cells that reside in the bone marrow, there
is the possibility of deriving endothelial cells from em-
bryonic stem cells (7,8). These pluripotent cells are in-
trinsically allogeneic in nature, and although an
allogeneic embryonic stem cell may be immune accepta-
ble, once one has derived from it a differentiated, tissue-
specific cell, one must expect that this differentiated cell
will exhibit all characteristics associated with that cell
type. Thus, if an allogeneic endothelial cell expresses
molecules that make it immune unacceptable, then we
should expect that an endothelial cell derived from an
embryonic stem cell, if fully differentiated, will exhibit
these same molecules and be equally unacceptable.

3. CONSTRUCT TECHNOLOGY

In this section, we discuss different ways by which one can
assemble cells into a three-dimensional structure that
mimics, at least in a rudimentary way, a blood vessel
both in architecture and in function. Because the struc-
ture of a blood vessel has three basic parts, then to create a
mimic of it involves the development of a scaffold or matrix
into which smooth muscle cells can be incorporated to
create a tubular structure that is the equivalent of the
media and within which there is an inner endothelial
lining, the equivalent of the intima. If one desires to also
have an advential layer, then one must add an outer
tubular layer that typically incorporates fibroblasts.

Three basic scaffold strategies have been employed.
These are as follows:

* Naturally derived scaffolds
* Biodegradable synthetic scaffolds
* Cell-secreted scaffolds.

It should be noted that long term it would seem desirable
to have created a situation in which the cells, whatever
the original scaffold was, have made their own matrix,
because to have normal function, the cells need to receive
the signaling cues that they normally do. Thus, there is a
school of thought that believes that it would be best to use
biologic scaffolds, or if one uses a synthetic material as a
scaffold, it should be ultra-short lived, i.e., replaced by a
matrix synthesized and secreted by the cells in as short a
time as possible.

The first attempt to create the equivalent of a blood
vessel with virtually a totally biologic approach was that
of Weinberg and Bell (9). Using type I collagen as the
scaffold/matrix material and bovine cells, they constructed
a media equivalent with smooth muscle cells, an adventi-
tial equivalent with fibroblasts, and an endothelial inner
lining. Figure 1 illustrates a process that one can use to
fabricate a cell-seeded tubular collagen structure. As
indicated in the figure, one might use biochemical stimu-
lation and/or mechanical stimulation as part of the fabri-
cation process, and this we will come back to later in this
section.

For the tissue-engineered blood vessel constructed by
Weinberg and Bell, the strength achieved was insufficient,
and they thus were forced to reinforce the tubular struc-
ture with a Dacron sleeve. Since their pioneering work,
others have developed various strategies for enhancing
the mechanical strength of cell-seeded collagen constructs,
and much of this work is still in progress. Other naturally
derived matrix components are being used. These include
fibrin and small intestine submucosa (SIS) (10–12). This
latter material is being exploited for a variety of tissue
engineering applications, including in the cardiovascular
area (13).

In terms of the use of synthetic materials as scaffolds,
most work has focused on biodegradable polymers. Here
smooth muscle cells are seeded into such a polymeric
scaffold, and as the polymer degrades away, the cells
make their own matrix. Endothelial cells are seeded on
the lumenal surface to form an inner lining, and here
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again the approach is one that results in a tissue-engi-
neered blood vessel with a burst pressure on the order of
that of a native vessel (14,15). Interestingly enough, when
Niklason et al. fabricated media equivalents with human
smooth muscle cells from donors of increasingly older age,
they found that with age the strength of the media
equivalent markedly decreased, which raises as an issue
the age of the donor of the cells. This issue was not
discussed in the previous section; however, it is one that
potentially is important, particularly if the strategy is to
use autologous cells because most of patients who need
blood vessel replacement are older in age.

Bioreactor technology has been developed for both the
cell-seeded collagen constructs and the cell-seeded biode-
gradable polymeric scaffolds. These bioreactors take var-
ious forms, but in general they are used to provide a
controlled environment for the development, growth, and
remodeling of a tissue-engineered blood vessel. The en-
vironment provided can include both biochemical stimula-
tion and mechanical stimulation. For example, adding
ribose to the media has been used to increase the cross-
linking of the collagen to increase strength (16). Another
example is the use of time-varying radial strain, 10%
distension with a frequency of 1 Hz, to induce further
compaction of the cell-seeded collagen gel and with that
enhanced mechanical strength (17,18).

Others have used a different type of bioreactor, what
might be called an in vivo bioreactor, i.e., growing arteries
within the body (19,20). Campbell et al. used the perito-
neal cavity to create a cell-secreted tubular structure (20).
In this cell-secreted approach, the body’s natural foreign
body response, including the associated generation of
granulation tissue, has been harnessed, by implanting a
silicone tube into the peritoneal cavity. After a few weeks
of implantation, the silicone tube can be removed, sur-
rounded by a tubular tissue tube that has sufficient
strength to be implanted. This can be removed and used
as a blood vessel substitute.

A very different approach is that of L’Heureux et al.
(21). It is one that also can be categorized as being based
on a cell-secreted scaffold strategy. Here the media equiva-
lent is made by the smooth muscle cells making a sur-

rounding matrix sheet that then can be rolled up to form a
tube. The adventitial equivalent can be fabricated in a
very similar way using fibroblasts, and this fibroblast-
matrix sheet can be rolled around the media equivalent to
form an outer advential layer. The final step is to seed
endothelial cells on the lumen surface to form the inner
endothelial lining. This approach is very unique, one that
results in a tissue-engineered blood vessel that has a burst
pressure on the order of native vessels; however, to date,
only a limited number of animal experiments have been
carried out.

Finally, it should be noted that for virtually all of these
approaches, even those that produce a blood vessel sub-
stitute of sufficient strength, the mechanical properties do
not match those of native blood vessels, because of a lack
of elastin, both in the amount of elastin and in its proper
assembly. To address this, a variety of approaches are
being taken, which include using an intact elastin scaffold
obtained from a digested animal artery as a basic building
block in the fabrication of the construct (22) and employ-
ing a scaffold woven from elastin mimetic fibers obtained
through bacterial expression and recombinant DNA tech-
nology (23). A very different approach is one involving the
genetic engineering of vascular smooth muscle cells in
which the overexpression of the variant V3 of veriscan
causes an increased expression in tropoelastin and an
increased formation of elastin fibers (24). Interestingly, it
is still unresolved if having mechanical properties that
more closely matches those of a native vessel results in a
tissue-engineered blood vessel having greater patency.

4. INTEGRATION INTO LIVING SYSTEMS

Once one implants a tissue-engineered blood vessel into
an animal or ultimately into a human being, then one is
faced with the variety of issues that result from the
integration of a living-cell construct into a living system.
These issues include biocompatibility, remodeling, and
immune acceptance.

Biocompatibility is a critical issue, not only for the
scaffold but also to ensure that thrombosis does not limit
the usefulness of the approach. It is the biocompatibility of

Biochemical
stimulation

Mechanical
stimulation

Smooth muscle
cells (SMC)

Endothelial
cells (EC)

Collagen

+

Genetic
modification

Figure 1. One approach to the creation of a tissue-
engineered blood vessel substitute involves the
incorporation of smooth muscle cells into a collagen
scaffold and then the seeding of an inner, lumenal
layer of endothelial cells. In this one could employ
genetically engineered cells, and one could use
biochemical stimulation and/or mechanical stimu-
lation to achieve the desired functional character-
istics.
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the entire system that is important, not just the biomater-
ial used in the scaffold. Thus, it is important that the inner
endothelial lining functions as a non-thrombogenic inter-
face with the flowing blood, and to do this requires that the
vascular endothelial cells employed not be in an activated
state where they express thrombogenic factors.

Another critical issue is that of remodeling. Any tissue-
engineered blood vessel substitute, once implanted, will
remodel. Such a substitute also can be remodeled in vitro
as discussed. Thus, because there will be remodeling in
vivo and there can be remodeling in vitro, a critical issue is
how should a tissue-engineered blood vessel be ‘‘matured’’
in vitro, before implantation, so that in vivo it will
‘‘mature’’ or remodel further, with the goal being that
after 3–4 months in vivo it will have the desired proper-
ties.

A final issue to discuss in this section is the engineering
of immune acceptance. If one uses nonautologous cells, in
particular, nonautologous endothelial cells, as part of a
strategy to provide for off-the-shelf availability, then one
will need to confront what might be called the immunolo-
gical barrier. For organ transplantation today, immuno-
suppressive drugs are used, and these also could be used
with allogeneic tissue-engineered substitutes; however,
these are not ideal today as they suppress the entire
immune system and they will not be ideal for the tissue-
engineered substitutes of the future.

Fortunately, the transplant immunology community is
developing new strategies (25), and these will have appli-
cation to the implantation of tissue-engineered substi-
tutes, because, whether you transplant a donor organ
and its cells into a host or use the donor’s cells to fabricate
a substitute that then is implanted into the host, the
issues are basically the same as both represent allogeneic
cell implantation.

5. CLINICAL APPLICATIONS

There are at least two examples in which tissue-engi-
neered blood vessels have moved into clinical application.
The first is that of endothelialized expanded polytetra-
fluorethylene (ePTFE) grafts. Over the past decade, sev-
eral hundreds of such grafts have been implanted in the
peripheral, infraingulnal position, with most being above
the knee (26). Autologous endothelial cells were harvested
from the subcutaneous cephalic vein. The early studies
were carried out with 6-mm inner diameter ePTFE grafts,
precoated with fibrin glue to enhance cell adhesion, seeded
with endothelial cells that were grown to confluence, and
then implanted. After 7 years, the patency rate was 60%,
which is considerably higher than that achieved with
nonendothelialized ePTFE grafts.

A second example is the work of Shinoka et al. at Tokyo
Women’s Medical University (27,28). This group has been
employing cell-seeded polymeric scaffolds in the repair of
congenital defects, which has included the total cavo-
pulmonary connection, a patch for the pulmonary artery,
and reconstruction of the right ventricle. Success has been
achieved in this area.

6. CONCLUDING COMMENTS

In closing, it must be emphasized that we still have a long
way to go. The success achieved clinically to date has been
with autologous cells, not allogeneic cells. Furthermore,
for the endothelialized ePTFE graft, it has been with a 6-
mm inner diameter, not with the smaller diameter re-
quired for coronary bypass surgery, and in the repair of
congenital defects, on the low-pressure right side, not on
the high-pressure systemic side.

It should be noted that this article has focused on the
tissue engineering of a small-diameter blood vessel. For a
large-diameter blood vessel substitute that will of neces-
sity have a thicker wall, a major issue will be how to
provide vascularization, i.e., a network of a capillaries
that can deliver nutrients to the cells and remove their
waste products. This topic has not been addressed here;
however, the engineering of a capillary-like system is a
major issue in the tissue-engineering of any thick-walled
structure, including a large-diameter blood vessel.

Returning to the ‘‘holy grail’’ of tissue engineering a
small-diameter blood vessel substitute, if off-the-shelf
availability is to be achieved so that there can be a wider
impact on the patient population in need, a suitable cell
source for an endothelial lining must be established. It is a
major challenge. A possible concept, one perhaps ideal, is
to fabricate the media equivalent from allogeneic vascular
smooth muscle cells derived from a young donor and, once
implanted, recruit the circulating endothelial progenitor
cells to the surface to form an autologous endothelium.

The tissue engineering of a blood vessel substitute thus
remains a major challenge for the research community.
Even though major advances are being made, it still will
be at least a decade before a Food and Drug Administra-
tion approved, tissue-engineered blood vessel substitute
exists for use in coronary bypass surgery.
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1. TISSUE ENGINEERING

Tissue engineering (TE) is an evolving multidisciplinary
field of research that combines basic research such as
chemistry, material processing, and cell biology with the
clinical discipline of surgery (1). The principle concept
uses scaffolds made out of acellular bioresorbable or
degradable or decellularized xenogeneic material that
are formed in the shape of the organ structures to be
replaced. These scaffolds are seeded with autologous cells.
Once cells are attached to the 3-D scaffold, this newly
generated cell-polymer construct can be used to replace
diseased or deformed body parts (e.g., heart valve). As
cellular structures and matrix develop, the scaffold de-
grades gradually. After complete degradation and resorp-
tion, the engineered tissue valve remains without any
artificial or foreign material (Fig. 1).

2. HEART VALVES

Heart valves are highly complicated organ structures with
either two or three leaflets. They open and close during an
average lifetime of 80 years approximately 3.3 billion

times. In order to achieve this task, they are constructed
of complex three-layer extracellular matrix structures
(Fig. 2) and specialized interstitial and endothelial cells.
The cells contribute to an ongoing remodeling process
with constant extracellular matrix degradation and pro-
duction. For valve leaflets with a maximal tissue thickness
of 1.5 mm (2), oxygenation and tissue nutrition is main-
tained by diffusion. The valvular vessel wall or root in
contrast is supplied by a complex vasa vasorum system.
Tissue engineering aims to copy this 3-D valve structure
by either complete in vitro manufacturing or an in vitro
preconditioning and in vivo maturation.

Two different kind biomaterials for TE of heart valves
that are under thorough investigation currently exist.
Beside biodegradable and absorbable biopolymers, the
concept of biologic tissues are pursued.

3. BIODEGRADABLE OR BIORESORBABLE POLYMERS

By definition, a biodegradable material is one that breaks
down as a result of macromolecular degradation with
dispersion in vivo but without elimination from the body
(3). ‘‘Bioresorbable’’ materials are defined as those that
can degrade and then be entirely reabsorbed in vivo by
natural pathways such as filtration or degradation of their
metabolic products (4). Most of the polymers tested so far
in tissue engineering applications are bioresorbable as
they undergo degradation followed by a final absorption. A
variety of biomaterials are currently under evaluation for
their suitability in cardiac tissue engineering applications
(Fig. 3).

Figure 1. Concept of heart valve tissue engineering.
Following a vessel biopsy or bone marrow aspiration,
the required cells are isolated, separated, and cultured.
The scaffold matrix is seeded and exposed to a culture
protocol under either static or dynamic culture condi-
tions. Finally, the engineered valve is ready for implanta-
tion in the same individual, from whom the cells were
harvested initially.
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3.1. Poly-Glycolic-Acid (PGA)

William Carothers invented this alpha polyester in the
1930 (5). Since 1970, PGA has been used in resorbable
sutures (DEXONTM, Braun Melsungen, Germany). Dex-
onTM loses mechanical strength after 2 to 4 weeks in vivo
due to hydrolysis. As the hydrolysis creates a locally acidic
environment, the degradation of this material can produce
a significant local inflammatory response (6).

3.2. Poly (lactic acid) (PLA)

The polymer PLA differs from PGA by one extra methyl
group resulting in more hydrophobic properties, with less
water uptake followed by a slower rate of hydrolysis. The
semi crystalline Poly (L-Lactide) is been used for sutures,
staples, and orthopedic devices. It has a long resorption
time of 18–36 months (7). The inflammatory response is
only slightly diminished compared with PGA (8).

3.2.1. Copolymers of PGA and PLA. PGA and PLA can
be copolymerized. A high-molecular-weight copolymer in a
ratio of 9:1, also known as polyglactin 910, is the basis for
the suture material Vicryl (Ethicon Inc., NJ). The resorp-
tion characteristics regarding biocompatibility and in-
flammatory response are similar to the monopolymers
PGA or PLA, and the resorption period lasts 8–12 weeks.
Vicryl is capable of triggering a marked inflammatory
response (9). The first successful tissue engineering of a
single pulmonary valve leaflet in a growing lamb was
conducted using this copolymer (10).

3.3. Polyhydroxyalkanoates (PHAs)

PHAs are a class of naturally produced, linear polyesters
being biosynthesized by a wide variety of micro-organisms

(11). PHAs are degraded either by these micro-organisms
or by hydrolysis. Using proprietary fermentation technol-
ogy, a variety of PHA-based materials are currently
produced by Tepha, Inc. (Cambridge, MA). PHAs are
thermoplastic materials and depend on composition. A
given PHA may have material properties ranging from
stiff and strong (like PGA) to flexible and ductile (like
polyethylene). PHA degradation profiles in vivo are deter-
mined by composition, molecular weight and in some cases
configuration. The degradation time exceeds 52 weeks.
Using a combination of P3HB and PGA, the first complete
pulmonary valve replacement was performed in 1999 (12).
However, because of the long degradation time of P3HB,
no growth observed during the 6 months lasting follow up.

3.4. Poly-4-Hydroxybutyrate (P4HB)

P4HB is a PHA that is somewhat stiffer although much
stronger than PHOH. The tensile strength of P4HB
compares with ultra-high-molecular-weight polyethylene
(13). P4HB can be processed using standard polymer
processing techniques such as compression molding or
solution casting. Using a copolymer of PGA and P4HB
enabled a study with complete resorption of the polymeric
starter matrix at 3 months and subsequent growth (14).

3.5. Polymer Treatment to Improve Cell-Polymer
Attachment

Most of the biodegradable or bioresorbable synthetic and
biologic polymers have a negative surface charge and tend
to be hydrophobic. In prior reports of experiments in
which attempts were made to seed PTFE grafts with
endothelial cells, cell-polymer attachment could be im-
proved by coating PTFE with extracellular matrix pro-
teins such as laminin (15), fibronectin (16), collagen (17),

Figure 2. Microstructure of heart valves with the four-layered structure of arterialis, fibrosa,
spongiosa, and ventricularis.
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gelatin (17), or RGD-peptides (18). To reduce the hydro-
phobic characteristics, a pre-incubation with polyvinylal-
cohol prior an additional pre-coating with bioactive
peptides was applied (19). The author’s own studies
suggest a pre-coating with laminin for PGA and PHA
polymers (20) and collagen or matrigel for P-4HB (21).

3.6. Scaffold Design

A prerequisite of successful TE of heart valves is an
optimal design of the scaffold. For the synthetic or biopo-
lymers these criteria remain a crucial point. The first
successful three leaflet heart valves were custom made
and hand sewn (12). The use of more sophisticated tech-
nologies, such as 3-D imaging (22), injection molding (23),
or stereolithography (24), might help to create a more
realistic and physiologic scaffold design. The use of xeno-
geneic decellularized heart valves, however, avoids the
issue of valve design such as leaflet dimension and sinus
valsalva.

4. BIOLOGIC TISSUES

Biologic-derived tissues are commonly divided in decellu-
larized xenogeneic tissue, small intestinal submucosa, and
fibrin gel. Native extracellular matrix is continuously
formed and then degraded by endogenous tissue bound
or circulating (blood) matrix metalloproteinases (MMPs).
Together with the natural MMP antagonists, the tissue-
inhibiting metalloproteinases (TIMP), they control the
matrix turnover (25).

4.1. Decellularized Biological Matrix

In contrast to biopolymers, decellularized biological heart
valves come along with an almost perfect valve design.
These matrices consist of biological material (either allo-
geneic or xenogeneic) that are decellularized by enzymatic
or detergent methods. Decellularized matrices should
theoretically be biodegradable and might be an appropri-
ate scaffold on which cellular elements could be ‘‘seeded.’’
A variety of methods have been used to create a decellu-
larized matrix (26–31) with some success, although the
challenge is to decellularize without disrupting the ECM.
Obvious supply advantages exist to the use of xenogeneic
valves as the source of biodegradable matrix, and intui-

Matrix Manufacturer
Degradation or

resorption
Reference

Synthetically
derived polymers

• PGA

• PLA

• PGA/PLA

Biologically
derived polymers

• PHA

• P4HB

Biomaterials

• xenogeneic Matrix

• small intestinal
submucosa (SIS)

• Fibrin gel

Smith & Nephew

Sigma Chemicals

Ethicon, New Jersey

Tepha, Inc.

Tepha, Inc.

~ 8 weeks 

~ 52 weeks

~ 52 weeks

> 52 weeks

10 - 52 weeks

12 - 26 weeks

12 - 26 weeks

2-6 weeks

(5,6)

(7,8)

(9,10)

(11,12)

(13,14)

(26-35)

(37-40)

(41)
Figure 3. Biomaterials currently under evalua-
tion for their suitability in heart valve tissue
engineering applications.
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tively it would seem that the matrix from an animal valve
would already be adapted to withstand the stresses of the
normal circulation. Using the concept of decellularized
porcine, pulmonary heart valves and ovine vascular wall
cells enabled a complete cell exchange with a well-pre-
served ECM (32).

Several critical issues remain and require further
clarification. First, the potential transmission of micro-
biological hazards of xenotransplanted tissues, such as
porcine endogenous retrovirus, was addressed in a recent
study (33). This study revealed that a transmission of
PERV from pig to human is highly unlikely.

Another limitation is a potential foreign body reaction
either as immunological or inflammatory response and an
increased thrombogenicity (34). In 2003, a group of Aus-
trian cardiac surgeons published fatal outcome of decel-
lularized porcine heart valves in pediatric patients (35).
Three of four patients died in the first year after surgical
treatment because of valve-related complications. Their
histology revealed severe inflammation from outside to
inside with subsequent tissue degeneration. If this result
is to be seen as an immunological or foreign body response
remains a topic of controversial discussions and ongoing
research. In a recent publication, Rieder et al. (33), from
the same research group, alluded to this problem and
could prove that human and porcine tissue have distinct
antigen characteristics responsible for migratory response
of human monocytic cells. They were able to show that the
antigen presenting surface characteristics could be al-
tered using distinct decellularization protocols. Interest-
ingly, xenogeneic tissue, either porcine valves or bovine
pericardium, with glutaraldehyde fixation does not show
such a response, which might be potentially explained by
the alteration of the surface characteristics of extracellu-
lar matrix (ECM) due to collagen cross-linking.

A third remaining challenge relates to tissue nutrition.
Leaflets are nitrified explicitly by diffusion; the aortic and
pulmonary artery walls, however, receive nutrients
through a complicated net of vasa vasorum. Failure of
such a system will result in necrosis and subsequent
calcifications; the creation of such a system remains an
unsolved challenge. Following implantation of decellular-
ized porcine heart valves with autologous ovine cell seed-
ing severe calcification of the valvular root structure was
observed (36).

4.2. Small Intestine Submucosa

A second approach is the use of isolated porcine small
intestine submucosa (SIS) as a resorbable bio-scaffold for
site-specific tissue remodeling (37,38).

In an in vivo (swine) study, histopathological analysis
of the substituted valve leaflet at the time of sacrifice
revealed that simultaneous with resorption of the submu-
cosal matrix, progressive replacement with fibrous con-
nective tissue and microvasculature similar to mature
host tissue had occurred. Factor VIII staining demon-
strated progression of endothelialization of all substitute
leaflet surfaces with time. Normal valvular competence
was noted immediately following surgery and at the time
of sacrifice (39). Without any cell seeding, this study

belongs to the approach of guided tissue regeneration.
Autologous reseeding of large surface areas such as vas-
cular prosthesis (DacronTM) from the adjacent native
tissue is a phenomenon seen regularly in animals but
only to a limited extent in humans (40). It remains highly
speculative if the observed autologous repopulation of
acellular and unseeded SIS can be transferred to humans.
However, SIS is an attractive and suitable matrix for
tissue engineering purposes.

4.3. Fibrin Gel Approach

As an alternative scaffold, the use of fibrin gel was
investigated (41). In this gel, cells can be easily integrated.
The degradation and resorption of the fibrin gel can be
controlled with supplemented aprotinin. Further studies
will clarify the mechanical characteristics of the matrix
after resorption of the fibrin gel.

4.4. Matrix Seeding

The seeding of heart valve remains a major challenge. The
well-known positive effect of dynamic seeding techniques
using continuing flow setups in small vessel substitutes
(42) is more difficult to apply for heart valves. Use of a
dynamic seeding technique requires large numbers of cells
in suspension and a pulsatile flow system with a well-
defined afterload to establish an adequate closure of the
leaflets in diastole to achieve a confluent seeding of the
entire surface (particularly the ventricular side). Experi-
ments are currently under way to assess this technique. If
the leaflets are relatively rigid and remain in a closed
position, a surface dripping seeding technique can be
applied (43,44). Optimal protocols for the length of time
for cell seeding, the frequency with which seeding should
be carried out, and time intervals between the seeding
events have not been established so far.

5. REMAINING LIMITATIONS AND CHALLENGES TO
OVERCOME FOR VALVULAR TE

Tissue engineering has been successful in animals for the
pulmonary heart valve (45). The majority of valve proce-
dures are, however, focused on the aortic valve. As these
valves are located in the systemic circulation, the mechan-
ical stress load is significantly higher.

The creation of the 3-D valve architecture using biopo-
lymers remains an ongoing limitation. In particular the
integration of a vascular nutrition system of the valve root
is a challenge to overcome.

Finally, the choice of cells for the seeding procedure is
an unsolved issue. Native heart valve leaflets are popu-
lated with surface standing endothelial cells and specia-
lized interstitial cells. The co-existence of both cell types
enables the constant cell and tissue turnover required to
keep equilibrium of tissue degradation and matrix produc-
tion. As cells obtained from either venous of arterial
biopsies do not exhibit the phenotypical characteristics
of the valvular cells, great expectations are focused on
stem cell research. To identify the most feasible source of
stem or progenitor cells (adult stem cells from fat tissue,
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bone marrow, or blood vs. embryonic stem cells) is a topic
of intense research in the scientific community.

5.1. Myocardium

As mentioned earlier, tissue exceeding 200mm of thickness
requires a nutritional supply and waste removal system.
For cardiac tissues, only the thin leaflets come along
without such a vasa vasorum or vasa privata system
depending explicitly on blood diffusion. For thicker tissues
such as the valve roots and myocardium, the lack of such
microvessels will inevitably result in necrosis and subse-
quent calcification. Accordingly the major task for tissue
engineering of myocardium is the creation of cardiac
tissue with an integrated vasa vasorum system.

The majority of research groups attempt to create a 3-D
cardiac scaffold. In order to avoid interference with the
contractile behavior of cardiomyocytes, the compliance of
the scaffold matrix is imperative. Again, a variety of
different biomaterials have been assessed so far (Fig. 4).
Li et al. used gelatin sponges and synthetic biodegradable
polymers to produce 3-D contractile cardiac grafts (46–48).
Others reported the formation of bioengineered cardiac
grafts with 3-D alginate scaffolds (49). Eschenhagen et al.
engineered 3-D cardiac tissue by gelling a mixture of
cardiomyocytes and collagen (50). The engineered heart
tissue survived and matured after implantation on
healthy hearts (51). The application of a temperature-
sensitive cell culture ware and cardiomyocyte cell sheets
was recently described by Shimizu and colleagues (52–54).
When they modified their approach with stacking four of
their cell sheets, they were able to generate cardiac tissues
up to a thickness of 45 mm. Finally, Vacanti et al. pursued a
concept of a scaffold consisting of micro-fibers (55–57). The
small fibers of 250mm diameter enabled to increase the
surface area and porosity crucial characteristics for sub-
sequent cell attachment and desired cell migration and
proliferation. With this approach, they were able to create

tissue sheet stacks of with up to 5 layers with an overall
thickness of 50 mm without any incidence of core ischemia.

6. REMAINING LIMITATIONS AND CHALLENGES TO
OVERCOME FOR MYOCARDIAL TE

For the increasing need of myocardial tissue to treat
patients with myocardial infarction and subsequent car-
diac dysfunction, vascularized cardiac patches are re-
quired. Two critical issues currently exist in myocardial
tissue engineering. The first challenge is, as in all thick
tissue engineering, an adequate vascular nutrition. The
thickest cardiac tissue so far measures 50 mm. The average
left ventricular wall, however, has a dimension of approxi-
mately 12 mm, exceeding the achieved tissues by the
factor of 24. Second, there is the limitation of an adequate
cell source. Adult cardiomyocytes do not proliferate. The
alternative use of embryonic or neonatal cardiomyocytes
faces a controversial ethical debate regarding procure-
ment and a potential of immunological rejection. As a
result, autologous stem cells, derived from bone marrow,
adipose tissue, or circulating progenitor cells are the
center of extensive research efforts.

7. CONCLUDING REMARKS

In summary, a variety of polymers have been and are
applied for TE of heart valves and myocardium so far.
Even so, the best scaffold material needs to be determined,
so several exciting avenues are currently being pursued.
Additionally to the initial concept of TE where polymers
are supposed to provide explicitly mechanical strength,
future research will urge to combine controlled polymeric
degradation with release of bioactive substances such as
growth factors and peptides (58–60).

Matrix Manufacturer Reference

Gelatin sponge

3D-Alginate

Collagen-Gel

Temperature sensitive
cell culture ware

Poly(ε-caprolactone)

Gelfoam: Pharmacia
& Upjohn Co,

Kalamazoo, Mich)

Sigma Chemicals

Sigma Chemicals

Aldrich Chemicals

(46-48)

(49)

(50-51)

(52-54)

(55-57)
Figure 4. Biomaterials for myocardial tissue engineer-
ing applications.
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Abstract 
 
Patients suffering from a variety of urologic diseases may be treated with transplanted tissues and 
organs. However, a shortage of donor tissues and organs exists which is worsening yearly because 
of the aging population. Scientists in the field of regenerative medicine and tissue engineering are 
applying the principles of cell transplantation, material science, and bioengineering to construct 
biological substitutes that will restore and maintain normal function in diseased and injured 
urologic tissues. The chapter reviews recent advances that have occurred in the regeneration of 
urologic organs and describes how these applications may offer novel therapies for patients with 
urologic disease. 
 
1. Introduction 
 
The genitourinary system, consisting of the kidney, ureter, bladder, prostate, urethra, male and 
female genitalia, and reproductive structures, is exposed to a variety of possible injuries and 
anomalies from the time the fetus develops. Aside from congenital abnormalities, individuals may 
also suffer from other disorders such as cancer, trauma, infection, inflammation, iatrogenic injuries, 
or other conditions that may lead to genitourinary organ damage or loss, requiring eventual 
reconstruction. The type of tissue chosen for replacement depends on the organ that requires 
reconstruction. Bladder reconstruction may be performed with gastrointestinal tissues. Urethral 
reconstruction is performed with skin, and mucosal grafts from the bladder, rectum, or oral cavity. 
However, a shortage of donor tissue may limit these types of reconstructions and a degree of 
morbidity associated with the harvest procedure exists. In addition, these approaches rarely replace 
the entire function of the original organ. The tissues used for reconstruction may lead to 
complications because of their inherently different functional parameters. In most cases, the 
replacement of lost or deficient tissues with functionally equivalent tissues would improve the 
outcome for these patients. This goal may be attainable with the use of tissue engineering 
techniques. 

2. Theory: Principles of Tissue Engineering 
 
Tissue engineering, a component of regenerative medicine, follows the principles of cell 
transplantation, material science, and material engineering toward the development of biological 
substitutes that would restore and maintain normal function. Tissue engineering may involve 
matrices alone, wherein the body's natural ability to regenerate is used to orient or direct new 
tissue growth, or the use of matrices with cells. When cells are used for tissue engineering, donor 
tissue is dissociated into individual cells that are either implanted directly into the host, or 
expanded in culture, attached to a support matrix, and reimplanted after expansion. The implanted 
tissue can be heterologous, allogeneic, or autologous. The use of autologous cells would avoid 
rejection, wherein a biopsy of tissue is obtained from the host, the cells are dissociated and 
expanded in vitro, reattached to a matrix, and implanted into the same host (1-6). 

2.1. Cell Growth  
One of the initial limitations of applying cell-based tissue engineering techniques to urologic 
organs had been the inherent difficulty of growing genitourinary-associated cells in large 
quantities. In the past, it was believed that urothelial cells had a natural senescence that was hard 
to overcome. Several protocols were developed over the last two decades that improved urothelial 
growth and expansion (2). A system of urothelial cell harvest was developed that does not use any 



enzymes or serum and has a large expansion potential. With these methods of cell culture, it is 
possible to expand a urothelial strain from a single specimen that initially covers a surface area of 
1 cm2 to one covering a surface area of 4202 m2 (the equivalent area of one football field) within 
8 weeks (2). These studies indicated that it should be possible to collect autologous urothelial 
cells from human patients, expand them in culture, and return them to the human donor in 
sufficient quantities for reconstructive purposes. Bladder, ureter, and renal pelvis cells can be 
equally harvested, cultured, and expanded in a similar fashion. Normal human bladder epithelial 
and muscle cells can be efficiently harvested from surgical material, extensively expanded in 
culture, and their differentiation characteristics, growth requirements, and other biological 
properties studied (2-7). 

2.2. Biomaterials  
Biomaterials provide a cell-adhesion substrate and can be used to achieve cell delivery with high 
loading and efficiency to specific sites in the body. The biomaterials can be loaded with bioactive 
signals, such as cell-adhesion peptides and growth factors that can regulate cellular function. 
Generally, the ideal biomaterial should be biocompatible, promote cellular interaction and tissue 
development, and possess proper mechanical and physical properties. The degradation products 
should not provoke inflammation or toxicity and must be removed from the body via metabolic 
pathways. The degradation rate and the concentration of degradation products in the tissues 
surrounding the implant must be at a nearly physiological level. The mechanical support of the 
biomaterials should be maintained until the engineered tissue has sufficient mechanical integrity 
to support itself. 
 
Generally, three classes of biomaterials have been used for engineering genitourinary tissues: 
naturally-derived materials (e.g., collagen and alginate), acellular tissue matrices (e.g., bladder 
submucosa and small intestinal submucosa), and synthetic polymers (e.g., polyglycolic acid 
(PGA), polylactic acid (PLA), and poly(lactic-co-glycolic acid) (PLGA). These classes of 
biomaterials have been tested with respect to their biocompatibility with primary human urothelial 
and bladder muscle cells (3). Naturally derived materials and acellular tissue matrices have the 
potential advantage of biological recognition. Synthetic polymers can be produced reproducibly 
on a large scale with controlled properties of their strength, degradation rate, and microstructure. 
 
Collagen, the most abundant and ubiquitous structural protein in the body, can be readily purified 
from both animal and human tissues with an enzyme treatment and salt/acid extraction (3). 
Collagen contains cell-adhesion domain sequences (e.g., RGD) that exhibit specific cellular 
interactions, which may help retain the phenotype and activity of many types of cells, including 
fibroblasts and chondrocytes. 
 
Polyesters of naturally occurring -hydroxy acids, including PGA, PLA, and PLGA, are widely 
used in tissue engineering. These polymers have gained FDA approval for human use in a variety 
of applications, including sutures. The degradation products of PGA, PLA, and PLGA are 
nontoxic, natural metabolites and are eventually eliminated from the body in the form of carbon 
dioxide and water. The degradation rate of these polymers can be tailored from several weeks to 
several years by altering crystallinity, initial molecular weight, and the copolymer ratio of lactic to 
glycolic acid. As these polymers are thermoplastics, they can be easily formed into a three-
dimensional scaffold with a desired microstructure, gross shape, and dimension by various 
techniques, including molding, extrusion, solvent casting, phase separation techniques, and gas 
foaming techniques. Other biodegradable synthetic polymers, including poly(anhydrides) and 
poly(ortho-esters), can also be used to fabricate scaffolds for genitourinary tissue engineering with 
controlled properties. 

3. Experiment: Tissue Engineering the Kidney, Bladder, and Urethra 

3.1. Urethra  
Various biomaterials without cells have been used experimentally (in animal models) for the 



regeneration of urethral tissue, including PGA and acellular collagen-based matrices from small 
intestine and bladder (4). Some of these biomaterials, like acellular collagen matrices derived from 
bladder submucosa, have also been seeded with autologous cells for urethral reconstruction. Our 
laboratory has been able to replace tubular urethral segments with cell-seeded collagen matrices. 
 
Acellular collagen matrices derived from bladder submucosa in our laboratory have been used 
experimentally and clinically. In animal studies, segments of the urethra were resected and replaced 
with acellular matrix grafts in an onlay fashion. Histological examination showed complete 
epithelialization and progressive vessel and muscle infiltration. The animals were able to void 
through the neourethras (4). These results were confirmed clinically in a series of patients with 
hypospadias, an anatomic anomaly in which the urethral opening is not properly located, and 
urethral stricture disease (5). Cadaveric bladders were microdissected and the submucosal layers 
were isolated. The submucosa was washed and decellularized. The matrix was used for urethral 
repair in patients with stricture disease (n=33; 28 adults, 5 children) and hypospadias (n=7 
children). The matrices were trimmed to size and the neourethras were created by anastomosing the 
matrix in an onlay fashion to the urethral plate. The size of the neourethras ranged from 2–
16 cm.Voiding histories, physical examination, retrograde urethrography, uroflowmetry, and 
cystoscopies were performed serially, preoperatively, and postoperatively. After a 4–7 year follow-
up, 34 of the 40 patients had a successful outcome. The mean maximum urine flow rate 
significantly increased postoperatively. Cystoscopic studies showed adequate caliber conduits. 
Histologic examination of the biopsies showed the typical urethral epithelium. The use of an off-
the-shelf matrix appears to be beneficial for patients with abnormal urethral conditions and 
obviates the need for obtaining autologous grafts, thus decreasing operative time and eliminating 
donor site morbidity (6) (Fig.1).  

 
 
Unfortunately, the use of acellular matrices is not applicable for tubularized urethral repairs (the 
entire urethral circumference) as opposed to onlay repairs (only a portion of the urethral 
circumference). The collagen matrices are able to replace urethral segments when used in an onlay 
fashion. However, if a tubularized repair is needed, the collagen matrices need to be seeded with 
autologous cells (7). It is known that cells can migrate from the edges of the native tissue. 
However, if the defect is large, healing can occur by secondary intention, along with collagen and 
fibroblast deposition, that leads to scar formation and contracture. However, if the cells are added 
to the construct, the seeded cells are able to contribute to new tissue formation, and fibroblast 
deposition is minimized. Autologous bladder epithelial and smooth muscle cells from male rabbits 
were grown and seeded onto preconfigured tubular matrices. The entire anterior urethra was 
resected and urethroplasties were performed with tubularized collagen matrices seeded with cells in 
nine animals, and without cells in six animals. Serial urethrograms showed a wide urethral caliber 
without strictures in the animals implanted with the cell-seeded matrices and collapsed urethral 

  
Figure 1. Representative case of a 
patient with a bulbar stricture 
repaired with a collagen matrix. 
(A) Preoperative urethrogram. (B) 
Urethral repair. Strictured tissue is 
excised, preserving urethral plate 
on left side and matrix is 
anastomosed to urethral plate in 
an onlay fashion on right side. (C) 
Urethrogram 6 months after 
repair. (D) Cystoscopic view of 
urethra preoperatively on left side 
and 4 months after repair on right 
side. 



segments with strictures within the unseeded scaffolds. Gross examination of the urethral implants 
seeded with cells showed normal appearing tissue without any evidence of fibrosis. Histologically, 
a transitional cell layer surrounded by muscle cell fiber bundles with increasing cellular 
organization over time were observed on the cell-seeded constructs. The epithelial and muscle 
phenotypes were confirmed with pAE1/AE3 and smooth-muscle-specific -actin antibodies. A 
transitional cell layer with scant unorganized muscle fiber bundles and large areas of fibrosis were 
present at the anastomotic sites on the unseeded constructs. Therefore, tubularized collagen 
matrices seeded with autologous cells can be used successfully for total penile urethra replacement, 
whereas tubularized collagen matrices without cells lead to poor tissue development and stricture 
formation. The cell-seeded collagen matrices form new tissue that is histologically similar to native 
urethra (7). This technology may be applicable to patients requiring tubularized urethral repair. 

3.2. Bladder  
Currently, gastrointestinal segments are commonly used as tissues for bladder replacement or 
repair. However, gastrointestinal tissues are designed to absorb specific solutes, whereas bladder 
tissue is designed for the excretion of solutes. As a result of the problems encountered with the use 
of gastrointestinal segments, numerous investigators have attempted alternative materials and 
tissues for bladder replacement or repair. 
 
Over the last few decades, several bladder wall substitutes have been attempted with synthetic and 
organic materials. The first application of a free tissue graft for bladder replacement was reported 
in the early 1900s when fascia was used to augment bladders in dogs. Since then, multiple other 
free graft materials have been used experimentally and clinically, including bladder allografts, 
small intestinal submucosa, pericardium, dura, and placenta. In multiple studies using different 
materials as an acellular graft for cystoplasty, the urothelial layer was able to regenerate normally, 
but the muscle layer, although present, was not fully developed (2). When using cell-free collagen 
matrices, scarring and graft contracture may occur over time. Synthetic materials, which have been 
tried previously in experimental and clinical settings, include polyvinyl sponge, tetrafluoroethylene 
(Teflon), vicryl matrices, and silicone. Usually, nondegrading synthetic materials used for bladder 
reconstruction succumb to mechanical failure and urinary stone formation, whereas degradable 
materials lead to fibroblast deposition, scarring, graft contracture, and a reduced reservoir volume 
over time. 
 
Engineering tissue with selective cell transplantation may provide a means to create functional new 
bladder segments (1). The success of using cell transplantation strategies for bladder reconstruction 
depends on the ability to use donor tissue efficiently and to provide the right conditions for long-
term survival, differentiation, and growth. Urothelial and muscle cells can be expanded in vitro, 
seeded onto the polymer scaffold, and allowed to attach and form sheets of cells. The cell-polymer 
scaffold can then be implanted in vivo. A series of in vivo urologic-associated cell-polymer 
experiments were performed. Histologic analysis of human urothelial, bladder muscle, and 
composite urothelial and bladder muscle-polymer scaffolds, implanted in athymic mice and 
retrieved at different time points, indicated that viable cells were evident in all three experimental 
groups (8). Implanted cells oriented themselves spatially along the polymer surfaces. Cell-polymer 
composite implants of urothelial and muscle cells, retrieved at extended times (50 days), showed 
extensive formation of multilayered sheet-like structures and well-defined muscle layers. Polymers 
seeded with cells and manipulated into a tubular configuration showed layers of muscle cells lining 
the multilayered epithelial sheets. Cellular debris appeared reproducibly in the luminal spaces, 
suggesting that epithelial cells lining the lumina are sloughed into the luminal space. Cell polymers 
implanted with human bladder muscle cells alone showed almost complete replacement of the 
polymer with sheets of smooth muscle at 50 days. This experiment demonstrated, for the first time, 
that composite tissue-engineered structures could be created de novo (8). Prior to this study, only 
single-cell-type tissue-engineered structures had been created. 

3.2.1. Formation of Bladder Tissue  
In order to determine the effects of implanting engineered tissues in continuity with the urinary 



tract, an animal model of bladder augmentation was used (9). Partial cystectomies, which involved 
removing approximately 50% of the native bladders, were performed in 10 beagles. In five, the 
retrieved bladder tissue was microdissected and the mucosal and muscular layers separated. 
Urothelial and smooth muscle cells were harvested and expanded separately. A collagen-based 
matrix, derived from allogeneic bladder submucosa, was used for cell delivery. This material was 
chosen for these experiments because of its native elasticity. Within 6 weeks the expanded 
urothelial cells were collected as a pellet. The cells were seeded on the luminal surface of the 
allogenic bladder submucosa and incubated in a serum-free keratinocyte growth medium for 5 
days. Muscle cells were seeded on the opposite side of the bladder submucosa and subsequently 
placed in Dulbecco’s Modified Essential Media (DMEM) supplemented with 10% fetal calf serum 
for an additional 5 days. The seeding density on the allogenic bladder submucosa was 
approximately 1 × 107 cells/cm2. 
 
Preoperative fluoroscopic cystography and urodynamic studies were performed in all animals. 
Augmentation cystoplasty was performed with the matrix with cells in one group and with the 
matrix without cells in the second group. The augmented bladders were covered with omentum, the 
membrane that encloses the bowel, in order to facilitate angiogenesis to the implant. Cystostomy 
catheters were used for urinary diversion for 10–14 days. Urodynamic studies and fluoroscopic 
cystography were performed at 1, 2 and 3 months postoperatively. Augmented bladders were 
retrieved 2 (n=6) and 3 (n=4) months after surgery and examined grossly, histologically, and 
immunocytochemically. 
 
Bladders augmented with the matrix seeded with cells showed a 99% increase in capacity 
compared with bladders augmented with the cell-free matrix, which showed only a 30% increase in 
capacity. Functionally, all animals showed normal bladder compliance as evidenced by urodynamic 
studies; however, the remaining native bladder tissue may have accounted for these results. 
Histologically, the retrieved engineered bladders contained a cellular organization consisting of a 
urothelial-lined lumen surrounded by submucosal tissue and smooth muscle. However, the 
muscular layer was markedly more prominent in the cell reconstituted scaffold (9). 
 
It has been well established for decades that the bladder is able to regenerate generously over free 
grafts. Urothelium is associated with a high reparative capacity (10). Bladder muscle tissue is less 
likely to regenerate in a normal fashion. Both urothelial and muscle ingrowth are believed to be 
initiated from the edges of the normal bladder toward the region of the free graft (10, 11). Usually, 
however, contracture or resorption of the graft has been evident. The inflammatory response 
toward the matrix may contribute to the resorption of the free graft. 
 
It was hypothesized that building the three-dimensional structure constructs in vitro, prior to 
implantation, would facilitate the eventual terminal differentiation of the cells after implantation in 
vivo, and would minimize the inflammatory response toward the matrix, thus avoiding graft 
contracture and shrinkage. This study demonstrated that a major difference was evident between 
matrices used with autologous (tissue-engineered) cells and matrices used without cells (11). 
Matrices implanted with cells for bladder augmentation retained most of their implanted diameter, 
as opposed to matrices implanted without cells for bladder augmentation, wherein graft contraction 
and shrinkage occurred. The histomorphology demonstrated a marked paucity of muscle cells and a 
more aggressive inflammatory reaction in the matrices implanted without cells. Of interest, the 
urothelial cell layers appeared normal, even though the underlying matrix was significantly 
inflamed. It was further hypothesized that having an adequate urothelial layer from the outset 
would limit the amount of urine contact with the matrix, and would therefore decrease the 
inflammatory response, and that the muscle cells were also necessary for bioengineering, because 
native muscle cells are less likely to regenerate over the free grafts. Further studies confirmed this 
hypothesis (12). Thus, it appears that the presence of both urothelial and muscle cells on the 
matrices used for bladder replacement appear to be important for successful tissue bioengineering. 

3.2.2. Bladder Replacement Using Tissue Engineering 



The results of initial studies showed that the creation of artificial bladders may be achieved in vivo,
however, it could not be determined whether the functional parameters noted were because of the 
engineered segment or the intact native bladder tissue. In order to better address the functional 
parameters of tissue-engineered bladders, an animal model was designed that required a subtotal 
cystectomy with subsequent replacement with a tissue-engineered organ (12). 
 
A total of 14 beagle dogs underwent a trigone-sparing cystectomy. The animals were randomly 
assigned to one of three groups. Group A (n=2) underwent closure of the trigone without a 
reconstructive procedure. Group B (n=6) underwent reconstruction with a cell-free bladder-shaped 
biodegradable polymer. Group C (n=6) underwent reconstruction using a bladder-shaped 
biodegradable polymer that delivered autologous urothelial cells and smooth muscle cells. The cell 
populations had been separately expanded from a previously harvested autologous bladder biopsy. 
Preoperative and postoperative urodynamic and radiographic studies were performed serially. 
Animals were sacrificed at 1, 2, 3, 4, 6, and 11 months postoperatively. Gross, histological, and 
immunocytochemical analyses were performed (12). 
 
The cystectomy-only controls and polymer-only grafts maintained average capacities of 22% and 
46% of preoperative values, respectively. An average bladder capacity of 95% of the original 
precystectomy volume was achieved in the tissue-engineered bladder replacements. These findings 
were confirmed radiographically. The subtotal cystectomy reservoirs, which were not 
reconstructed, and polymer-only reconstructed bladders showed a marked decrease in bladder 
compliance (10% and 42%). The compliance of the tissue-engineered bladders showed almost no 
difference from preoperative values that were measured when the native bladder was present 
(106%). Histologically, the polymer-only bladders presented a pattern of normal urothelial cells 
with a thickened fibrotic submucosa and a thin layer of muscle fibers. The retrieved tissue-
engineered bladders showed a normal cellular organization, consisting of a tri-layer of urothelium, 
submucosa, and muscle (Fig. 2). Immunocytochemical analyses confirmed the muscle and 
urothelial phenotype, and staining indicated the presence of neural structures. The results from this 
study showed that it is possible to tissue-engineer bladders that are anatomically and functionally 
normal (12). Clinical trials for the application of this technology are currently being arranged.  

  

3.3. Kidney  
We tested the histocompatibility of nuclear-transfer-generated cells and engineered tissues in a 
large animal model, the cow (Bos taurus). Cloned muscle cell implants were not rejected and 
remained viable after being transplanted back into the nuclear donor animal, despite expressing a 
different mtDNA haplotype. We also showed that nuclear transplantation can be used to generate 
functional renal structures. Owing to its complex structure and function, the kidney is one of the 
most challenging organs to reconstruct in the body. Previous efforts at tissue engineering the 
kidney have been directed toward development of an extracorporeal renal support system 
comprising both biologic and synthetic components (13). This approach was first described by 

  
Figure 2. Hematoxylin and Eosin 
histological results 6 months after 
surgery (original magnification: 
×250). (A) Normal canine 
bladder. (B) The bladder dome of 
the cell-free polymer 
reconstructed bladder consists of a 
thickened layer of collagen and 
fibrotic tissue. (C) The tissue-
engineered neo-organ shows a 
histo-morphologically normal 
appearance. A trilayered 
architecture consisting of 
urothelium, submucosa, and 
smooth muscle is evident. 



Aebischer et al. (14) and is being focused on the treatment of acute rather than chronic renal 
failure. Humes et al. (13) have shown that the combination of hemofiltration and a renal-assist 
device containing tubule cells can replace certain physiologic functions of the kidney when they 
are connected in an extravascular perfusion circuit in uremic dogs. Heat exchangers, flow and 
pressure monitors, and multiple pumps are required for optimal functioning of this device. 
Although ex vivo organ substitution therapy would be life-sustaining, there would be obvious 
benefits for patients if such devices could be implanted long-term without the need for an 
extracorporeal perfusion circuit, immunosuppressive drugs, or immune modulatory protocols. 
Although synthetic, selectively permeable barriers can be used ex vivo to separate transplanted cells 
from the immune system of the body, the implantation of such immunoisolation systems would 
pose significant difficulties in both the long and short term (15). We demonstrated that it may be 
feasible to use therapeutic cloning to generate functional immune-compatible renal tissues (16). 
 
Dermal fibroblasts were isolated from adult Holstein steers by ear notch. Bovine oocytes were 
obtained from abattoir-derived ovaries. The oocytes were mechanically enucleated at 18–22 h 
postmaturation, and complete enucleation of the metaphase plate was confirmed with bisBenzimide 
dye under fluorescence microscopy. A suspension of actively dividing cells was prepared 
immediately prior to nuclear transfer. Single donor cells were selected and transferred into the 
perivitelline space of the enucleated oocytes. Fusion of the cell-oocyte complexes was 
accomplished by applying a single pulse of 2.4 kV/cm for 15  s. Nuclear transfer embryos were 
activated with exposure to Ionomycin. The resulting blastocysts were nonsurgically transferred into 
progestrin-synchronized recipients. The cloned renal and muscle cells were isolated and expanded 
in vitro after 12 weeks. The expanded cloned renal cells were successfully seeded onto collagen-
coated cylindrical polycarbonate membranes. Renal devices with collecting systems were 
constructed by connecting the ends of three membranes with catheters that terminated in a reservoir 
(Fig. 3). Thirty-one units (n=19 with cloned cells, n=6 without cells, and n=6 with cells from an 
allogeneic control fetus) were transplanted subcutaneously and retrieved 12 weeks after 
implantation back into the nuclear donor animal (16).  

 
 
The cells organized into glomeruli- and tubule-like structures with the ability to excrete toxic 
metabolic waste products through a urine-like fluid (16). The retrieved implants demonstrated 
extensive vascularization and the tubule-like structures were lined with cuboid epithelial cells with 
large, spherical, and pale-stained nuclei, whereas the glomeruli structures exhibited a variety of cell 
types with abundant red blood cells. A clear continuity existed between the mature glomeruli, their 
tubules, and the polycarbonate membrane. Chemical analysis of the fluid suggested unidirectional 
secretion and concentration of urea nitrogen and creatinine. These cells demonstrated 

  
Figure 3. Tissue-engineered renal 
units. (A) Illustration of renal unit. 
(B) Unit seeded with cloned cells, 
showing the accumulation of 
urine-like fluid, retrieved 3 months 
after implantation. (C) Cloned 
explant shows organized 
glomeruli-like and tubule-like 
structures. There was a clear 
unidirectional continuity between 
the mature glomeruli, their tubules, 
and the polycarbonate membrane. 
H&E, reduced from 400×. (D) 
Elispot analyses of the frequencies 
of T cells that secrete IFN-gamma 
after primary and secondary 
stimulation with allogeneic renal 
cells, cloned renal cells, or nuclear 
donor fibroblasts. 



immunochemically the expression of renal specific proteins. There was a six-fold increase in 
volume in the experimental group vs. the control groups (16). 
 
The electrolyte levels detected in the fluid of the experimental group were significantly different 
from plasma or the controls. These findings indicate that the implanted renal cells possess 
filtration, reabsorption, and secretory functions. Urine-specific gravity is an indicator of kidney 
function and reflects the action of the tubules and collecting ducts on the glomerular filtrate by 
furnishing an estimate of the number of particles dissolved in the urine. The urine-specific gravity 
and range of urine pH in the fluid produced by the cloned renal units was within the normal 
parameters for cattle. Glucose was undetectable (<10 mg/dL) in the cloned renal fluid, which 
mimics the normal absence of glucose in cattle (16). 
 
In contrast, the allogeneic controls displayed a foreign body reaction with necrosis, consistent with 
the finding of acute rejection. RT-PCR analysis confirmed the transcription of AQP1, AQP2, 
synaptopodin, and Tamm–Horsfall genes exclusively in the cloned group. Expression intensity of 
CD4 and CD8, markers for inflammation and rejection, were also significantly higher in the control 
group vs. the cloned group (Fig. 3) (16). 
 
Previous studies showed that bovine clones harbor the oocyte mitochondrial DNA (mtDNA) (17). 
Differences in mtDNA-encoded proteins expressed by clone cells could stimulate a T cell response 
specific for mtDNA-encoded minor histocompatibility antigens (miHA) when clone cells are 
transplanted back to the original nuclear donor. The contiguous segments of mtDNA that encode 
13 mitochondrial proteins and tRNAs were amplified by PCR from total cell DNA in five 
overlapping segments in order to resolve the question of miHA involvement by identifying 
potential antigens (16). These amplicons were directly sequenced on one strand with a panel of 
sequencing primers spaced at 500 bp intervals. The resulting nucleotide sequences (13,210 bp) 
revealed nine nucleotide substitutions for the first donor:recipient combination (muscle constructs). 
For the second donor:recipient combination (renal constructs), the resulting sequences revealed six 
nucleotide substitutions. One substitution was in the tRNA-Arg segment and three substitutions 
were synonymous. The fifth and sixth substitutions resulted in amino acid (AA) interchanges. The 
identification of two AA substitutions that distinguish the clone and the nuclear donor confirm that 
a maximum of only two miHA peptides could be defined by the second donor:recipient 
combination. Given the lack of knowledge concerning peptide-binding motifs for bovine MHC 
class I molecules, no reliable method exists to predict the impact of these AA substitutions on the 
ability of mtDNA-encoded peptides to either bind to bovine class I molecules or activate CD8+ 
CTLs (16). 
 
Although the cloned renal cells derived their nuclear genome from the original fibroblast donor, 
their mtDNA was derived from the original recipient oocyte. A relatively limited number of 
mtDNA polymorphisms have been shown to define maternally transmitted miHA in mice. This 
class of miHA has been shown to stimulate skin allograft rejection in vivo and expansion of 
cytotoxic T lymphocytes (CTL) in vitro, and could constitute a barrier to successful clinical use of 
such cloned devices as hypothesized for chronic rejection of MHC-matched human renal 
transplants (16). We chose to investigate a possible anti-miHA T cell response to the cloned renal 
devices through both delayed-type hypersensitivity (DTH) testing in vivo and Elispot analysis of 
IFNg-secreting T cells in vitro. We were unable to discern an immunological response directed 
against the cloned cells by DTH testing in vivo. Cloned and control allogeneic cells were 
intradermally injected back into the nuclear donor animal 80 days after the initial transplantation. A 
positive DTH response was observed after 48 hours for the allogeneic control cells but not the 
cloned cells (16). 
 
The results of DTH analysis were mirrored by Elispot-derived estimates of the frequencies of T 
cells that secreted IFN-gamma following in vitro stimulation. PBLs harvested from the transplanted 
recipient 1 month after retrieval of the devices were stimulated in primary mixed lymphocyte 
cultures (MLCs) with allogeneic renal cells, cloned renal cells, and nuclear donor fibroblasts. 



Surviving T cells were restimulated in anti-IFN-gamma-coated wells with either nuclear donor 
fibroblasts (autologous control) or the respective stimulators used in the primary MLCs. Elispot 
analysis revealed a relatively strong T cell response to allogeneic renal stimulator cells relative to 
the responses to either cloned renal cells or nuclear donor fibroblasts. These results support the 
conclusion that no detectable rejection response occurred that was specific for cloned renal cells 
following either primary or secondary challenge. Our results suggest that cloned cells and tissues 
can be grafted back into the nuclear donor organism without immune destruction. These were the 
first proof-of principle studies to demonstrate that therapeutic cloning is feasible (16). 

3.4. Evaluation  
Regenerative medicine efforts are currently being undertaken for every type of tissue and organ 
within the urinary system. Most of the effort expended to engineer genitourinary tissues has 
occurred within the last decade. Personnel who have mastered the techniques of cell harvest, 
culture, and expansion, as well as polymer design, are essential for the successful application of 
this technology. Various engineered genitourinary tissues are at different stages of development, 
with some already being used clinically, a few in preclinical trials, and some in the discovery stage. 
Recent progress suggests that engineered urologic tissues may have an expanded clinical 
applicability in the future. 
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1. FUNDAMENTALS OF TISSUE ENGINEERING

Before tissue engineering can be fully explained, one must
be familiar with the structural hierarchy of the human
body. Tissue is the term used to describe the organization
of similar cell types to perform a specific function in the
body, whereas organs are comprised of two or more
different tissues that operate together to perform a parti-
cular task. Tissue engineering is an interdisciplinary field
of biomedical engineering that combines the principles of
engineering, materials science, biological science, and
medicine for the design and production of replacement
tissues or organs. Yannas and Burke pioneered tissue
engineering of artificial skin using porous cross-linked
copolymers of collagen and glycosaminoglycans in the
1970s (1). The term tissue engineering was used originally
in 1984 in reference to the growth of an endothelial-like
tissue on the surface of a poly-methyl methacrylate
(PMMA) eye implant (2). It was not until 1993, however,
that the concepts of tissue engineering and the need for
pursuing research in this field were first explained to the
general public by Langer and Vacanti (3).

One conceptual approach to tissue engineering is that
healthy cells are removed from the patient via a tissue
biopsy; the desired cells are isolated from the tissue and

grown in vitro (outside the patient) on an absorbable
plastic matrix (also referred to as a construct or scaffold);
and the cellular construct is implanted into the patient at
the defect site (Fig. 1). Over time, the absorbable matrix is
solubilized and excreted from the body. Simultaneously,
the cells on the matrix grow, replacing the damaged tissue
and performing the original healthy tissue function as the
matrix disappears. Numerous variations, such as the
omission of the in vitro cellular or matrix component,
are discussed later in this section.

The motivation for conducting research in tissue en-
gineering is the fact that millions of people each year
experience tissue or organ failure, which results in death
or debilitation, a decrease in workforce productivity, and
an overwhelming cost to the U.S. economy. Over $400
billion is spent each year in the United States on approxi-
mately 8 million surgeries to treat tissue or organ failure
(3). Tissue and organ transplantation is the accepted
method for treating these disorders, but the effectiveness
of transplants is limited. One of the most obvious restric-
tions, tissue or organ donor shortage, leads to thousands of
deaths annually as patients wait for tissue or organ
transplants. As of September 2004, approximately
86,900 patients are waiting for transplants in the United
States (4). Additionally, a patient receiving allogenic (from
the same species) or xenogenic (from a different species)
donor tissue must take immunosuppressive drugs for the
rest of their life because of increased risk of rejection,
tumor formation, and other serious side effects.

Surgical reconstruction with transfer of autologous
(from the patient) tissue is also used to repair failing
tissues or organs. For example, the saphenous vein (lo-
cated in the leg) can be used as a vascular graft for a
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Figure 1. Example of tissue engineering
methodology.

1

Wiley Encyclopedia of Biomedical Engineering, Copyright & 2006 John Wiley & Sons, Inc.



coronary artery bypass, and bone from the iliac crest (hip
bone) can be used for spinal fusion. Limits to this approach
include a shortage of donor tissue (as each patient has a
limited amount of his/her own tissue for transfer), com-
plications at the donor site, and proper function of the
replacement tissue at the defect site.

Another possible treatment for tissue or organ failure
requires the use of nonbiological systems in the form of
implants or extracorporeal (outside the body) devices.
Although the development of materials for implant and
extracorporeal applications has greatly improved over the
last several decades, complications still develop because of
infection, biocompatibility, and the simple fact that an
implant or external device cannot perform all of the
specialized functions of the original tissue or organ.
Furthermore, materials used in the environment of the
human body have a finite lifespan. Although this finite
lifespan may not be of great concern to an elderly patient,
a child or young adult may require multiple surgeries
during his/her lifetime to replace a failing device.

Many of the problems inherent in tissue and organ
transplantation, surgical reconstruction, and implanta-
tion of nonbiological materials can be alleviated with
tissue engineering. As healthy cells can be isolated from
the patient, donor shortage and donor site complications
will not be a factor, and if the patient’s own cells can be
used in the tissue-engineered construct, immunosuppres-
sive drugs should not be required. Furthermore, with
proper design of three-dimensional matrices and selection
of cells, the absorbable matrix will gradually disappear
and be replaced by native tissue, which should function
normally for the life of the patient. Thus, tissue engineer-
ing has the potential to provide tremendous advantages
for patients experiencing tissue or organ failure.

Tissue engineering involves the study of two main
components: cells and matrices. Cells used in tissue-en-
gineering applications can be obtained from allogenic,
xenogenic, or autologous sources. Autologous cells are
most desirable because of their inability to promote an
immunogenic reaction. Several strict requirements must
be met in order for cells to be used successfully in tissue-
engineering applications. Cells should be easily obtained
and readily proliferate in vitro while remaining nonim-
munogenic. They should also be capable of differentiating
into (converting to) the appropriate cell types to form
complete, functional tissue.

Cells are typically cultured in vitro from native tissues
or from cell lines. Primary cell cultures involve the isola-
tion and limited expansion of cells removed from normal
patient or donor tissue. The quantity of viable cells
cultured depends on the type of cells isolated and on
numerous culture conditions. Although autologous cells
are most desirable, they are difficult to culture in a
sufficient quantity without waiting several days or weeks.
Cells removed from donors do present an immunogenic
risk; however, they can be cultured in larger quantities
and stored in cryogenic ‘‘cell banks.’’

Mature differentiated cells are grown with primary
culture techniques. Although they will generally produce
a consistent cell type in initial subculturing, their num-
bers are often limited. Many cell types, such as chondro-

cytes (cartilage cells) or hepatocytes (liver cells), will
dedifferentiate (return to an immature form) with addi-
tional subculturing, thus resulting in phenotypic changes
(changes in physical characteristics). Mature cells such as
cardiomyocytes (heart muscle cells) do not routinely pro-
liferate in vitro, so obtaining these cells in the required
amount is often impossible. Mature differentiated chon-
drocytes, hepatocytes, and cardiomyocytes are also com-
mitted to functioning solely as the tissue from which they
are derived. These limitations inhibit the practical use of
mature, differentiated cells in large-scale, clinical tissue-
engineering applications.

Stem cells are immature, undifferentiated cells that
proliferate readily in vitro, and they have the ability to
differentiate into various tissue types depending on cul-
ture conditions. Grown with primary culture methods,
stem cells are often found in small quantities in normal
tissue and are distinguished as having the ability to divide
and produce two daughter cells with different character-
istics. One daughter cell acquires the same capabilities as
the mother cell; this behavior is generally termed self-
renewal. The other daughter cell is proliferative and can
undergo numerous cell division cycles to produce progeni-
tor cells that differentiate and form different types of
tissue.

Stem cells are further classified as adult or embryonic.
Adult stem cells, such as mesenchymal stem cells collected
from bone marrow, are typically classified as multipotent
(able to differentiate into a few, closely related tissues).
Embryonic stem cells are usually classified as pluripotent
(able to differentiate into most tissues); thus, they may be
able to provide the most versatile cell population. Procure-
ment of embryonic stem cells from blastocysts (the pre-
implanted embryonic cell mass), however, is and will
continue to be a controversial ethical issue. As a result,
intensive research is being conducted on adult stem cells
to determine if they can be manipulated to achieve
performance similar to that of embryonic stem cells. In
fact, adult marrow cells have recently been shown to
differentiate into neural cells, muscle cells, and hepato-
cytes, which could mean that they have more pluripotent
potential than once thought (5).

Cell lines present an alternative to primary cultured
cells. Although they are often used in tissue-engineering
research, the clinical use of adult cell lines is not desirable.
Adult cell lines are typically derived from tumors or
cancer cells having unlimited cell growth potential, or
they are created from normal cells by modifying the cells’
genes with viral genes in order to create sustained growth
potential. In either case, clinical application of these cell
types would not be advantageous, as the use of cancerous
or viral-ridden cells would be harmful to the patient.
Additionally, adult cell line use would be limited to the
patient from which they were derived. Select infant cell
lines do not present immunogenic barriers; thus, they may
be applied to patients who are not the cell donors. Using
stem cell lines with their natural self-renewal capabilities
could be clinically beneficial. Patient safety, ethics, and
cell culture efficiency clearly play a crucial role in selecting
cells for tissue-engineering applications. As the formation
and function of new tissue depend on cell activity, chal-
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lenges involving cell origin and growth efficiency must be
successfully met in order for the discipline of tissue
engineering to advance.

In addition to the cellular component, the other critical
component in tissue engineering is the matrix or scaffold
used for cell transplantation and ingrowth. The role of the
scaffold is to temporarily conduct the growth and devel-
opment of tissue into a 3-D spatial arrangement while
providing mechanical support. As with cells, the matrices
must meet several requirements in order to be used in
tissue engineering. Ideally, matrices should have the
following characteristics:

* biocompatibility in bulk and degraded form;
* controllable degradation rate to match the tissue
formation rate;

* degradation products that are excreted by normal
physiological metabolic processes;

* surface properties that promote cell adhesion, prolif-
eration, and differentiation;

* large surface area/volume ratio with interconnected
porous structure when applicable;

* sterilization-resistant scaffold properties;
* mechanical properties appropriate for the specific
physiological application; and

* chemistries easily fabricated into complex three-di-
mensional shapes (6).

As polymers (plastics) meet many of these require-
ments, tissue-engineering matrices are often made of
polymers having a natural or synthetic origin, or a combi-
nation of the two. Some examples of natural polymers
include alginate, collagen, chitosan, fibrin, and glycosami-
noglycans such as hyaluronic acid, dermatan sulfate, and
chondroitin sulfate. Many natural polymers have the
advantage of closely matching the extracellular environ-
ment found in the body, thus promoting cell attachment,
proliferation, and differentiation. Unfortunately, natural
polymers are often deficient because of significant varia-
tions between isolated batches of material, poor mechan-
ical properties, degradation by uncontrollable enzymatic
processes, and difficulties in fabrication of complex shapes.

Synthetic absorbable polymers and copolymers include
poly(a-hydroxy ester)s, such as poly-L-lactide (PLLA),
polyglycolide (PGA), and poly(lactide-co-glycolide)
(PLGA), which degrade into lactic acid in the body by
natural metabolic mechanisms. Other popular synthetic
polymers include polycaprolactone, polydioxanone, poly-
anhydrides, and polyorthoesters. The United States Food
and Drug Administration (FDA) has already approved
PLLA, PGA, and PLGA for use as sutures, meshes,
anchors, tacks, plates, screws, and drug-delivery devices.
Synthetic polymers can generally be fabricated into com-
plex shapes in a reproducible manner without batch-to-
batch variation. Also, during fabrication the microstruc-
ture can be strictly controlled, and properties such as
molecular weight and crystallinity can be varied in order
to control the degradation rate. Many synthetic polymers
degrade by hydrolysis instead of enzymatic processes,

providing another advantage over natural polymers. One
limit to the use of synthetic polymers in tissue engineering
is that, unlike natural polymers, they do not contain cell
recognition signals in their structure; thus, cellular at-
tachment and proliferation can vary. Additionally, local
accumulations of acidic degradation products from the
poly(a-hydroxy ester)s can sometimes lead to biocompat-
ibility issues.

Hydrogels are a select type of polymers used in tissue
engineering. A hydrogel forms a swollen polymer network
gel by absorbing more than 20% of its weight in water. The
primary motive for investigating the use of hydrogels in
tissue engineering is to minimize the amount of open
surgery required to repair damaged tissue. Cells con-
tained in a hydrogel matrix or attached to the surface of
small polymer beads can be readily injected into the defect
site without the costs and infection risks associated with
open surgery. Hydrogels can also be used to encapsulate
cells and drugs that are integrated or released into the
defect site gradually with hydrogel degradation. Common
problems associated with the use of hydrogels include poor
mechanical properties, handling difficulties, processing
reproducibility, and complicated sterilization procedures.
Hydrogels can be made from natural, synthetic, or a
combination of natural and synthetic materials. Natural
hydrogels include collagen, gelatin, chitosan, hyaluronate,
agarose, dextran, fibrin, and alginate. Examples of syn-
thetic hydrogels include poly(acrylic acid), poly(vinyl alco-
hol), polyphosphazene, and poly(ethylene oxide) (7,8).

Ceramics also play a role in tissue-engineering ma-
trices, but their properties often limit them to orthopedic
applications. Their role in tissue engineering of bone is
discussed in the next section.

Cells and matrices play a significant role as compo-
nents in tissue engineering, whether used independently
or as a paired unit. Cellular tissue-engineering systems
include cell injection, cell transplantation in a closed
system, and cell transplantation in an open system. Cell
injection involves cell isolation, possible cell manipulation
with gene therapies, and injection of the cells at the
defective tissue site. This method of tissue engineering
allows cells to be delivered in a minimally invasive
manner, and it eliminates the need for matrices. Unfortu-
nately, the cells are often immunogenic, and they easily
lose their function in the defective tissue because they are
not present in quantities sufficient to restore function.
Furthermore, many cells are anchorage-dependent and
require three-dimensional organization on a matrix in
vitro or in vivo (inside the patient) before they can func-
tion as a tissue.

Other cellular tissue-engineering systems require the
use of cells and matrices in vitro. Cell transplantation in a
closed system is commonly referred to as cell encapsula-
tion. In cell encapsulation, the cells are contained within
the matrix, which isolates them from the physiological
environment. The purpose of transplanting cells in a
closed system is to allow the cells to release specific
chemicals (such as dopamine for treatment of Parkinson’s
disease or insulin for treatment of diabetes) without being
attacked by the body’s immune system. The matrix walls
are semipermeable to allow exchange of nutrients and
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wastes and to release the therapeutic product. The walls,
however, are impermeable to the flow of antibodies and
immune response cells, thus protecting immunogenic cells
obtained from allogenic or xenogenic sources. Matrices
used in cell encapsulation often take the form of micro-
capsules or hollow fibers, and they should be fabricated
from biocompatible and nondegradable polymers to retain
their function. Microcapsules are injectable but have poor
mechanical properties; hollow fibers have good mechan-
ical properties but generally require a surgical incision.
Long-term function of cell encapsulation systems is often
compromised by growth of fibrous tissue capsules around
the implants, effectively decreasing the transport of the
therapeutic product out of the matrices.

Cell transplantation in an open system (Fig. 1) is
another widely studied type of tissue engineering. In an
open system, autologous cells are isolated, expanded, and
seeded onto a porous matrix. The cells grow on the matrix,
and the cellular construct is implanted in the patient at
the defect site. The matrix provides temporary structural
and mechanical support; acts as a substrate for ancho-
rage-dependent cell growth and organization; and absorbs
over time to allow the natural cellular structure to remo-
del and form new, completely functional tissue. Like other
tissue-engineering systems, open systems have their lim-
itations. If non-autologous cells are used in open systems,
immunosuppressive agents must be administered to the
patient. Another challenge in the use of open systems
involves infiltration of the cell-loaded matrix with blood
vessels. Diffusion of nutrients into the cells and removal of
wastes from the cells only occur if cells are located within
several hundred micrometers of a blood supply. If the cells
growing deep within the matrix cannot receive an ade-
quate exchange of nutrients and wastes via the circulatory
system, the cells will not survive.

Acellular systems comprise a type of tissue engineering
in which the cells are absent from the matrix in vitro.
Terminology used to describe these systems includes
guided tissue regeneration and in situ (in the natural
location) regeneration. In an acellular system, the im-
planted matrix must be able to recruit cells from the host,
thereby forming new tissue over time. Cell recruitment
may occur naturally, or it may occur synthetically by
adding to the matrix growth factors that could be released
on implantation. A problem with the use of acellular
systems is the possible attachment of undesirable cells
to the matrix and subsequent formation of scar tissue.

2. TISSUE ENGINEERING APPLICATIONS IN MEDICINE

2.1. Dermal Wound Treatment

Skin is the largest organ in the body, and it has a multi-
dimensional role. It protects internal organs and receives
stimuli from the external environment, absorbs ultravio-
let rays to promote Vitamin D synthesis, and regulates
body temperature by cutaneous circulation and sweat
excretion. As these functions are critical to one’s health,
severe burns and chronic wounds caused by trauma or
disease (for example, venous leg ulcers, diabetic foot
ulcers, and pressure ulcers) can lead to serious illness

and possibly death. Typically, patients are overcome with
infection as the protective barrier of the skin is broken,
which allows micro-organisms to invade and overwhelm
the immune system. Burns alone are responsible for
approximately 150,000 hospitalizations and 10,000 deaths
each year in the United States (3).

Since the nineteenth century, skin loss has been man-
aged by grafting healthy autologous skin to the damaged
areas. This procedure is still commonly performed, espe-
cially for short-term treatment of ‘‘full-thickness’’ dermal
wounds (injury to the deepest layer of skin). Complica-
tions such as donor site morbidity and scar formation,
however, can accompany autologous skin grafting, and a
shortage of donor sites exists for patients having massive
burns. A method that gained popularity in the mid-
twentieth century was that of allogenic cadaver skin
transplantation. An obvious drawback to this treatment
is the certain rejection of the skin, the subsequent need for
replacement, and the potential to transmit disease. Allo-
genic cadaver skin is still used quite frequently, however,
for the temporary treatment of large burn injuries. Rejec-
tion does not occur as rapidly in these burn patients
because their immune system is already compromised.
The inherent limitations found in grafting autologous skin
and allogenic cadaver skin for burn and wound treatment
prompted researchers to look in a new direction.

Since the 1960s, keratinocyte transplantation has been
investigated as a treatment for patients with extensive
burns or chronic wounds. Keratinocytes are located in the
epidermis (the outer, avascular skin layer), and they
produce a fibrous protein called keratin. Keratinocyte
culture and transplantation in the early 1980s repre-
sented the first attempt to engineer a ‘‘split-thickness’’
skin equivalent tissue (a skin graft using only a fraction of
the dermal thickness). Small autologous skin biopsies
were taken from burn patients and expanded in vitro on
a layer of irradiated fibroblasts to form large epidermal
sheets. Despite a promising start, success in the labora-
tory did not translate to a completely successful clinical
outcome. Cell expansion of the biopsy lasts three to four
weeks, and the thin layer of cultured cells is fragile,
making handling and application difficult. Clinical results
indicated an undesirable infection rate and a poor rate of
uptake, but the uptake improved when keratinocyte
sheets were grafted onto a cadaver dermis layer. Allogenic
keratinocytes have been used with moderate success on
chronic wounds, but the risk of disease transmission is a
concern. Furthermore, adult keratinocytes express hu-
man leukocyte antigens (HLAs are proteins found on the
surface of cells and tissues) that can lead to rejection of
allogenic grafts. Recipient and host HLAs must match to
achieve high levels of biocompatibility. Although this
engineering effort did not produce overwhelming clinical
success, it prompted tissue engineers to develop a full-
thickness skin equivalent that includes a dermal layer.

In addition to providing support for keratinocytes, de-
sign of a full-thickness skin substitute with a dermis
would benefit patients suffering from full-thickness burns.
After a full-thickness injury that is left untreated, the
dermis forms fibrous scar tissue instead of new dermal
tissue. The scar tissue can create problems ranging from
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unsightly, dysfunctional skin to formation of scar carci-
noma. To solve these problems, researchers have focused
on the development of full-thickness skin substitutes since
the early 1980s. The first attempt involved the use of a
bilayered composite consisting of a collagen/chondroitin-
sulfate dermal layer, to promote ingrowth of vasculature
and connective tissue, as well as an upper layer of silicone,
to promote fluid retention. After a period of three to four
weeks, the dermal layer is incorporated, the silicone layer
is removed, and an epidermal sheet of autologous kerati-
nocytes is applied. Concurrently, other researchers devel-
oped a composite material consisting of a hydrated
collagen gel cast with autologous fibroblasts. As a result
of the presence of cells in the dermal layer, this device was
considered the first living skin equivalent tissue. The
dermal layer in the skin substitute was formed after the
fibroblasts migrated through the gel, thereby reorganizing
the collagen fibers. Autologous keratinocytes were applied
to the contracted gel layer approximately one week after
initial application of the cellular collagen gel. Each of
these systems led to the development of more complex
products (9).

The application of tissue engineering to clinical medi-
cine has progressed most rapidly in the field of dermal
wound repair. As illustrated in the next section, skin
replacement products comprise a significant portion of
products that are approved by the FDA; however, the
ideal skin substitute has yet to be created. Specific physi-
cal and biological properties must be included in evaluat-
ing artificial skin candidates. Physical factors that must
be addressed include porosity, permeability, degradation,
flexibility, elastic modulus, tear strength, peel strength,
handling, and suturability. Biological criteria include anti-
genicity, immunogenicity, neovascularity, cellular induc-
tivity, and bacterial impermeability (10). Thus, a
successful tissue-engineered artificial skin product should
do the following:

* protect the wound by providing a barrier to the
external environment;

* maintain water, protein, and electrolyte balance;
* prevent local and systemic infection while accelerat-
ing healing;

* minimize immunogenic reaction;
* limit excessive temperature fluctuations;
* allow early mobilization while decreasing pain;
* return natural cosmetic appearance to the site;
* provide easy handling and application for clinicians;
and

* be readily available at a reasonable cost (9).

2.2. Orthopedics

2.2.1. Bone. Unlike many tissues that only form scar
tissue as a result of the wound-healing process, bone may
repair and remodel itself to form new, normal tissue.
When repair does not happen at a particular fracture
site in large bones after an appropriate time, a nonunion
of the bone fragments may result in fibrous tissue forma-

tion. Nonunion may be caused by factors such as poor
fracture management, low blood supply to the fracture
site, extensive comminution (fragmentation), excessive
bone loss, infection, or comorbidities like cancer. Some-
times, nonunions occur for unknown reasons.

Historically, nonunions, congenital bone defects, and
osteosarcoma tumor resection have been treated with
three common materials: autologous bone, allogenic cada-
ver bone, and PMMA (bone cement). Used for over three
hundred years, bone autografts represent the standard to
which all other bone substitutes are compared. Autografts
provide some structural support and are considered to be
osteoconductive and osteoinductive. Osteoconductive ma-
terials have physical structures that allow ingrowth of
blood vessels and, subsequently, bone cells. Osteoinduc-
tive materials have the ability to induce bone growth in
nonbony tissue by recruiting mesenchymal cells to the
area and causing a portion of them to differentiate into
osteoblasts (bone-forming cells). As with most other auto-
logous tissue, donor site shortages exist because auto-
grafts are typically removed from the iliac crest. Thus,
young patients who have had prior graft surgeries or
elderly patients who have insufficient amounts of healthy
bone are generally not good candidates for autograft
transplant. Additionally, surgery at the donor site often
produces complications such as donor site damage, pain,
infection, and hematoma.

Like autografts, bone allografts provide mechanical
and biological benefits, but their osteoinductive activity
is often diminished. As cadavers are the source for allo-
grafts, no problems are associated with donor shortage or
donor site morbidity, but the possibility exists of immuno-
genic rejection or disease transmission even with proper
processing. Sterilization methods used to reduce the risk
of disease transfer can lead to a lessening of the allograft’s
osteoinductivity or to a reduction in strength. Neither
autografts nor allografts can be easily shaped to fit a bone
defect, particularly under operating room conditions, and
incomplete resorption of the graft may occur.

Although synthetic bone cement can be shaped to fill a
defect, it possesses an inherent infection risk. The infec-
tion risk can be greatly reduced by mixing the cement with
antibiotics, but this treatment produces bone cement of
lower strength. Additionally, the cement mixing process is
difficult to standardize; improper mixing may result in
voids and subsequent cement failure. Bone cement is also
nondegradable, which can lead to an improper distribu-
tion of mechanical loading at the fracture site and un-
desirable bone resorption. Furthermore, bone cement
polymerizes exothermically (by a heat-releasing process),
possibly leading to osteonecrosis (11).

The drawbacks associated with grafts and PMMA
inspired researchers to begin engineering bone tissue by
using an assortment of ceramics, synthetic polymers,
natural materials, and composites. Ceramics have been
studied for over one hundred years as bone substitutes.
Calcium sulfate (plaster of Paris) was used in 1892 as the
first bone substitute. Since that time, numerous calcium-
based ceramic bone substitutes have followed, including
tricalcium phosphate (TCP), hydroxyapatite (HA), coral-
line hydroxyapatite (CHA), and combinations of TCP and
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HA. Calcium phosphate ceramics are used because they
resemble the mineralized structure of bone. They are
osteoconductive, but they do not possess any osteoinduc-
tive properties. Calcium phosphate bone substitutes are
attractive because they are biocompatible; they can bond
to bone; and their degradation rate can be controlled via
structural manipulations involving porosity, crystallinity,
and chemical composition. Although these ceramics are
strong in compression, they are generally not suitable for
load-bearing applications because they are brittle and
have low impact resistance, low tensile strength, and
low fatigue resistance. The presence of pores in their
structure provides an additional obstacle with regard to
mechanical capabilities. Furthermore, mechanical proper-
ties of ceramics do not permit surgeons to mold this bone
substitute into a desired shape.

Calcium sulfate is used in a partially hydrated form,
and the solution is cast into small pellets that have defined
structural properties and resorption rates. Calcium sul-
fate pellets appear to be effective clinically in filling bone
voids, but they have limited application in load-bearing
sites and may migrate from the defect site. Porous TCP
may be fabricated using a naphthalene porogen (which is
volatilized during the sintering process) to produce a
porous ceramic structure that dissolves upon implantation
and releases calcium and phosphorus to stimulate bone
formation. Alone, TCP is a poor bone graft substitute
because it resorbs too rapidly, it has a low interconnected
pore density, and its compressive strength is relatively
low. Hydroxyapatite is often used in the form of coralline
hydroxyapatite. Natural coral is subjected to a hydrother-
mal exchange reaction that converts the original calcium
carbonate skeleton into a porous HA structure. The struc-
ture closely resembles trabecular bone with a high inter-
connected pore density, but HA has an extremely long
resorption time. In some instances, the HA may not resorb
during the life of the patient. In an attempt to incorporate
the best properties of both materials, ceramic composites
of HA and TCP have been developed, but poor strength
properties still result, limiting their usefulness for many
orthopedic applications. As a result of poor mechanical
properties, ceramics alone are unlikely to be the optimal
bone graft substitutes, but their use in a composite
material may be advantageous in the development of
tissue-engineered bone.

The search for materials with better bone substitute
properties than ceramics has led to the expansion of
polymer research. Many of the synthetic polymers inves-
tigated for orthopedic applications are desirable because
they are biocompatible and absorbable, they can be re-
producibly processed into three-dimensional shapes, and
they are osteoconductive. Like ceramics, absorbable syn-
thetic polymers lack osteoinductivity, but in contrast to
ceramics, many polymers studied for orthopedic applica-
tions have improved degradation profiles, mechanical
characteristics, and handling properties that can be tai-
lored to fit the requirements of specific applications.

Common synthetic absorbable polymers investigated
for orthopedic applications include poly(a-hydroxy ester)s
such as PLLA, PGA, and PLGA. These poly(a-hydroxy
ester)s degrade at a controllable rate, and they are bio-

compatible and osteoconductive. Films, meshes, and scaf-
folds fabricated from poly(a-hydroxy ester)s have been
studied extensively for orthopedic applications within
the last decade. Solvent-casting/particulate-leaching is
one method that is used to fabricate three-dimensional
porous PLGA scaffolds. This method involves dissolving
polymer pellets in an organic solvent, pouring the polymer
solution over a porogen bed (comprised of salt or glucose
particles, for example), evaporating the solvent from the
solution, and leaching the porogen in water. Both mature
differentiated osteoblasts and bone marrow stromal cells
attach and proliferate on polyester scaffolds formed with
this technique (12). Unfortunately, the depth of cell pro-
liferation is limited, and the mechanical properties of the
porous polyester scaffolds are not sufficient for load-bear-
ing applications. The polyester scaffolds are also relatively
hydrophobic; thus, they may require surface modification
in order to promote higher cell attachment and prolifera-
tion. Like ceramics, the tissue-engineering application of
polymers may be maximized if they are used in composite
materials.

Natural materials are also studied as candidates for
bone substitution. Researchers in the 1960s discovered
that if cortical allograft is demineralized, the deminera-
lized bone matrix (DBM) can regularly induce ectopic bone
formation (bone production in a location where bone
usually does not form in the body) in animals (13). DBM
is processed by removing lipids from the matrix, dehydrat-
ing the matrix in ethanol, and washing it in several
changes of hydrochloric acid. This treatment removes
the mineralized phase and acid-soluble proteins, leaving
a collagen matrix that contains noncollagenous proteins
and growth factors. DBM is osteoconductive and osteoin-
ductive, but studies have shown that the inductivity can
be greatly affected by the processing, sterilization, and
storage of the tissue. Properly prepared DBM will produce
bone in vivo in a process that is analogous to endochondral
ossification (a normal bone growth process involving the
replacement of cartilaginous tissue with bone tissue that
occurs in the growth plate of long bones). As a result of its
low strength, DBM in the form of chips or granules is often
used within a carrier gel or paste made from collagen,
glycerol, or bone marrow in non-load-bearing applications.
Without regulation of the processing, sterilization, sto-
rage, and distribution of DBM, variable results have been
produced in clinical studies (14).

A protein in DBM that is responsible for the growth of
new bone was isolated in the late 1970s and termed bone
morphogenetic protein (BMP) (15). Later, researchers
discovered that at least fifteen different types of BMPs
exist. The isolation of BMPs, which are a subclass of the
transforming growth factor-beta (TGF-b) family, led to
advancements in bone tissue-engineering research. Re-
searchers found that BMPs were highly involved in em-
bryonic bone formation, endochondral ossification, and
bone repair. Instead of implementing an osteoconductive
matrix for bone repair, tissue engineers could now try to
incorporate the BMPs directly into the matrices and
release them in a controlled manner to induce bone
development. Matrices of collagen, demineralized bone,
HA, TCP, PLLA, and PLGA have all been used to deliver
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BMPs to bone defect sites. Binding and diffusivity, release
times, and dosage amounts are critical to the successful
design of these BMP delivery systems. Two different forms
of collagen carriers for recombinant human BMP (rhBMP)
have been successful in clinical trials, and the FDA has
approved these systems for specific uses.

Many of the composite materials researched as bone
substitutes combine polymers and ceramics. Composites of
poly(a-hydroxy ester)s with HA or TCP have been re-
searched extensively. Porous scaffolds of PLGA made by
solvent-casting/particulate-leaching were compression
molded with HA, and the compression strength of the
composite was greater than that of the PLGA alone.
Similarly, PLLA and HA composites have been fabricated
with a thermally induced phase separation technique. The
compression strength of the composite improved over that
of PLLA alone. Perhaps even more significant, osteoblasts
seeded on the PLLA/HA composite proliferated deep into
the scaffolds along with tissue formation; however, cells
seeded on control PLLA scaffolds proliferated and formed
tissue primarily on the surface. Another composite that
has gained widespread attention is based on the injectable
poly(propylene fumarate) (PPF), a biodegradable bone
cement. Porous composites of PPF and TCP are made by
mixing the two components with a cross-linking agent (N-
vinylpyrrolidinone or methylmethacrylate), an initiator
(benzoyl peroxide), and a porogen (sodium chloride). The
porogen is then leached to create a porous structure. An
advantage of this composite is that it may be applied to a
defect as a paste and then polymerized in situ. Compres-
sive properties of PPF/TCP composites are similar to
trabecular bone, and cell culture studies indicate that
these composites are osteoconductive.

Significant progress has been made in tissue-engineer-
ing research in the quest to find a suitable bone replace-
ment, but clinical products of that research have yet to be
as effective as autograft. The goal of bone tissue engineer-
ing is to produce a bone substitute that has the same or
better osteoconductive and osteoinductive properties as
autograft but without the other problems associated with
its use. To that end, a successful bone substitute should be:

* biocompatible, absorbable, and nonimmunogenic;
* reproducibly manufactured with an appropriate in-
terconnected pore density and pore size;

* easily shaped while retaining sufficient mechanical
strength;

* easily sterilized with a predictable and verifiable
result;

* readily available to the surgeon; and
* cost effective over autograft (16).

2.2.2. Cartilage. Cartilage damage often occurs as the
result of osteoarthritis or other related disorders that lead
to a lower degree of joint movement, joint pain, and
deformity of the affected joint. Unlike bone, cartilage is
avascular, noninnervated, and has a very low metabolic
rate; thus, the ability for cartilage to repair itself is
limited. Cartilage repair typically occurs only in young

individuals whose perichondrium (fibrous membrane that
covers cartilage) is still capable of producing a sufficient
quantity of chondroblasts (cartilage-forming cells) for
cartilage formation. Therefore, over one million cartilage
replacement procedures are performed annually in the
United States (3).

Procedures for cartilage replacement include techni-
ques such as joint resurfacing, autologous transplanta-
tion, and total joint replacement. In joint resurfacing, the
subchondral bone is damaged purposefully by removing
the injured cartilage and shaving, drilling, or abrading the
bone surface. The intense damage starts a cascade of
cellular responses that include a release of inflammatory
cytokines and growth factors along with bone marrow. The
bone marrow contains mesenchymal cells that can differ-
entiate into chondroblasts and, subsequently, osteoblasts
that can repair the damaged bone. The bone repairs, and
chondroblasts initially form hyaline-like cartilage (hya-
line cartilage is found on articulating surfaces and is
characterized by its translucent, nonfibrous appearance)
on the joint surface, but the cartilage is deficient in
proteoglycans. In time, the hyaline-like cartilage often
develops into fibrocartilage or other fibrous tissue and
fails clinically.

Autologous transplantation of cartilage is another
treatment that has been used for cartilage injury. Healthy
cartilage is removed from the patient, shaped to fit the
defect, and reimplanted at the defect site. As with most
other autologous treatments, this technique suffers from
limited donor tissue supply. Additionally, carving the
cartilage to fit the defect perfectly is very difficult. Any
shape mismatch or irregularity in the transferred carti-
lage will lead to complications in joint movement and
loading, with failure as the ultimate outcome.

The most common clinical treatment for cartilage
damage is total joint replacement. In this procedure, the
damaged joint is completely replaced by a mechanical joint
system. Such systems often consist of a titanium or cobalt-
chromium alloy with a polymeric bearing surface such as
ultrahigh molecular weight polyethylene. These implants
can typically last ten to fifteen years before another
surgery must be performed. Complications of total joint
replacements include generation of wear debris with
associated osteolysis and bone resorption because of a
high implant modulus. Both of these complications can
lead to loosening of the joint replacement, which is the
most prevalent mode of total joint replacement failure
(17).

As a result of the deficiencies found in the current
treatment of cartilage defects, and because cartilage is
avascular and does not remodel, cartilage tissue-engineer-
ing research has flourished. Most of the research activity
has focused on isolating chondrocytes or their progenitor
cells, seeding or encapsulating the cells on or within a
natural or synthetic carrier, and implanting the con-
structs at the defect site. In addition to many of the
characteristics for an ideal bone substitute, an ideal
cartilage cell carrier should degrade naturally while pro-
moting the formation of type II collagen and glycosami-
noglycans (GAGs), critical extracellular matrix
components that are found in hyaline cartilage.
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Natural materials applied as cartilage tissue-engineer-
ing matrices include collagen, fibrin, hyaluronic acid,
alginate, and chitosan. Most of the recent research has
focused on the development of injectable matrices for cell
transplantation. Researchers have mixed chondrocytes,
fibrinogen, and thrombin to form a fibrin mesh in vivo.
When injected, a hyaline-like cartilage rich in GAGs and
type II collagen was formed. Alginate has also been
modified with RGD peptides to improve chondrocyte ad-
hesion and proliferation. When seeded with chondroblasts
and osteoblasts and implanted into mice for 24 weeks, the
cell-alginate mixture formed cellular structures that mor-
phologically resembled growth plates. Concerns with
these natural materials include antigenicity, degradation
characteristics, and processing consistency.

Many of the synthetic polymers that have been used in
bone tissue engineering have also been investigated for
cartilage applications. Numerous in vitro and in vivo
studies have been conducted with PLLA, PGA, and
PLGA. By optimizing cell seeding and culture conditions,
chondrocytes delivered on these matrices have produced
GAGs and collagen. Injectable gels of synthetic polymers
such as poly(ethylene oxide) (PEO), PEO-dimethacrylate,
and poly(propylene fumarate-co-ethylene glycol) (P(PF-co-
EG)) have also been investigated with promising initial
results (18).

2.3. Sports Medicine

The treatment of sports-related injuries involves the
repair of bone and cartilage defects as well as ligament,
tendon, and meniscal trauma. The latter three connective
tissues are prone to tearing when the joint they help
support is placed under severe mechanical load as a result
of abrupt stops, twisting movements, or impact. Ligament,
tendon, and meniscal damage is often treated with auto-
graft or allograft tissue. For example, autologous patellar
tendon (connecting the quadriceps muscles to the tibia) or
gracilis tendon (connecting the gracilis muscle to the tibia)
is often used to repair tears of the anterior cruciate
ligament (front ligament in the middle of the knee).
Although this treatment is generally successful, the use
of autologous tissue is not desirable because of donor
shortage and complications that can include failure of
proper fixation to the bone, patellar fracture, patellofe-
moral pain, and healing times of up to three years.
Cryopreserved allografts are also used with the added
risk of disease transmission. Synthetic grafts made from
polymers such as polypropylene (PP), polytetrafluoroethy-
lene (PTFE), and polyethylene terephthalate (PET) have
been researched as replacements for ligaments and ten-
dons, but their mechanical properties are not entirely
suitable.

Tissue-engineering research in sports medicine has
focused on systems that would allow the delivery of
fibroblasts to the injury site in order to promote collagen
formation. Researchers have seeded fibroblasts both on
natural matrices such as collagen and on synthetic ma-
trices such as PLGA. One group of investigators found
that ligament fibroblasts proliferated at a different rate
from skin fibroblasts on a collagen scaffold, but the source

of fibroblasts did not influence the in vivo effect. Another
group discovered that when ligament fibroblasts were
seeded on a type I collagen scaffold placed under tension,
the fibroblasts aligned in the direction of applied stress,
and the secreted collagen molecules eventually modified
the direction of the collagen fibers. Fibroblasts have also
been added to PLGA fibrous matrices, and the fibroblasts
attached in an orientation that paralleled individual poly-
mer fibers. Finally, administration of growth factors such
as insulin-like growth factor (IGF), endothelial growth
factor (EGF), and platelet-derived growth factor (PDGF)
has been shown to promote ligament and tendon healing.
Delivery of these factors in the appropriate amounts from
a tissue-engineered scaffold may assist in reducing the
lengthy healing times. Obstacles for successfully imple-
menting a tissue-engineering approach to the repair of
ligaments, tendons, and menisci include the manufactur-
ing of scaffolds with sufficient mechanical characteristics
and the attachment and integration of these scaffolds at
the replacement-native tissue interface (17).

2.4. Plastic and Reconstructive Surgery

Plastic surgery is typically performed on soft tissues to
aesthetically improve particular anatomical areas or to
reconstruct tissue mass that has been lost because of
oncologic tumor resection, congenital defects, or trauma.
Reconstruction of the breast following mastectomy or
lumpectomy for the treatment of breast cancer is a com-
mon application of plastic surgery techniques. The goal of
breast reconstruction is to form a tissue mass that is
aesthetically pleasing to the patient without necessarily
regaining the function of lactation. Historically, breast
reconstruction has involved autologous tissue transfer or
implantation techniques.

Silicone breast implants have a long history of use and
complications. Although they are cosmetically effective,
the FDA banned their widespread use in 1992 because the
gel implants are susceptible to rupture, and the leaking
silicone led to rare autoimmune diseases and painful
fibromyalgia. Saline-filled breast implants present a safer
alternative, but, as in the case of all nonabsorbable
biomaterials, they induce a normal ‘‘foreign body’’ re-
sponse that is characterized by the formation of a collagen
capsule around the implant to segregate it from the rest of
the body. The capsules contract over time, causing pain or
discomfort to the patient. Saline-filled breast implants can
also rupture in the long term, resulting in another surgi-
cal procedure.

Autologous tissue transfer is another technique used
for breast reconstruction. The tissue used with the great-
est success for breast reconstruction is removed from the
rectus abdominus (abdominal muscle), and it is often
referred to as a transverse rectus abdominus myocuta-
neous (TRAM) flap. Tissue transfer techniques, however,
require the collection of tissue from a donor site using a
complicated surgical procedure, and they create another
site for potential infection and scarring. Furthermore, not
all patients are candidates for a TRAM flap procedure.
Other graft donor sites include muscle tissue from the
back, buttocks, or thigh.
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Instead of liquid-filled implants or tissue transfer
procedures, the tissue-engineering approach for soft tissue
reconstruction involves the isolation and proliferation of
preadipocytes (cells that differentiate into adipocytes, or
fat cells) on a variety of natural or synthetic matrices.
Injectable gels such as alginate and hyaluronic acid have
been studied as potential cell carriers for adipose tissue-
engineering applications, but the gels do little to encou-
rage cellular proliferation of the anchorage-dependent fat
cells. In in vivo rat, sheep, and pig studies, adipose tissue
formed when researchers modified alginate fragment
surfaces with RGD peptide sequences to increase cell
adhesion. One research group found that irregular defects
might be more easily filled using injectable-sized micro-
scaffolds such as fragments or beads. The micro-scaffolds
provide a large surface area for anchorage-dependent cell
growth, and they create interstitial pathways between
scaffolds for cellular invasion and nutrient/waste trans-
port. By combining cellular micro-scaffolds with a low
viscosity gel, the scaffolds may be easily injected at a
defect site (19). Researchers have also shown that pre-
adipocytes will proliferate and differentiate into adipo-
cytes within injectable fibrin gels.

As in many other fields of tissue-engineering research,
porous scaffolds of poly(a-hydroxy ester)s such as PLLA,
PGA, and PLGA have also received much attention.
Preadipocytes seeded on PLGA scaffolds form adipose
tissue in vitro and in vivo, but in a 12-month in vivo
study, the amount of adipose tissue declined at three
months and was completely absent (along with the
PLGA scaffold) after a five-month period. Even if research-
ers are able to solve this problem, the modulus of the
PLGA scaffolds limits the elasticity of the repaired soft
tissue (20).

To date, significant progress has been made in the
search for a tissue-engineered replacement for adipose
tissue. For optimal application in soft tissue reconstruc-
tion, an ideal adipose tissue replacement should be:

* biocompatible, absorbable, and nonimmunogenic;
* appropriately vascularized for long-term mainte-
nance of the adipose tissue;

* aesthetically pleasing (appropriate shape, color, etc.);
* capable of promoting sensory innervation;
* similar to the tactile and elastic qualities of natural
tissue;

* easily sterilized with a predictable and verifiable
result;

* readily available to the surgeon;
* easily handled and applied by clinicians; and
* readily available at a reasonable cost.

2.5. Neurology

Neurons (nerve cells) are responsible for initiation and
conduction of impulses through the body. A neuron is
comprised of a cell body, an axon, and one or more
dendrites. Axons conduct impulses away from the cell
body, and dendrites conduct impulses to the cell body.

Neural damage to the central and peripheral nervous
system can lead to varying degrees of paralysis, poten-
tially resulting in high financial and emotional costs to the
patients affected. Although trauma inflicted on the brain
or spinal cord of the central nervous system leads to the
most serious forms of paralysis, the incidence of injury to
the peripheral nerves is more common, and the repair of
peripheral nerve damage is considered to be more feasible
at this time.

Historically, severe peripheral nerve trauma has re-
sulted in amputation of the affected extremity. Beginning
in the 1950s, attempts at nerve repair were conducted,
but, in many cases, good clinical outcomes were not
obtained. The use of microsurgical techniques in the
1960s led to the appropriate identification and alignment
of viable motor and sensory fascicles (bundles) in the
injured nerve. The working fascicles are identified using
electromyography (EMG) by dissecting the damaged
nerve into groups of fascicles and testing the proximal
and distal portions individually for electrical conduction.
When viable segments are identified, they are tagged,
aligned, and attached microsurgically. In the case of large
neural defects, a similar microsurgical procedure is fol-
lowed to identify and align viable fascicles, but a neural
autograft is used to bridge the heavily damaged portion of
the nerve to the working fascicles. The microsurgical
techniques have resulted in improved peripheral nerve
injury outcomes, especially for sensory functions, but
complete recovery of motor and sensory nerve function is
atypical. Furthermore, the use of neural autografts suffers
from donor site shortage and morbidity, abnormal neural
regeneration, and subsequent irregularities in function.

As a result of the inconsistent outcomes associated with
microsurgical repair and the use of autografts for periph-
eral nerve injury, tissue-engineering research in neurol-
ogy holds the interest of many patients and practitioners.
Potential tissue-engineered peripheral nerve graft scaffold
materials have been studied, as well as cells, growth
factors, and extracellular matrix that should be incorpo-
rated within the graft. Tubular conduits made from nat-
ural materials, such as laminin, fibronectin, or collagen,
and synthetic materials, such as polypyrrole, PLLA, and
PLGA, have been studied extensively. Polypyrrole is an
electrically conductive polymer that has been used as a
conduit to promote migration of nerve cells. By applying
an external electromagnetic field, an implanted polypyr-
role conduit can be stimulated locally at the neural defect
to support nerve regeneration. When seeded with
Schwann cells (cells found in the thin myelin sheath
surrounding nerve fibers) and subjected to a small voltage,
polypyrrole conduits promote neurite outgrowth. Other
studies on PLLA conduits indicate that they maintain a
viable support structure for nerve development by pre-
venting nerve compression, a common problem found in
most conduit materials investigated.

Schwann cells have been added to many of the experi-
mental conduits because they generate extracellular ma-
trix molecules in addition to specific growth factors such
as nerve growth factor (NGF), brain-derived neutrophic
factor (BDNF), and ciliary neutrophic factor (CNTF). In
some studies, these and other growth factors were bound
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directly to the tubular conduits to quickly deliver the
factors as the conduit degraded. Furthermore, direct in-
corporation of extracellular matrix molecules such as
laminin, fibronectin, and collagen in the tissue-engineered
conduit’s lumen has been examined because of the mole-
cules’ ability to advance axonal extension. Other research
efforts have investigated the potential for genetically
altered dermal fibroblasts to deliver growth factors in a
manner similar to Schwann cells. As dermal fibroblast
retrieval would be preferable to Schwann cell collection
from a patient, these studies, or studies targeting stem cell
sources, are a necessity for eventual clinical application of
tissue-engineered neural conduits (21).

2.6. Cardiology

2.6.1. Blood Vessels. Atherosclerosis, which includes
peripheral vascular and coronary artery disease, is the
leading cause of death in the United States and Europe.
Calcified plaque eventually forms in blood vessels such as
the aorta and coronary arteries, leading to a weakened
vessel wall and aneurysm (bulging of the vessel). If the
calcified plaque detaches, an embolism (obstruction) may
form and deprive the tissue of oxygen. Diseased vessels
are currently treated with a combination of drugs and
bypass grafting.

Vascular grafts are obtained from autologous or allo-
genic sources, or synthetic implants are used. A primary
factor in the type of graft chosen is the size of the vessel.
For blood vessels with a diameter less than 6mm, auto-
logous arteries or veins are typically applied. As with most
other autologous tissue, vascular grafts, especially arter-
ial, are only available in limited supply. Although auto-
logous venous grafts are more readily available, veins
have a thinner vessel wall than arteries, often resulting
in a compliance mismatch that can lead to aneurysm
formation in the arterial circulation or neointimal hyper-
plasia (excessive cell growth on the inner layer of the
vessel wall) at anastomosis sites (site of graft and vessel
surgical connection). Other than better availability, allo-
genic vascular grafts have similar issues as autografts,
and the patient’s body often rejects them.

Two highly crystalline and hydrophobic polymers, ex-
panded polytetrafluoroethylene (ePTFE) and PET, are
widely used as synthetic vascular grafts. Synthetic grafts
are plagued by thrombogenicity (blood clot formation);
thus, they can only be used for large vessels with a
diameter greater than 6mm. The synthetic grafts usually
fail because of an incomplete formation of an endothelial
cell layer on the lumen and myointimal hyperplasia (ex-
cessive smooth muscle cell growth on the inner layer of the
vessel wall). The failure conditions are often attributed to
the compliance mismatch occurring at the ends of the
graft between the patient’s vessel and the PET or ePTFE
graft. Furthermore, the permanent synthetic grafts can-
not grow with the patient, so children with vascular
defects are not treatable with these materials.

As a result of the complications associated with the use
of currently available vascular grafts, many researchers
are studying new materials in order to create tissue-
engineered blood vessels. Tissue engineers are investigat-

ing cellular permanent grafts, cellular or acellular natural
materials, and cellular or acellular absorbable synthetic
polymers as potential candidates for an improved vascular
graft.

Numerous researchers have studied PET or ePTFE
seeded with endothelial cells in an attempt to create a
uniform endothelial layer along the graft lumen. Others
have researched the effects of polyurethane (PU) on the
compliance of synthetic grafts by fabricating grafts of PU
alone or by incorporating the PU into traditional PET and
ePTFE grafts or absorbable PLLA grafts. For example, a
PU graft with a collagen and dermatan sulfate gelatinous
basement membrane and an endothelial cell layer had a
patency rate of 75% in an in vivo dog study. In another in
vivo study, PU/PLLA grafts with different PU:PLLA mix-
tures demonstrated that a decrease in PU amount leads to
lower compliance and higher aneurism rates.

Tissue engineers are also researching grafts made of
natural materials. In an early study, researchers created a
tunica media (middle layer of a blood vessel) from smooth
muscle cells and collagen gel, and fibroblasts were added
to the exterior to create a tunica adventitia (outer layer of
a blood vessel). Endothelial cells were then seeded on the
lumen after two weeks of culture. Even with PET reinfor-
cement, the early grafts were limited by low burst
strength. Smooth muscle cells seeded in collagen do not
attain the high cell density that is found in the natural
tunica media; thus, the strength of the graft is compro-
mised. Other researchers improved the strength of these
grafts by modifying culture conditions. They cultured
smooth muscle cell sheets and wrapped the sheets around
a tubular support to form a tunica media. A fibroblast
sheet was wrapped around the tunica media, and en-
dothelial cells were added later to form the tunica intima.
The natural graft had well-defined cell organization, and
elastin was produced. The grafts had burst strength
similar to that of human vessels, but when implanted in
dogs, only 50% remained patent after one week.

Absorbable polymers have been researched extensively
for vascular graft application. When cultured dynamically,
vascular constructs of smooth muscle cells grown in PGA
and PLLA tubular scaffolds and formed around a thin film
of PLGA have shown good response to mechanical stress,
but the vessels were not able to withstand arterial pres-
sures. Researchers have shown the benefits of using
pulsatile bioreactors (containment systems used for the
development of cellular materials) for culture of vascular
grafts. The pulsations in the bioreactor more closely
replicate the in vivo environment experienced by vascular
cells than other dynamic or static culture methods. By
using a pulsatile bioreactor, cells seeded on tubular scaf-
folds make significantly more collagen and are stronger
than if cultured with static conditions. In one study,
researchers seeded smooth muscle cells on tubular PGA
scaffolds, and the constructs were cultured for eight weeks
in a pulsatile bioreactor. After this culture period, en-
dothelial cells were added. Elastin and collagen fibers
were produced in the tunica media, and an endothelial
cell layer was present in the lumen. The constructs were
implanted in pigs, where they functioned similarly to
normal arteries and retained patency for up to four weeks.
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Thus far, none of the tissue-engineered vascular grafts
have the clinical efficacy of existing biological grafts. In
order for a blood vessel substitute to be successful, it
should:

* possess high mechanical and suture strength;
* withstand large flow forces without hindering fluid
transport;

* possess specific porosity to optimize cellular in-
growth;

* promote cellular ingrowth over the full length of the
graft lumen;

* contain a nonthrombogenic cell layer in the lumen;
* be easily formed into tubular shape of appropriate
size;

* match the size and compliance of the host vessel; and
* be viable for long-term function (22,23).

2.6.2. Heart Valves. Heart failure occurs often in con-
junction with atherosclerotic diseases that affect the blood
vessels, but it can also be caused by other numerous
etiological factors such as infections, pericarditis (inflam-
mation of the membrane enclosing the heart), and con-
genital (birth) defects. Often, one or more of the heart
valves is compromised in heart failure, leading to inade-
quate function of the heart muscle in pumping blood
through the pulmonary or systemic circulation. If the
myocardium (heart muscle tissue in the middle layers of
the heart wall) is in relatively good shape, replacement of
the heart valves is often performed to correct the pumping
deficiencies.

Currently, defective valves are replaced with natural
valves such as allogenic valves from cadavers or xeno-
geneic (bioprosthetic) valves from pigs, or they are re-
placed with synthetic mechanical (prosthetic) valves.
Unfortunately, all of the currently available valves are
associated with numerous complications, the most serious
of which is the inability of the valve to function properly in
the long-term. Without lifelong anticoagulation therapy,
mechanical valves are associated with thromboembolism,
and they are also susceptible to infection and endocarditis
(inflammation of the external lining of the valve). Porcine
valves do not require anticoagulation therapy, but they
are not durable in the long-term because of calcification,
which leads to mechanical changes and pumping ineffi-
ciency. Cadaver valves are preferred in children because
they calcify more slowly than porcine valves; however,
cadaver valves contain some viable allogenic cells and,
subsequently, can cause a severe immune response. Ca-
daver valves fail because of eventual calcification and
leaflet deterioration. A common limitation to all three
valve types is the inability to grow, remodel, and repair.
Thus, clinical application of a tissue-engineered heart
valve is desirable to rectify the faults of current valves.

Researchers are investigating two different strategies
to design a tissue-engineered heart valve. One strategy
involves chemically treating xenogeneic valves to create
decellularized valves. Then, either the acellular valves are
implanted and cellular ingrowth from host tissue occurs,

or the acellular xenogeneic valves are seeded with the
desired cells and implanted. One research group decellu-
larized porcine aortic valves and seeded human endothe-
lial cells onto the matrix in an effort to eliminate the
immune response that accompanies the use of xenogenic
cells. Another group decellularized porcine cusp units and
sutured three of them together to form a tri-leaflet valve
composite. Implanted as pulmonary valve replacements in
sheep, the valves were hemodynamically functional at
explant, showing fibroblast ingrowth and no calcification.

The other strategy pursued for creation of a tissue-
engineered heart valve involves seeding autologous cells
onto an absorbable scaffold designed to replicate the size
and shape of a heart valve. A tissue-engineered heart
valve that consists of autologous cells would have advan-
tages such as normal repair and growth capacity, greater
durability, and biocompatibility with minimal risk of in-
fection or thromboembolism. In addition, no anticoagula-
tion therapy would be required. In an initial study that
applied this strategy, PGA scaffolds were seeded with
myofibroblasts and endothelial cells, and the cellular
constructs were implanted as leaflets in the pulmonary
valves of sheep. Electrocardiography examination re-
vealed no stenosis (narrowing or constriction of the valve),
and histological investigation of the explants showed good
cell organization, but the implants produced a lower
amount of extracellular matrix than host valve tissue. In
another study, PGA, polyhydroxyalkanoate (PHA), and
poly 4-hydroxybutyrate (P4HB) were tested as tri-leaflet
valve scaffolds. The PGA scaffolds were too stiff to fabri-
cate into tri-leaflet valves. Cells attached to the PHA and
P4HB scaffolds and deposited collagen after eight days in
culture, and both scaffold materials were easily shaped.
Later, the PHA and P4HB cell-seeded scaffolds opened and
closed synchronously in a pulsatile bioreactor.

The development of a tissue-engineered heart valve is
still in the very early stages. Many issues remain to be
solved before clinical application occurs. To be successful,
a tissue-engineered heart valve should:

* prevent thrombosis and hemolysis;
* open with minimal pressure;
* close quickly and completely;
* maintain strength and stiffness to function until
tissue ingrowth is complete;

* possess similar compliance between the implanted
valve and host tissue;

* resist infection; and
* maintain quality function for the life of the patient.

Furthermore, if an absorbable scaffold is used for the
heart valve, function cannot be compromised when the
scaffold is slowly replaced with tissue (23).

2.6.3. Myocardium. When a severe myocardial infarc-
tion leads to heart failure, the myocardial tissue that was
deprived of oxygen experiences a loss of functional cardi-
omyocytes. As cardiomyocytes do not have the ability to
regenerate and no stem cells exist within the myocardium,
damage to heart muscle tissue results in the irreversible
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loss of cardiomyocytes and replacement by fibroblasts.
Repair of damaged myocardial tissue is not clinically
feasible at this time. As a result, heart transplantation
currently remains the best option, but complications in-
clude severe donor shortage, lifelong immunosuppression,
and a high risk of transplant failure.

A tissue-engineering methodology could be used to
deliver healthy cardiomyocytes or cardiomyocyte-like cells
to the injured tissue. Two strategies are currently being
investigated for myocardial tissue engineering. The first
area of research involves seeding cells directly into the
damaged myocardial tissue in a process called cellular
cardiomyoplasty. An initial feasibility study revealed that
fetal cardiomyocytes could be injected and incorporated
within normal mice myocardium. Later, researchers sub-
jected the left ventricle of rats to myocardial infarction
and injected fetal cardiomyocytes into the damaged ven-
tricle. The injected cardiomyocytes were found in 50% of
the rats at the zone between the damaged and healthy
myocardium. Scientists have also attempted to use auto-
logous adult cardiomyocytes in rats, but they discovered
that only fetal and neonatal cells could integrate into the
damaged myocardium and form new viable tissue. Un-
fortunately, collection of autologous fetal or neonatal
cardiomyocytes for use in later life is not a very practical
method for treating heart failure, and the use of allogenic
fetal or neonatal cardiomyocytes results in lifelong im-
munosuppression. To address the issue of viable cardio-
myocyte shortage, researchers have experimented with
autologous skeletal myoblasts and bone marrow stromal
cells because of their proliferative potential. In one study,
autologous skeletal myoblasts were implanted into da-
maged myocardium, and the cells obtained characteristics
of skeletal and cardiac muscle cells in the injured tissue.
Cardiomyocytes have also been obtained from bone mar-
row stromal cells and injected into damaged myocardium
with expression of cardiomyocyte phenotype observed.

The second strategy used for tissue engineering of the
myocardium involves seeding cells onto an absorbable
scaffold and grafting the cellular construct onto the da-
maged tissue. With an absorbable scaffold, a transplanted
cellular/tissue construct could transfer a greater quantity
of anchorage-dependent functioning cells than cell trans-
plantation alone. Unfortunately, current scaffold materi-
als are usually thrombogenic and subject to failure; in
addition, they lack growth potential and contractility.
Thus, success of this strategy depends on the development
of an absorbable scaffold with contractile ability and some
of the same qualities desired for tissue-engineered blood
vessels and heart valves (23).

3. TISSUE ENGINEERING: PRESENT AND FUTURE

3.1. Current Status of Tissue Engineering

3.1.1. Market Products. Many of the tissue-engineered
products that are approved by the FDA and are clinically
available are for dermal wound repair or orthopedics use
(Table 1). All of the available bone graft substitutes
currently used in load-bearing defects are only indicated
when internal fixation techniques are also applied to

provide mechanical support. Soft tissue products such as
AlloDerms, Zyderms, and Zyplasts are clinically avail-
able for plastic surgery in the head and neck to fill skin
wrinkles and folds, but none are indicated for reconstruc-
tion of large tissue defects in areas such as the breast.
Tissue-engineered medical products (TEMPs) face many
scientific and regulatory obstacles in progressing to the
market stage.

3.1.2. Advanced Applications. Tissue-engineering re-
searchers are focusing on several sectors in order to over-
come the scientific obstacles that prevent products from
performing well clinically and receiving FDA approval.
One major area of interest is the ongoing development of
biomaterials used in TEMPs. Numerous studies are direc-
ted toward improving material properties and subsequent
in vivo response by optimizing mechanical and degrada-
tion characteristics, incorporating biological molecules
into synthetic materials, and developing advanced manu-
facturing techniques.

Traditional polymers, such as PLLA and PGA, produce
a locally acidic environment during degradation, and they
do not have a wide range of mechanical properties neces-
sary for some applications. If the materials degrade too
rapidly, the high acidity can lead to tissue necrosis.
Additionally, insufficient mechanical properties can lead
to failure of the tissue construct by a poor tissue response.
As a result of these undesirable characteristics, new
polymers are in development. Degradation studies on
pseudo-poly(amino acids) such as poly(tyrosine carbonate)
indicate that they generate less acidic degradation pro-
ducts than PLLA and PGA. Improvements in the range of
mechanical properties have been obtained through the
design of block copolymers consisting of PU (hard seg-
ments) and polyethylene glycol (PEG) (soft segments) (24).

When placed in contact with body fluids, serum pro-
teins adsorb on a biomaterial surface. Although cells often
attach to the adsorbed protein layer on relatively hydro-
phobic polymers, cell function can be altered because of
conformational changes of the proteins in the adsorbed
layer. In order to limit nonspecific protein adsorption,
biological molecules are incorporated into synthetic ab-
sorbable polyesters such as PLLA and PGA to create
natural cell-binding sites. With copolymerization techni-
ques, a more suitable surface for in vivo cell attachment
and function can be created. PLLA has been copolymer-
ized with amino acids such as lysine for the purpose of
improving cell adhesion. Studies in which PLLA was
copolymerized with PEG reveal that although rat marrow
stromal cell adhesion decreases (when compared with
PLLA alone), osteoblastic differentiation and mineraliza-
tion improve. Peptides have been immobilized on model
surfaces in order to produce specific cellular responses.
For example, researchers attached a lysine-arginine-ser-
ine-arginine peptide sequence to a model surface and
found that osteoblast adhesion increased, but attachment
of fibroblasts and endothelial cells was not enhanced.
Peptide sequences have also been added to polymers to
improve endothelial cell attachment for vascular graft
applications.
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Table 1. FDA-Approved Tissue-Engineered Medical Products

Category Product Manufacturer Application Materials

Skin AlloDerms LifeCell burns or wound treatment allogeneic acellular dermal matrix
APLIGRAFs Organogenesis venous leg or diabetic foot ulcers dermal: bovine collagen with

allogeneic neonatal fibroblasts
epidermal: allogeneic neonatal
keratinocytes

DermagraftTM Smith & Nephew diabetic foot ulcers allogeneic neonatal fibroblasts on
polyglactin mesh

INTEGRAs Integra LifeSciences dermal regeneration dermal: bovine collagen with
chondroitin 6-sulfate epidermal:
temporary silicone layer

OrCelTM Ortec Intl. donor site wounds in burn
patients

bovine collagen sponge with
allogeneic neonatal fibroblasts on
dermal side and keratinocytes on
epidermal side

TransCyteTM Smith & Nephew temporary skin substitute allogeneic neonatal fibroblasts
grown on nylon mesh coated with
porcine collagen and bonded to
silicone layer

Bone Accells DBM100 IsoTis OrthoBiologics injectable bone graft substitute 100% allogeneic DBM putty
ALLOMATRIXs Wright Medical

Technology
injectable bone graft substitute allogeneic DBM powder and calcium

sulfate power in sodium
carboxymethylcellulose to form a
putty

BonePlastTM Interpore Cross Intl. injectable bone graft substitute calcium sulfate powder and saline
Collagrafts and NeuColl bone graft substitutes composite strips of bovine collagen,

HA, and TCP
Neugrafts mixed with saline and autologous

bone marrow
DBXs Synthes injectable bone graft substitute allogeneic DBM powder in

hyaluronic acid
DynaGrafts8 IsoTis OrthoBiologics bone graft substitute and

extender
allogeneic DBM in Pluronic F-127

gel
GRAFTONs Osteotech bone graft substitutes and

extenders
Family of products that all contain

allogeneic DBM in the form of
fibers, cubes, gel, putty and paste

HEALOSs DePuy Spine bone graft substitute HA-coated bovine collagen and
autologous bone marrow

INFUSEs Medtronic Sofamor
Danek

spinal fusion rhBMP-2 on bovine collagen

(used in LT-CAGEs fusion device)
OP-1s Stryker Biotech long bone nonunions (FDA

HDE)
rhBMP-7 (OP-1) on bovine collagen

carrier
OpteformTM Regeneration

Technologies
bone graft substitute allogeneic DBM and bone chips in

porcine gelatin
OrthoBlasts 8 IsoTis OrthoBiologics bone graft substitute and

extender
allogeneic DBM & cancellous bone

chips in Pluronic F-127
OsSaturaTM IsoTis OrthoBiologics bone graft substitute 80% HA and 20% beta-TCP

composite
OsteofilTM Regeneration

Tehnologies
injectable bone graft substitute allogeneic DBM powder in porcine

gelatin
OSTEOSETs Wright Medical

Technology
bone graft substitute calcium sulfate pellets

OSTEOSETs

DBM
Wright Medical

Technology
bone graft substitute allogeneic DBM/calcium sulfate

pellets
Pro OsteonTM Interpore Cross Intl. bone graft substitute corolline hydroxyapatite
TheriFilTM Therics bone graft substitute and

extender
One of a family of beta-TCP

products manufactured with the
TheirForms 3-D rapid
prototyping technology

VITOSSs Orthovita bone graft substitute beta-TCP blocks or morsels with
autologous marrow

Cartilage Carticels Genzyme Biosurgery articular cartilage repair autologous chondrocytes
Nerve NeuraGenTM Integra LifeSciences peripheral nerve conduit absorbable collagen tube
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Many three-dimensional scaffolds do not have sufficient
mechanical strength for their intended application, nor do
they have a sufficient amount of interconnected porosity
for cellular contact and vascularization to occur. Rapid
prototyping techniques may offer improvement in these
areas with improved control over the microstructure and
macrostructure of three-dimensional constructs. Sheet
lamination, adhesion bonding or three-dimensional print-
ing (the TheriFormTM process is a proprietary type of
three-dimensional printing), selective laser sintering,
stereolithography, and fused deposition modeling are all
examples of rapid prototyping techniques. The limits of
these advanced manufacturing techniques include process
resolution and the materials that can be used to fabricate
the three-dimensional constructs. Depending on the spe-
cific manufacturing method, the materials used for fabri-
cating a scaffold must be able to withstand exposure to
specific energies, temperatures, or solvents. Certain meth-
ods require specific material chemistries such as thermo-
plastic or photocurable features. Incorporating cells in the
construct during the manufacturing process is desirable in
some cases, but cell integration limits the material and
process selection. Additionally, any residual or unreacted
components must be removed before a product can be
implanted. Thus, studies are underway to optimize the
materials used for rapid prototyping techniques, to in-
crease the process resolution, to remove undesirable ma-
terials from the constructs, and to provide appropriate
materials and processes for site-specific cell deposition
(25).

Biomaterials development for TEMPs also involves
research on injectable materials. Some injectable poly-
mers can be gelled in situ in response to temperature
change, pH change, ionic cross-linking, or exposure to
light at a particular wavelength. Injectable polymers can
be delivered with minimally invasive techniques, and they
can easily form the desired shape when gelled. Similar to
solid absorbable polymers, synthetic injectable polymers
can also be modified with cell adhesion peptides to mod-
ulate cell attachment and function. Numerous studies
have examined the gelation of injectable polymers using
photopolymerization. As light can penetrate skin, several
in vivo studies have shown the potential for subcutaneous
delivery of an injectable polymer and subsequent trans-
dermal gelation. In one study, chondrocytes were encap-
sulated in PEO-dimethacrylate, the cellular constructs
were injected, and gelation was conducted transdermally
with ultraviolet radiation. Explants at two, four, and
seven weeks revealed collagen and proteoglycan produc-
tion. Recent studies have also examined the use of in-
jectable polyanhydrides for bone repair and injectable
polysaccharides for soft tissue reconstruction and suture-
less wound sealing.

Despite all of the promising materials research in
tissue engineering, other areas also critical to the devel-
opment of TEMPs must be investigated. The design and
development of bioreactors and physiological models is
crucial to the evaluation of new cellular constructs and
pharmaceuticals. More advanced in vitro testing of poten-
tial products could be performed before entering into
costly and time-consuming animal studies and clinical

trials. Furthermore, ex vivo (out of the body, for example,
on the benchtop) physiological models manufactured from
tissue-engineered components could be applied for drug
development studies, toxin screening, and bioterrorism
defense. Bioreactors are currently used for culturing
cellular constructs because they can replicate the in vivo
environment better than standard culture conditions.
Bioreactors such as rotary vessels, spinner flasks, and
perfusion systems provide media flow and mixing to
improve the transfer of gases, nutrients, and metabolic
wastes. Much work remains to be done in creating ‘‘func-
tional’’ bioreactors that provide biomechanical and bio-
chemical cues to the cellular construct to better represent
the native tissue environment.

3.1.3. Future Challenges in Tissue Engineering. Numer-
ous challenges must be met with sound scientific research,
regulatory practice, and business planning in order for
tissue engineering to make significant strides. Develop-
ment of new scaffold materials and improved analytical
techniques are critical for progress. Advancements in
vascularizing cellular constructs (pre- or post-implanta-
tion) are also crucial to the future of tissue engineering.
Identification of reliable cell sources and a thorough
understanding of cell signaling processes must occur to
regulate cell behavior and induce vascularization. Finally,
open communication is required between clinicians, tissue
engineers, regulatory personnel, and business executives
in order to develop cost-effective products for market in a
reasonable time frame.

Several material aspects require extensive research for
the advancement of TEMPs. Mechanical properties of
scaffolds need optimization to meet the conditions found
in the dynamic in vivo environment. For example, all of
the bone products listed in Table 1 require that internal
fixation accompany the tissue-engineered product at the
defect site in loading conditions. Synthetic polymers
should be optimized for biological recognition for the
polymers to selectively promote and inhibit attachment
of specific cells and proteins. As tissues are often formed
from several cell types, the scaffold material must be
capable of promoting the correct spatial organization of
multiple cell types. Consequently, the scaffold should be
fabricated with a three-dimensional structure using ad-
vanced manufacturing processes to allow the cells to
organize like native in vivo tissue. Degradation of the
absorbable scaffold must produce a favorable tissue re-
sponse, as it can also shape tissue organization. Many of
these factors are interrelated, which suggests a compre-
hensive effort for new research projects (24).

As advanced materials are developed, improved char-
acterization techniques must also be made available to
better understand biological and material properties. Cell
and material interactions will be better defined using
state-of-the-art surface analysis methods, equipment,
and analytical software. In vivo clinical outcomes may be
predicted more reliably with improved in vitro testing
protocols, possibly using ex vivo physiological models as
discussed in the previous section. As high temperatures
and solvents are used in traditional histological proces-
sing, new methods are required to evaluate new absorb-
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able materials. The use of combinatorial approaches to
identify viable biomaterials by correlating cell response to
material properties could prove to be very valuable for
researchers and tissue-engineering companies.

Advanced manufacturing techniques are necessary to
construct large three-dimensional implants with an ap-
propriate microstructure that allows vascularization.
Large cellular implants cannot be used currently because
of a lack of vascularization in the interior of the construct.
Host blood vessels must rapidly populate large constructs
because vascularization must occur to prevent necrosis of
implanted cells. The resolution of rapid prototyping tech-
niques must be improved to create capillary channels for
vascularization. Incorporation of microelectromechanical
system (MEMS) technology into rapid prototyping techni-
ques may lead to development of the capillary channels in
the scaffold material. Once channels are created, the
vascularization process could be initiated by seeding en-
dothelial cells in the capillary channels, which could then
form capillary structures during culture. After blood
vessels were grown in the construct, microsurgical tech-
niques could then be used during implantation to connect
host vessels to the implant vessels.

Various challenges exist, as well, in identifying the
source of cells to use for TEMPs, understanding cell
signaling processes, and optimizing growth conditions
for cellular constructs. Studies with adult and embryonic
stem cells have revealed the cells’ potential to differentiate
into a wide variety of tissue types; however, embryonic
stem cells have a distinct advantage in that they can be
subcultured for an extended time without differentiating.
Thus, embryonic stem cells are more desirable from the
standpoint that greater cell populations can be obtained
with a high purity. The use of embryonic stem cells,
however, is a complex ethical and social issue that is
controversial because of the origin of the cells. As a result,
research of adult stem cells is required to determine if
they can be manipulated to behave as embryonic stem
cells. A more thorough understanding of cell signaling
processes is required in order to guide differentiation of
stem cells and to develop methods for culturing large
quantities of the desired phenotypes. Better knowledge
of cell signaling processes is also desirable to promote
vascularization and other forms of cellular growth without
producing anomalies such as malignant neoplasia. There-
fore, cell signaling among cells in the TEMP and between
cells from the TEMP and host tissue must be controlled to
start and stop tissue growth as desired. Finally, growth
conditions for cellular constructs must be optimized
through the design of automated bioreactor systems that
reduce human handling of cells and constructs. Fluid flow
variations and mechanical, electrical, and chemical sti-
muli should be incorporated within the automated sys-
tems to mimic the in vivo environment for specific
phenotypes.

The final group of obstacles for the advancement of
tissue engineering involves challenges in standards devel-
opment, product regulation, and business practice. Crea-
tion of comprehensive standards for manufacturing and
testing of TEMPs is a necessity, and standards are cur-
rently being developed by the American Society for Test-

ing and Materials (ASTM) Committee F04.
Standardization is necessary in order to compare results
of in vitro and in vivo testing occurring in different
laboratories. Good manufacturing practices, quality con-
trol testing, preservation procedures, and shipping proto-
cols should all be included in standards development.
Standards are required for tissue engineering to better
predict the clinical outcome of a TEMP. Clinical outcome
should be predictable to give a high degree of assurance to
the patient and to promote public confidence in the tissue-
engineering industry.

Depending on the type of materials found in the TEMP,
the product can be classified by the FDA as a medical
device, a biologics product, or a combination device. This
classification determines what regulations govern a pro-
duct in the FDA approval process. Different regulatory
pathways exist for each product classification. As most
companies are interested in rapid commercialization,
many TEMPs are based on previously approved technol-
ogies. Thus, the companies take the shortest path to
realizing an FDA-approved product. Companies are most
interested in developing products that will minimize FDA
approval time, company liability, and cost. For substantial
progress to be made, however, it will be necessary to
financially invest in research and development of products
that will take TEMP technology to a higher level.
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1. TISSUE MECHANICS

Locomotion, cardiovascular and pulmonary function, and
many other physiological processes depend profoundly on
the mechanical characteristics of the tissues making up
the musculoskeletal and organ systems. Tissue mechanics
is the field of endeavour that seeks to understand and
describe the links between structure and mechanical
function in the soft and hard tissues of the human body,
and indeed in the bodies of the animal kingdom at large.
In the broadest view, tissue mechanics could encompass
studies of blood flow (blood is a tissue) and the active
function of muscle; however, blood flow is more tradition-
ally considered under the separate heading of hemody-
namics and will not be considered further here. Muscle
mechanical function encompasses both its active (contrac-
tile) function and the passive behavior associated with the
force-extension characteristics of the noncontracting
structure. The active features of skeletal muscle are often
considered separately under the heading of muscle me-
chanics. Smooth muscle function is so central to the
function of blood vessels, bladder, intestinal wall, etc.
that its active features are often considered within tissue
mechanics.

The vast bulk of the research work associated with
biomedical tissue mechanics in humans has been carried
out on the connective tissues of the body: those tissues
that are associated with the support and transmission of
mechanical loads. Among the best-studied tissues are
blood vessels, heart valves, pericardium and myocardium,
skin, tendons and ligaments, bone, and cartilage. Within
the connective tissues of the body, the hard tissues (cor-
tical, cancellous, and alveolar bone, dentin, and enamel of
teeth) differ from the soft tissues in having a significant
mineral content (1) that allows them to support compres-
sive loads, bending and torsion, and bite forces. Even the
soft organs of the body, such as the brain, liver, etc., have
significant fibrous support from connective tissue compo-
nents that gives the organs form and measurable mechan-
ical properties. These properties can become important in
situations such as automobile accidents.

The development of tissue mechanics as a discipline
has been driven by three quite distinct approaches. Phy-
siologists and structural anatomists have long studied the
mechanical characteristics of tissues in humans and ani-
mals as means to understanding natural ‘‘design’’ for
mechanical function (2). Good examples can be found in
studies of helical fiber architecture in fish and worm
bodies (3), resilin-based energy storage in bee wing-flap-
ping (4), and the contribution of energy storage by liga-
ments and tendons to horse gait (5). Much of this work has
been based on experimental studies in functioning ani-
mals and has been descriptive or quasimathematical.
However, some elements of such analyses have become

part of the core knowledge of the field. A good example is
the widely-known Law of Laplace: a relationship between
transmural pressure, P, radius of curvature, R, and wall
tension, T, in thin-walled spherical membranes such as
the alveoli of the lungs:

T¼
PR

2
: ð1Þ

If one also considers the thickness of the wall, t, then the
stress, s, in the wall can be calculated as:

s¼
PR

2t
: ð2Þ

A similar equation (without the 2 in the denominator) may
also be used to calculate the hoop stress in cylindrical
structures such as an idealized, cylindrical blood vessel
(6). These equations are basic results from engineering
analysis of thin-walled (t/Ro0.1) pressure vessels; how-
ever, within tissue mechanics, the earlier physiological
usage has been retained.

From the 1960s onward, with the development of
biomedical engineering as a discipline, mechanical engi-
neering methods have been widely applied to tissue
mechanics studies. The result has been the development
of a formal, more mathematical approach to tissue me-
chanics (7,8). The toolkit for engineering analysis and
design of structures has been successfully applied here,
for example, finite element stress and deformation analy-
sis, matrix algebraic (tensor) description of 3-dimensional
mechanical features such as stress, strain, and elastic
stiffness, as well as prediction of mechanical behavior
under arbitrary loading conditions. This approach is in-
herently rooted in continuum mechanics. Hence, the
influences of fine anatomic structure on mechanical func-
tion have rarely been considered, except as they influ-
enced the mathematical description of local properties in a
structure.

The third approach to tissue mechanics explicitly ad-
dresses tissue structure. Drawing on the growth of mod-
ern materials science and engineering, and on advances in
cellular/molecular biology, a third wave of researchers has
examined and mathematically modeled the relationships
between detailed tissue architecture and its mechanical
function. The list of tissue features considered in such
studies includes collagen fiber crimp (waviness), the spa-
tial distribution of fiber angles relative to the direction of
loading, deformation of the collagen triple-helix molecular
structure, flow of electrically charged tissue fluids, and
load transfer between adjacent fibers as well as between
the fibers and the surrounding gel-like matrix.

Whatever the approach, biomedical tissue mechanics
seeks to: (1) measure the mechanical behavior of natural
tissues and tissue-derived materials, (2) use engineering
analysis to describe that behavior mathematically, and (3)
from a materials science perspective, understand the
structure/function relationships that produce the beha-
vior.
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2. STRUCTURE OF NATURAL TISSUES FOR MECHANICAL
FUNCTION

Natural tissues are all fiber-reinforced composite materi-
als, and their mechanical properties are determined by the
quantity and arrangement of the various components that
make them up. It may be argued that the mechanical
design of the human body is conservative in that it uses
relatively few mechanical components; however, the de-
sign is also remarkably flexible in that a very wide range
of mechanical properties is achieved by varying the local
architecture of the tissue components (fibers, mineral
crystals, etc.). A clear analogue exists for such natural
design in the engineering design of composite materials,
for instance, in aeronautics and marine architecture.

All load-bearing tissues contain both cells and extra-
cellular matrix, indeed, this is the very definition of a
‘‘tissue.’’ The cells may be responsible for synthesis and
maintenance of the extracellular matrix components (e.g.,
fibroblasts or smooth muscle cells in soft tissues; osteo-
blasts and osteocytes in bone), or they may degrade the
matrix during tissue remodeling (e.g., macrophages in soft
tissues; osteoclasts in bone). Cells are often sensitive to
their mechanical environment, transducing local stresses
or strains into altered cellular activity (9). Such mechan-
otransduction is at the root of arterial remodeling in the
presence of altered pressures or flows, and of musculoske-
letal remodeling during athletic training or periods of
inactivity (10).

The mechanical properties of connective tissues in the
human body are determined by: (1) the mechanical prop-
erties of the individual components of the extracellular
matrix (e.g., protein fibers, proteoglycan gel, mineral
crystals, fluids), as well as the properties of the cells
themselves; (2) the volume fractions of each component
present; and (3) the spatial arrangement of the compo-
nents and their interactions with each other, that is, the
architecture of the tissue. Tensile strength develops al-
most exclusively from the very stiff, strong, and tough
protein collagen, whose fibers are ubiquitous in the hard
and soft tissues. Where significant stretch and recovery
are required, soft tissues contain significant amounts of
elastin: a physiological rubber. Compressive strength in
hard tissues like bone and dentin develops from the
reinforcement of collagen fibers with calcium phosphate
crystals. Where soft tissues bear compression (articular
cartilage, intervertebral disks), constrained fluid phases
translate compressive loads into collagen fiber tension.

Tissue structure reflects the magnitude, mode, and
directionality of mechanical loading. Tissues that must
support higher loads tend to be richer in collagen content
or more heavily mineralized. In bone, the dynamic depen-
dence of structure on changing load conditions is usually
called Wolff ’s Law after Julius Wolff who advanced the
idea late in the nineteenth century (7). In soft tissues as
well, the architecture of the collagen fiber array in tissues
is an indicator of the directionality of the loads the tissue
is supporting. For instance, Fig. 1 shows the cross-fibrillar
collagen array seen in human pericardium: a planar,
sheet-like tissue that must support loads in multiple
directions. By contrast, in tendons where tensile loading

is nearly uniaxial, the collagen fibers are generally well-
oriented in the loading direction.

The most mechanically important component of the
extracellular matrix is also the most common protein in
the body. Collagen is composed of three helical alpha
chains that self-assemble outside the manufacturing cell
into a triple, super-helix. This latter helix gives the
molecule the structure of a short rod, and these rods in
turn self-assemble laterally and end-to-end to produce
long collagen fibrils (11). The collagen fibril has great
stiffness in tension (elastic modulus 410GPa) because of
its compact structure and the covalent bonding along the
alpha chains (2). The strength of the fibril is heavily
dependent on biochemical crosslinking between the chains
of individual triple helices (intramolecular crosslinking)
and between adjacent triple helices (intermolecular cross-
linking). Catalyzed by the action of the enzyme lysyl
oxidase or by glycation, the number density of these
crosslinks increases with tissue age. Thus, collagen-rich
tissues such as tendons or skin from mature animals show
increased strength—but typically decreased extensibil-
ity—compared with those from juvenile animals (12,13).

Elastin is a member of the family of physiological
rubbers and is a major component of soft tissues that
combine extensibility and efficient energy storage (e.g., the
arterial wall in humans or the ligamentum nuchae that
supports the necks of cattle) (14). Elastin has the lightly
cross-linked, long-chain structure of most engineering
rubbers, and likewise has a relatively low elastic modulus
of about 1MPa. It’s remarkably high extensibility (as high
as 150% before failure) (14) and its excellent elastic
recovery can be linked directly with its two-phase struc-
ture of hydrophilic and hydrophobic domains, the former
associated with crosslinking and the latter with extensi-
bility (15). During growth and maturation, elastin is laid
down within a scaffold of glycoproteins known as the
microfibrils. The mechanical properties of the resulting
‘‘elastic tissue’’ are the combined mechanical characteris-
tics of the elastin rubber and its microfibrillar reinforce-
ment (16). Indeed, genetic defects in the microfibrils such

Figure 1. Collagen weave in human pericardium. Scanning
electron micrograph made by tearing open a dehydrated tissue
sample, revealing several internal layers. Scale marks are 10 mm
in length. Photograph courtesy of the author.
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as those that occur in Marfan’s Syndrome can lead to
catastrophic mechanical failure (e.g., aortic aneurysm)
(17).

The hard tissues of the body contain high-weight
fractions of (Ca10(PO4)6(OH)2), a calcium phosphate
mineral phase termed hydroxyapatite. The mineral con-
tent of these tissues is experimentally determined by
weighing the ash that remains after the water and organic
components of the tissues are removed by burning (18).
The ash content of bones is typically around 67% in the
long bones of mammals; however, it can be as low as 59%
in antlers where impact toughness is critical or as high as
86% in the tympanic bulla of the inner ear where high
stiffness is critical to acoustic transmission. In bone and
dentin, the mineral phase is deposited as fine, discontin-
uous crystals onto cross-linked collagen fibers. This struc-
ture allows the tissues to support significant compressive
loads while reducing the susceptibility to brittle fracture
typical of continuous ceramic materials. In enamel, by
contrast, the mineral content can be as high as 95% and
with a much larger crystal size. Here, toughness is
sacrificed to the high hardness necessary for mastication
(1,19).

It is important to recognize that the extracellular
matrix of all tissues contains a high-volume fraction of
water, a necessary consequence of the presence of cells.
The fluid component is associated with a variety of highly
hydrated long-chain molecules in the extracellular space
(e.g., proteoglycans, collagen, etc.). This loose binding of
water, in turn, produces many of the complex mechanical

features of tissues (20,21). In cartilage, for instance, the
high compressive loads are supported by: (1) dynamic,
internal hydrostatic pressures created by the weak bind-
ing of water, (2) gradual release of the water into the joint
space during loading, followed by (3) the return and
rebinding of the water after unloading of the joint (22).

3. MECHANICAL CHARACTERISTICS OF TISSUE
MATERIALS

The mechanical properties of connective tissues follow
directly from their structures as highly hydrated, compo-
site materials.

Most tissue materials showmechanical anisotropy, that
is to say, their mechanical properties depend on the
direction in which they are loaded. Tendons, for instance,
are very strong and stiff along their longitudinal axis
(from muscle-to-bone); however, they are weak in direc-
tions normal to this axis (23) (Fig. 2). Similarly, the
cortical bone in the shell of long bones like the femur is
stronger and stiffer along the direction of its osteons
(longitudinal direction) than in the radial (center out-
ward) or circumferential (around the bone) directions
(24). As is the case with engineering composite materials,
tissue anisotropy is principally determined by the ar-
rangement and volume fraction of the stiffest component
in the material: the collagen fibers. Hence, anisotropy
strongly reflects fibrous architecture. This is true even
in hard tissues because the mineral phase is deposited on
the collagen fibers and hence aligned with them (2,25).

Figure 2. Hierarchical structure of tendon. Note
the complex assembly from the triple-helical mo-
lecular level, through the self-assembled microfi-
bril, to form the fibrils and collagen bundles that
make up the fascicles of the tendon. The collagen
is strongly oriented in the axial direction, reflect-
ing the direction of muscle-to-bone loading. From
Kastelic et al. (23). Used with permission.
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Perhaps the most widely appreciated mechanical fea-
ture of soft tissues is the concave upward shape of their
nonlinear load-deformation (or stress-strain) curves,
shown in Fig. 3. The tissue is easily extended at first,
the curve showing a shallow initial slope (i.e., a low
stiffness). During this initial extension, individual col-
lagen fibers or bundles may rearrange toward the direc-
tion of loading, a process known as fiber recruitment.
Collagen crimp (waviness in the bundle structure) may
also unfold. In elastin-rich tissues such as arteries or
ligaments, the low stiffness elastin fibers may also be a
significant determinant of the initial tissue stiffness.
There follows a transitional phase, sometimes called the
‘‘elbow’’ of the curve where stiffness rises rapidly. Here,
fiber recruitment reaches its limits and the high stiffness
collagen bundles begin to bear load. As the collagen
becomes fully engaged, the curve shows a steep, high
stiffness region where the slope is almost completely
dependent on the volume fraction of collagen present. A
good example is found during inflation of the artery wall.
In 1957, Roach and Burton described a transition in the
slope of the stress-strain curve. The initial stiffness is
governed by the layers of elastic tissue (lamellae) in the
wall; however, as diameter increases, the crimped collagen
in the wall straightens, begins to bear load, and the
stiffness increases markedly (27). This allows the arterial
wall to play dual roles, showing reversible extension
under physiological strains, yet resisting overextension
that would result in aneurysm formation.

In overloading of tissues, the collagen network begins
to slip and rupture, the slope of the stress-strain curve
falls again until complete failure is observed. Rupture of
soft tissues may be abrupt in tissues like tendons where

collagen is well-aligned with the direction of loading;
otherwise, a slow shredding failure may be seen when
strip samples from planar tissues like skin, pericardium,
or dura mater are tested.

As a result of their highly hydrated structures, all
tissues display some amount of viscoelastic behavior
(28), which is especially true in soft tissues because of
the presence of an interfibrillar gel/sol material sometimes
called the ‘‘ground substance.’’ Viscoelasticity means that
while tissues store and return energy during loading and
unloading (elasticity), some of that energy is dissipated
because of fluid shear (viscosity) or other processes. Vis-
coelasticity is manifest in a variety of time-dependent
mechanical features shown in Fig. 4, which include hys-
teresis (different stress-strain curves on loading and un-
loading), stress relaxation (decay of stress under constant
strain), creep (increasing strain under constant stress),
strain rate sensitivity (increasing stiffness with increasing
strain rate), and phase differences between stress and
strain sinusoids during cyclic loading (29). In the case of
hysteresis, some investigators have ignored the viscoelas-
tic roots of this behavior and have treated the loading and
unloading curves separately, terming the phenomenon
pseudo-elasticity (7,30). Viscoelasticity is seen in both
soft and hard tissues. In bone, it is strongly dependent
on movement of fluid through blood vessels and other
channels in the structure (31). Even isolated collagen
fibrils will display viscoelastic behavior (32). However,
the dependence of viscoelasticity on the presence of water
in tissues is easily demonstrated because it can be all but
eliminated by dehydrating soft tissues or bone (24,33,34).

Two curious features of soft tissues in particular are:
preconditioning effects and the presence of prestress (35).
Preconditioning is a term used to describe the gradual
shifting of the stress-strain curve toward higher strains
under repeated cyclic loading, eventually settling into a
repeatable, steady-state response (36–38). This effect is
attributed to gradual rearrangement of the fiber network
toward the directions of load (fiber recruitment) and
shear-induced changes in the proteoglycan hydrogel. The
presence of prestress is obvious in the retraction of skin
around a scalpel incision or in the opening of hoops of
arterial wall when cut (35,39). The source of this behavior
is unclear; however, it seems that some tissue components,
such as elastin, are already under extension when laid
down by cells. Again, the molecular mechanism is unclear.

4. IN VITRO EXPERIMENTAL METHODS

As a practical matter, the mechanical properties of natural
tissues have most often been examined in experimental
apparatus outside the body (i.e., under in vitro conditions).
Experimenters have recognized that inherent compro-
mises exist in this approach. For instance, the tissues to
be examined must be detached from the structures that
surround them in the body. During physiological function,
this ‘‘tethering’’ ensures that the tissues operate under
some initial stretch (40,41). As the nonlinear stress-strain
behavior of tissues implies a stretch-dependent stiffness,
the operational stiffness of the tissues will be determined,

Figure 3. Stress-strain curves for strip samples of canine and
human pericardium cut in the base-to-apex direction. Solid lines
are the mean strain values. Dotted lines indicate confidence
interval7standard error of the mean. Note the nonlinear, concave
upward shape of the curves, with the stiffness of the material
(slope of the curve) increasing with increasing extension (strain).
From Lee and Boughner (26). Used with permission.
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to a significant degree, by this stretch. Thus, in an attempt
to estimate the in vivo behavior of soft tissues, investiga-
tors may place markers on the tissue in situ, measure the
distance between the markers, and then restore the tissue
to these dimensions in vitro before making mechanical
measurements (42).

4.1. Tissue Samples for In Vitro Testing

Tissue samples for testing may be: (1) cut from soft tissues
using a scalpel and guide or a sharpened template cutter,
or (2) machined from hard tissues such as bone or enamel
using a water-cooled milling machine or diamond cut-off
wheel. The exact shape of the samples to be tested
depends on the properties to be measured and almost
certainly exerts some influence on the values obtained.
For tensile testing of soft tissues, a long, slender rectan-
gular sample may be preferred to minimize the con-
straints imposed by clamp-type grips; however, the ‘‘dog-
bone’’-shaped samples used in engineering testing of
metals are rarely used. For biaxial testing of soft tissues,
a cruciate sample may be used with four clamp grips (43)
or a square sample if attachment is achieved with multiple
sutures along the sample edges (44–46) (Fig. 5). Testing of
tubular samples like arteries can be achieved using a long
section of the vessel cannulated at the ends for inflation
(47,48) (Fig. 6); alternatively, a hoop or strip sample may
be cut from the wall material for tensile testing (39). Hard
tissue samples may be machined into bars of rectangular

cross-section for three- or four-point bending tests (49) or
into cubes for ultrasonic measurement of elastic modulus
(50). Whole long bone samples or metaphyseal segments
may be potted at their ends into supporting material such

Figure 4. Viscoelastic features of soft tissues.
Left-to-right, and top-to-bottom: (i) Hysteresis is
identified with different stress-strain curves on
loading and unloading. The area between the
curves is the energy per unit volume lost to dis-
sipative processes during the loading cycle. (ii)
Stress relaxation is the decay in stress when the
sample is maintained under constant strain. (iii)
Creep is the increase in strain when the sample is
maintained under constant stress. (iv) The stress-
strain curve shifts toward lower strain with in-
creasing strain rate. (v) A phase shift is observed
between stress and strain sinusoids in forced vi-
bration. Stress leads strain by a time difference Dt
corresponding to a phase shift d¼oDt, where o is
the angular frequency of the vibration.

Figure 5. Biaxial testing of planar soft tissues. Here, a square
sample of bovine pericardium is held by suture attachments on
four sides. The sutures run through rollers attached to four grips
that are, in turn, attached to four servo-hydraulic actuators. Note
that two of the grips (top and right) are also attached to low-
capacity load cells (in black). Strain is measured by tracking of
five particles glued to the sample surface. Photograph courtesy of

the author.
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as PMMA bone cement, held with supporting screws and
tested in torsion (51,52).

Calculation of stress and strain characteristics from
experiments on soft tissue samples is particularly challen-
ging because, unlike the case with machined hard tissue
samples, the measurement of the unloaded sample dimen-
sions (to which stress and strain are referenced) is diffi-
cult. The concave upward shape of the stress-strain curve
(Fig. 3) means that most test samples extend easily under
low loads. If well-defined in vivo dimensions are not
available, then defining the ‘‘unloaded’’ or gauge length
a priori can be very difficult (53,54). Measurement of the
thicknesses of planar soft tissues can also be difficult
because they compress easily (55). Similarly, cross-sec-
tional shapes of tendons and ligaments are difficult to
define because they are noncircular and may vary over the
length of the sample (56).

In an effort to reduce the influence of specimen pre-
paration on measured properties, some investigators have
excised not only the tissue to be tested, but also the
supporting structures (e.g., a cruciate ligament from the
knee with the attached portions of the tibia and femur)
(57). Similarly, cartilage is often tested by pushing an
indenter into its surface while the cartilage is still at-
tached to the subchondral bone (22,58).

It is worth noting that a great deal of valuable informa-
tion on human tissue mechanics has been carried out by

studying fresh or frozen/thawed tissue samples from
cadavers. Availability and use of such tissues is necessa-
rily restricted; however, cadaver samples offer the advan-
tage of true human structure and mechanical behavior
(59). In these samples—as in samples removed from
experimental animals—experimenters must always con-
sider the influence that postmortem degradation has on
mechanical behavior. In general, fresh samples are pre-
ferred over frozen samples (60,61). Careful storage tech-
niques such as cryopreservation may allow for
maintenance of tissue properties for a prolonged period
after excision of the sample (62,63).

4.2. Mechanical Testing of Tissue Samples

Mechanical testing of tissues may be performed using
commercial mechanical testing systems (e.g., Instron or
MTS machines) or custom-built apparatus. In either case,
the testing system must have a means of deforming the
tissue and measuring the resulting forces and deforma-
tions. Commercial testing machines are often used for
standard materials engineering tests of sheet tissues,
machined bone samples, etc. Such tests include one-pull
or cyclic uniaxial tensile or compressive tests, three- or
four-point bending tests, torsion tests, or related mixed-
mode tests (e.g., compression/torsion testing of bone).
Commercial testing machines are distinguished by the

Figure 6. System for mechanical testing of isolated segments of artery. The submerged vessel is
attached to a force transducer at one end and to a hollow tube at the other end that allows
extension of the vessel and pressurization via a fluid reservoir and a compressed air supply. The
artery diameter is obtained using a video camera and a video dimension analyzer. From Weygang

(48). Used with permission.
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type of mechanism used to deform the tissue (the actuator)
and the minimum loading time or maximum cyclic fre-
quency that can be achieved. The three typical mechan-
isms are: (1) screw-actuator systems with maximum cyclic
frequency of about 0.1Hz, (2) servo-hydraulic actuators
with maximum cyclic frequency about 100Hz, and (3)
voice-coil actuator systems with maximum frequencies of
1000Hz or more. Screw-driven and servo-hydraulic ma-
chines are capable of imposing very high forces on tissues
(e.g., up to 100kN) whereas voice-coil actuators have more
limited load capabilities. Investigators have built custo-
mized systems to test tissues under loading schemes that
better mimic those in real physiological function. Exam-
ples include planar biaxial testing systems for soft tissues
like skin or myocardium (Figs. 5 and 7) (44,64), and
pressurization systems with length and diameter mea-
surement for testing of blood vessels (47,65) (Fig. 6).

For measurements in whole bones or bone samples,
standard servo-hydraulic testing systems provide an ex-
cellent testing platform because loads are typically high
and deformations are small. Strain gauges may be directly
glued onto the surface of the sample for measurement of
local strains (66). If strain gauge rosettes are used, the
local principal strains may also be calculated. By contrast,
many soft tissue samples are rather soft and easily
deformed or ruptured; therefore, force and deformation
measurements require special attention. Low-capacity
load cells and low noise electronics are usually required.
Measurement of deformation cannot be accomplished
using contacting methods like the extensometers or strain
gauges. Many investigators have adopted the use of video-
based systems for measurement of deformation, including
so-called ‘‘video dimension analyzers’’ that track contrast
edges in a video signal, for instance, at the edges of two
black marks near the center of a white tendon or ligament
sample (43,44,67). Other video approaches include the
placement of fine particles or ink dots on the surface of
the sample. Video images are captured during testing and
the translation and deflections of the dot pattern are
analyzed by computer afterwards (46,68,69). Most video
systems are limited to a 30Hz interlace frequency, limit-
ing the applicability of these techniques to vibrational or
rupture testing; however, some investigators have used
high frame-rate video analyzers (43) or used custom-
written computer software to calculate marker positions
in real time and use these as a feedback signal for control
of the testing system (65).

5. IN VIVO EXPERIMENTAL METHODS

Although in vitro experiments can capture many of the
mechanical behaviors of tissues, the question always
exists of how much the data is distorted because the tissue
sample no longer has its native attachments and geome-
try. To get past this problem, some experiments have been
carried out in vivo, rarely in patients, but commonly in
experimental animals that have been surgically fitted
with transducers.

For example, the deformation of bones during gait may
be measured by exposing bones and gluing strain gauges

onto their surface. The wound is closed and the wire leads
pass out through the skin to signal conditioning electro-
nics, often with radio transmitters so that the animal’s
movements are not restricted by trailing cables (70,71).
Similarly, the mechanical properties of large blood vessels
like the aorta may be assessed by attaching pairs of
ultrasonic crystals to the vessel wall (for dynamic mea-
surement of diameter) and placing one or several fine
pressure transducers into the vessel lumen (for dynamic
measurement of the pressure pulse) (42). With careful
veterinary care, such experiments may be carried out over
prolonged periods, and with the animals having nearly
normal function.

By contrast, acute experiments may be carried out
while the tissue is exposed in an anaesthetized animal
or patient (e.g., attachment of a deflection measurement
system to study stretch or load in the ligaments of a joint
during flexion/extension) (72). With increasing sophistica-
tion of medical imaging technologies, the dynamic defor-
mations of tissues in vivo can be measured using a variety
of techniques. In some experiments, small radio-opaque
markers are sutured to soft tissues or implanted into bone
(73). Three-dimensional deformations can then be as-
sessed using static x-rays or dynamic fluoroscopy. Simi-
larly, changes in arterial diameter with the pressure pulse
can be assessed using fluoroscopy and radio-opaque dyes
introduced via an angiography catheter. More recently,
advances in Doppler ultrasonics, nuclear imaging, and
magnetic resonance imaging have allowed near-real-time
assessment of deformations in human patients, particu-
larly in the heart and blood vessels.

6. MATHEMATICAL DESCRIPTIONS AND MODELING

Mathematical modeling is an important part of tissue
mechanics. It serves two primary purposes: description
and prediction. First, mathematical curve-fitting and
modeling can provide means of reducing experimental
data to a much smaller set of parameters that compactly
describe the data and allow for easier comparisons be-
tween experimental groups. Second, because all mechan-
ical experiments are carried out under some particular set
of load/deformation conditions, mathematical models al-
low the investigator to predict how the tissues will behave
under other load/deformation conditions.

6.1. Large Deformation Elasticity

Soft tissue materials differ significantly from most engi-
neering materials in that they can display very large
deformations, even in physiological function. As a result,
the usual small-deformation definitions of stress and
strain are not generally employed, except as descriptors
in uniaxial testing. It is more common to use the tools of
large deformation elastic theory, sometimes called finite
elasticity (8). Uniaxial deformations are usually described
in terms of the stretch ratios, l¼L/L0, the ratio of the
deformed length, L, to the undeformed (gauge) length, L0,
of the sample. The stress in a uniaxial sample under a
large deformation may be calculated by assuming that the
volume of the sample is conserved (i.e., that the product
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lxlylz¼ 1 or, alternatively, that the Poisson ratio n¼ 0.5 for
an isotropic material under small deformations) (74),
which is likely a reasonable assumption given that: (1)
most soft tissues are more than 80% water by weight, and
(2) most polymer fibers deform by changing molecular

conformation, not by stretching of atomic bonds. Under
the constant volume assumption, the true stress, sx, in a
uniaxial sample stretched to lx in the x-direction may be

Force distributor

Silk threads

Specimen

Television camera
(y-direction)

Television camera
(x-direction)

Sliding carriage

Force distributor

Sliding
carriage

Crank

Specimen bath
Temperature control fluid

Force transducer

Specimen

Force bridge
Pulley system

Drive-shaft Sprocket drive

Mirror
Cantilevered support

Image splitter

Figure 7. Early biaxial testing system for soft tissues. The test sample is held by multiple suture
attachments, each with individual tension aduster. A square marked on the sample is observed by
two television cameras through a semisilvered mirror, and the contrast edges are tracked by video
dimension analyzers (not shown). From Lanir and Fung (44). Used with permission.
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calculated as:

sx¼
F

A
¼

FL

L0A0
¼

Flx
A0

; ð3Þ

where F is the applied force and A and A0 are the deformed
and undeformed cross-sectional areas of the sample.

More generally, for three-dimensional deformations,
finite strains are expressed in matrix form using the
Green–Lagrange strain tensor whereas the corresponding
stresses are described using the second Picola–Kirchoff
stress tensor (8). This notation is particularly useful for
development of constitutive equations that describe the
arbitrary three-dimensional elastic properties of tissue
materials under large deformations (see below). The small
deformation Poisson ratio (or multiple ratios for anisotro-
pic materials) are replaced with Poisson’s functions that
depend on the three-dimensional strains.

The theory of rubber elasticity has also been success-
fully applied to large deformations of soft tissues and,
more particularly, to the deformation of physiological
rubbers like elastin. For example, a comparable relation-
ship to Hooke’s law can be developed for large deforma-
tions of isotropic, incompressible rubbers. If the material
has an elastic modulus E (measured under small deforma-
tions), then the ‘‘neo-Hookean’’ relationship gives:

sNx ¼
F

A0
¼

E

3
lx �

1

l2x

 !

; ð4Þ

where sNx is the nominal stress calculated as the ratio of
the applied force to the undeformed cross-sectional area,
A0, and lx is the stretch in the x- (loading) direction (75).

6.2. Phenomenological Models

Curve-fitting is commonly used to describe data from
mechanical testing of tissues. For instance, the typical
concave-upward shape of stress-strain data from tensile
tests of soft tissues may be described using exponential or
power functions, for example,

sðeÞ¼
1

b
ðCebe � gÞ; ð5Þ

where s is stress, e is strain, and C, b, and g are empirical
constants used to fit the data (38,76). Similarly, the data
from stress relaxation experiments (fall in load under
constant extension) are often described with decaying
exponential functions, and data from forced vibration
experiments may be fitted with sinusoids, for example,

sðtÞ¼ �sþ s0 sinðotÞ and

eðtÞ¼ �eþ e0 sinðot� dÞ:
ð6Þ

Here, s(t) and e(t) are the sinusoidal stress and strain data
as a function of time, �s and �e are the mean stress and
strain, s0 and e0 are the magnitudes and o the angular
frequency of the sinusoids, and d is the phase angle by

which the stress sinusoid leads the strain sinusoid (28,29).
In each case, large datasets are reduced to two or three
parameters that describe the curves well.

An extension of this approach is one in which the
experimental data is described using a simplified mechan-
ical system whose behavior closely emulates the behavior
of the tissue under study. Such a system is termed a
phenomenological model because it captures the behavior
of the system but makes no explicit reference to the
structure of the material. Most of the phenomenological
models used in tissue mechanics are drawn from previous
work in polymer science and mechanical engineering. The
simplest example is the spring and dashpot model used to
describe viscoelastic behavior in tissues. Here, the elastic
behavior of the tissue is described using a spring in which,
as per Hooke’s Law, the stress is proportional to strain:

s¼Ee ð7Þ

and E is the elastic modulus. Similarly, the viscous
behavior of the tissue is described using a ‘‘dashpot’’ (an
old-fashioned term for a piston in a cylinder of fluid) in
which the stress is proportional to the strain rate,

.e:

s¼ Z.e; ð8Þ

where the proportionality constant Z is termed the visc-
osity of the material. Based on these two basic elements,
spring-and-dashpot models with an arbitrary number of
elements may be constructed, describing a wide range of
behaviors. Figure 8 shows four simple spring-and-dashpot
models: (1) the basic Maxwell unit with the spring and
dashpot in series, (2) the Kelvin–Voigt unit with the spring
and dashpot in parallel, (3) the three-element ‘‘standard
linear solid’’ model whose behavior describes that of some
connective tissues, and (4) a modified version with an
offset element to describe the progressive engagement of
collagen fibers as their crimp is straightened under load-
ing or as they align maximally with the direction of
loading.

As spring-and-dashpot models are all describable by
linear differential equations, solutions to simple loading
schemes can be generalized to predict responses to more
complex loading schemes. For instance, the stress re-
sponse to a step-change in strain of size e0 at time zero,
s(t), can be written as:

sðtÞ¼EðtÞe0; ð9Þ

where E(t) is called the relaxation modulus and has the
units of an elastic modulus (Pa). The stress response, s(t),
to an arbitrary strain pattern, e(t), can then be expressed
as:

sðtÞ¼
Z t

t¼0

Eðt� tÞ
deðtÞ
dt

dt; ð10Þ

where t is a placeholder for time in the integral. This
example is indicative of the sort of convolution equation
used throughout engineering to relate the response of a
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system (here, the stress, s(t)) to a stimulus (here, the
strain rate, de(t)/dt) and a transfer function characteristic
of the system (here, the relaxation modulus, E(t)). In
principle, with experimental knowledge of transfer func-
tions such as the relaxation modulus E(t), or the related
creep compliance, J(t), one could predict the response of
the tissue to any applied extension (strain) or loading
(stress) (28). Similar relations have been developed to
describe the generalized linear response to arbitrary
sinusoidal vibrations.

Alas, real-world materials rarely are fully linear; for
example, twice the applied stress does not necessarily
produce twice the strain. Y.C. Fung proposed a widely
used variation on Equation 6 in which the nonlinear
dependence of stress on strain is captured: his so-called
‘‘quasi-linear’’ viscoelastic behavior:

sðtÞ¼
Z t

t¼ 0
Gðt� tÞ

dsðeÞ
de

deðtÞ
dt

dt; ð11Þ

where s(e) is the nonlinear stress-strain curve obtained
under arbitrarily fast loading and G(t) is the unitless
reduced relaxation function of the material (7).

This approach is still fundamentally linear in the sense
that Boltzmann superposition of solutions applies. It has
been widely applied in the literature to the description of
behaviors in soft tissues such as ligaments and tendons
(77), cartilage (78), periodontal ligament (79), and valve
leaflets (80).

An extension of the discrete spring-and-dashpot model
approach allows for a distribution of infinitesimal spring-
and-dashpot elements in a ‘‘relaxation spectrum’’ H(t),
where H is the density of elements that have a character-
istic time constant, t. Several analytic forms for H(t) have
been proposed to describe the viscoelastic behavior of soft
tissues. The best-developed is a ‘‘box’’ spectrum, where
H(t) is constant-valued between two endpoints, tmin and
tmax, and describing a linear fall in stress when plotted
against log(time) (75,81,82).

6.3. Structural Models

By contrast with phenomenological models, structural
models in tissue mechanics seek to describe mechanical
behavior with explicit reference to the fibrous architecture
of the material, the interactions between the fibrous and

nonfibrous elements, as well as the properties of the
individual fibers. For example, because the fibers in real
tissues are not perfectly aligned in specific directions, the
orientations of the fibers are often described using dis-
tributions of collagen fiber angles R(y) where this function
gives the number or density of fibers aligned in a direction
y (83,84). Such a distribution can be assessed experimen-
tally using structural tools like small-angle light scatter-
ing (SALS) (85) or may be assumed to obey some statistical
distribution (e.g., a Gaussian or Weibull distribution) (86).
Similar approaches can be used to model the helical
alignment of fibers in the arterial wall (87) or the gradual
engagement of crimped collagen fibers during extension
(88,89). In bone, structural models have been developed of
the strut architecture in trabecular bone as a means of
understanding the loss of mechanical properties asso-
ciated with chronic overload injuries or bone disease
states like osteoporosis (90,91).

Structural models are only as good as the information
available on the tissues’ architecture and composition. As
the architecture of real tissues is inherently complex and
varies significantly from individual to individual and from
location to location, models often employ simplified ver-
sions of the real structure, especially in an effort to reduce
the total number of parameters required to adequately
capture that complexity (92). The investigator must make
some choices about the level of structural detail consid-
ered, from gross structural features all the way down to
molecular configurations (93,94). If, for instance, the
smallest detail to be considered is a collagen fiber that is
large enough to scatter laser light, then the properties of
smaller, individual fibers may be described using a phe-
nomenological description. That being said, structural
models offer more than predictive power; they can be
valuable tools for understanding and analyzing ‘‘design’’
in natural tissues.

6.4. Constitutive Equations

The development of constitutive equations is a powerful
approach to describing the behavior of tissues during
mechanical testing and then using that data to predict
performance. A constitutive equation seeks to describe the
three-dimensional relationship between stress and strain
in a material in a compact equation that captures some-
thing of the essence of how the material functions (95). It

Figure 8. Spring-and-dashpot phenomenological
models for viscoelastic behavior in soft tissues.
From right to left: (1) the Maxwell model, (2) the
Kelvin–Voigt model, (3) the three-element stan-
dard linear solid (SLS) model, and (4) a four-
element model with delayed engagement of one
spring to represent uncrimping of collagen. The
dashpots with viscosity, Z, represent energy dis-
sipative behavior in the tissue. The springs with
elastic constants, Ei, represent energy storage
(elastic) behavior in the tissue. The model is
extended by tensile force applied in the direction
of the arrows.
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is worth noting that Hooke’s law and its analogs may be
considered to be constitutive equations describing the
uniaxial behavior of a material; in this section, however,
we will consider the more modern, multiaxial approach.

The most well-developed approach in the literature has
been the use of strain energy density (SED) functions.
Here, the tissue material is assumed to store energy upon
three-dimensional deformation (elasticity); this storage
can then be described in terms of the energy stored per
unit volume (units of Joules/m3): the strain energy den-
sity. The appropriate SED function for a given tissue is
usually developed based on a series of biaxial or multiaxial
loading experiments. As the stress-strain curves for most
tissues are concave upward (increasing stiffness and en-
ergy storage with increasing strain), the SED functions
are typically polynomial or exponential in form. For in-
stance, for a biaxial deformation, Tong and Fung (96)
proposed a function, W, of the form

W¼ axE2
x þ ayE2

y þ 2axyExEyþ 0:5C

expðAxE
2
x þAyE

2
y þ 2AxyExEyÞ

ð12Þ

for the biaxial deformation of skin. Here, the Es are the
Green’s strains, and the as, As, and C are all empirical
constants obtained by curve-fitting the experimental data.
Humphrey et al. (97) described the biaxial behavior of
canine epicardium using a strain energy function of the
form

W¼ cðeQ � 1Þ where Q¼
1

2
c1E

2
x

þ c2ExEyþ
1

2
c3E

2
y ;

ð13Þ

where the cs are empirically fitted material constants.

Another commonly used strain energy density equation is
the Mooney–Rivlin equation, derived from a phenomen-
ological analysis of so-called ‘‘hyperelastic’’ materials like
natural rubber (8,40).

Once the SED function is known, the stress compo-
nents for given deformations can be calculated by differ-
entiating the function with respect to the appropriate
strain as

Sx¼
@W

@Ex
Sy¼

@W

@Ey
Sxy¼

@W

@Exy
: ð14Þ

Although constitutive equations have the strength of
uniting the results of multiple experiments in a single
expression, they are sensitive to over-parameterization.
The need to determine too many empirical constants from
the curve fits may lead to identification of ‘‘best fit’’
parameters that vary too widely with small differences
in experimental data. Hence, investigators usually at-
tempt to keep the number of required parameters to a
minimum or employ mathematical and statistical tools to
ensure that the parameterization is appropriate and the
fit to the data is well determined (98,99).

6.5. Stress Analysis

There has been considerable work in the scientific litera-
ture using computer-based engineering stress analysis
methods to model and study the deformations of natural
tissues and tissue-derived biomaterials under physiologi-
cal loading. Some analyses have considered natural struc-
tures as approximating simple geometric shapes that may
be straightforwardly analyzed, for instance, the metaphy-
seal mid-section of a long bone approximating a cylinder,
or a thick slice through the left ventricle of the heart
approximating a circular ring. Most contemporary stress
analyses of tissues, however, now use finite element
analysis (FEA), a method that is a cornerstone of modern
engineering design.

In the FEA method, the first step is to define the
geometry of the tissue structure. This data may come
from casts or molds of the structure, from histological
sections, or some idealized geometry (100). In many cases,
excellent geometry can now be obtained using biomedical
imaging techniques such as CAT scans, magnetic reso-
nance images, ultrasound, etc. The geometry is then
‘‘meshed’’ into small-volume objects (voxels) that are
assumed to: (1) maintain continuity at their interfaces
with each other, and (2) have well-defined mechanical
properties. The assumed properties may reflect the known
behaviors of the tissues from experiments on the isolated
material (e.g., anisotropy, viscoelasticity, nonlinear stress-
strain behavior, etc.) (101). As well, the tissue may be
taken to obey a constitutive relationship identified from
previous biaxial or multiaxial testing. Tissue structures
may also be assumed to have heterogeneous properties,
reflecting local differences in collagen or muscle fiber
orientation in myocardium, or local differences in trabe-
cular density in cancellous bone (102). Once the model has
been established, boundary conditions are imposed on it,
usually limiting the freedom of the modeled structure to

Figure 9. Finite element analysis of canine proximal femur
showing pseudocolor map of the two-dimensional strain energy
density. A 200 N load has been applied to the model and the point
and in the direction shown. From van Rietbergen et al. (104).Used

with permission.
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translate or rotate under loading. Finally, loads are im-
posed on the FEA model and the stresses and strains are
calculated iteratively for each voxel until a convergent
result is obtained. Modern software has greatly aided in
the automation of meshing, imposing boundary condi-
tions, defining properties, and calculating results (103).

Results are often presented as voxel maps of local
principal stress magnitudes or directions, often in pseu-
docolor to enhance legibility. Alternatively, the local strain
energy density may be calculated (Fig. 9) (104) as a
measure of local three-dimensional loading. Presumably
tissue failure will occur when the SED exceeds some
critical value. Alternatively, the local von Mises stress
may be calculated:

svM ¼
ðs1 � s2Þ

2
þ ðs2 � s3Þ

2
þ ðs1 � s3Þ

2

2

 !1=2

; ð15Þ

where s1, s2, and s3 are the three principal stresses for
that voxel. The von Mises stress is a well-understood
criterion for prediction of yielding in engineering materi-
als: yielding is predicted to occur when the local von Mises
stress exceeds the yield stress for the material. Hard and
soft tissues may also display plastic strain when hydrated,
showing a ‘‘yield’’ point at high stress when stiffness
begins to fall; however, tissues typically do not yield by
the same mechanisms as are seen in ductile metals or
polymers. Nonetheless, although the von Mises criterion
has not been demonstrated to be predictive for failure in
tissue structures, it is at least well understood within the
FEA community (105). FEA techniques have been success-
fully applied to a wide range of studies, including cardiac
ventricular mechanics (106), arterial bifurcations (107),
bone biology and remodeling (102,108), and cartilage
mechanics (109,110).

7. TECHNOLOGICAL APPLICATIONS OF TISSUE
MECHANICS

In recent years, tissue mechanical studies have become
mandatory tools for predicting the biomechanical behavior
of surgical implants in patients. Tissue-derived heart
valves (bioprosthetics) are widely used to replace native
heart valves but, to date, have implantation lifespans of
less than 15 years. Tissue mechanics studies have looked
at the effect of chemical and physical treatments of the
tissues preimplantation (43,68,111), the changes in the
leaflet materials associated with hundreds of millions of
fatigue cycles during in vitro simulations and in vivo
function (112,113), and the likely regions of greatest stress
in the tissue leaflet material during function (114,115). As
well, analysis of changes in bone structure surrounding
orthopedic implants, especially total hip and knee replace-
ments, has been the subject of intense FEA studies and
has been an important guide to development of next-
generation devices (116). Finite element studies have
also been useful guides for understanding the effects on
tissues of surgical and nonsurgical treatments, for in-

stance, in vertebroplasty and orthodontic tooth movement
(117,118).

The advent in the 1990s of tissue engineering as a new
approach to regeneration of native tissues (rather than,
say, their replacement with synthetic biomaterials) has
raised important questions regarding the mechanical
performance of these new ‘‘tissues,’’ whether they are
produced in vitro or regenerated in situ in the patient
(119). Experimental biomechanical studies have examined
the performance relative to the native structure, espe-
cially in demanding load-bearing applications such as
heart valve, artery, ligament, muscle, or cartilage replace-
ment (120–122). As well, mechanical stimulation of tissue
constructs in vitro has proven to be a significant determi-
nant of eventual mechanical performance (123,124).

Tissue mechanics is also a key technology for the
understanding of traumatic injury in sports, automobile
accidents, explosions, etc. In sports, overuse injuries, such
as Achilles’ tendon rupture, have been linked to gradual
alterations in tendon histological structure leading to
eventual failure under eccentric loading (125). As well,
microdamage in bone has been of great interest in its
possible relationship to physiological bone remodeling as
well as fatigue-related fractures (49,126), which has ap-
plications in understanding over-training fractures in
athletes and military personnel; it also is of profound
interest in the pharmacological treatment of osteoporosis
(127,128). Biomechanical analysis of automobile crashes
requires clear understanding of tissue mechanical perfor-
mance in order to translate the accelerations, impacts, etc.
that result in probable injuries to the occupants (129–131).
Similar analyses are required to understand the injuries
associated with traumatic compressive blasts and impacts
in both civilian and military situations. This data can be a
powerful tool in the design of protective clothing used in,
for instance, bomb disposal and landmine removal.

8. SUMMARY AND FUTURE DIRECTIONS

Tissue mechanics is a field of study that remains heavily
influenced by the tools of both materials science and
mechanical engineering. Materials science studies have
included detailed study of fibrous/ceramic reinforcement
of tissues, analysis of tissues as composite materials, and
increasingly sophisticated physical biochemistry of the
constituent macromolecules. Mechanical engineering has
brought mathematical stress analysis, plus development
of constitutive equations and related modeling (phenom-
enological and structural) for prediction of mechanical
behaviour under arbitrary loading. All that being said,
the areas of most intense investigation may now be in
understanding the cellular/molecular biology of tissues
and the mechanisms by which these ‘‘smart’’ materials
are able to: (1) adapt appropriately to the mechanical
loads and other physiological requirements put on them,
and (2) remodel inappropriately in pathologies like rheu-
matoid and osteoarthritis, atherosclerosis, spinal scoliosis,
arterial aneurysms, and repetitive motion disorders.

Humphrey (132) has identified eight areas of great
interest for the coming years, specifically for continuum
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biomechanics of soft tissues. This list may be modified and
broadened across tissue mechanics to include: (1) molecu-
lar and cell biomechanics including molecular coupling,
proteomics, and mechanotransduction; (2) biomechanics of
growth and development in transitions through fetal,
perinatal, juvenile, mature, and geriatric states; (3) injury
biomechanics (both in acute overload and repetitive mo-
tion) and its rehabilitation; (4) functional tissue engineer-
ing for regeneration with control of cell phenotype (e.g.,
synthetic versus contractile), appropriate molecular ex-
pression and response to fatigue loading; (5) mechanics of
muscles and design of molecular motors; (6) local and
systemic determinants of detailed tissue architecture; (7)
solid-fluid interactions, both at the continuum level and at
the molecular level, including electromechanics; (8) me-
chanics of remodeling in pathology; and (9) genetic deter-
minants of tissue structure and function, both in an
individual and over evolutionary timeframes. This list is
only a beginning. There remains a wealth of interesting
and important problems in tissue mechanics, the elucida-
tion of which will influence fundamental understanding of
physiological function and development of novel biomedi-
cal treatments for many years to come.
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1. INTRODUCTION

Tissue-engineered bone is a bone tissue regenerated based
on the principle of tissue engineering, which can restore
the structure and function of a bone defect by using the
healing response of vertebrates’ body. The need of tissue-
engineered bone originates from the unsatisfying perfor-
mance of traditional bone loss treatment (1). Bone loss
because of trauma or disease has become an increasingly
serious health problem. Millions of operations are per-
formed annually in the world in which bone grafts are
used to repair skeletal defects. Although major progress
has been made in bone regenerative medicine, current
therapies, such as using autografts, allografts, or xeno-
grafts, traditional metals, polymers, and ceramics as bone
grafts still have many limitations. Autograft is the most
effective substitute to repair a bone defect; however, it will
increase the suffering of the patients and may raise
potential complications including infection, fracture,
pain, paresthesia, nerve injury, and donor-site morbidity;
allografts, xenografts, or implants of manmade materials
come with serious problems such as disease transmission
and immunologic rejection; fatigue, corrosion, tissue in-
fection, and poor implant-tissue interface are still un-
solved problems in traditional implants of synthesized
materials. For these reasons, tissue-engineered bone,
which has the potential to overcome the shortcomings of
traditional bone grafts, is receiving more and more atten-
tion. Tissue-engineered bone will be able to integrate in
the patient’s body, grow, model, and remodel in concert
with its dynamically changing physiological environment.

2. ELEMENTS TO GROW A TISSUE-ENGINEERED BONE

Bone cells, bone growth factors, and biodegradable scaf-
folds are the three elements in bone tissue engineering (2).
When the defects are small and well contained, the use of
merely one of these three elements is enough. However,
because bone defects usually have practical size and
predetermined shapes, the combination of two or more of
these elements are needed to grow a tissue-engineered
bone. Figure 1 gives a schematic diagram of the formation
of tissue-engineered bone.

2.1. Biodegradable Scaffold

Biodegradable scaffold lies at the heart of bone tissue
engineering. An appropriate 3-D scaffold plays a pivotal
role in tissue engineering of bone by providing a tempor-
ary matrix to support bone formation. The basic require-
ments for bone scaffold are as follows (3,4). It should be
able to guide cell growth, vascularization, and facilitate
bone formation while degrading at a proper rate, so that

by the time the injury site is totally regenerated, the
scaffold is totally degraded. Ideal bone scaffolds should
be biocompatible, biodegradable, have proper mechanical
and physical properties, and possess adequate porosity
and surface property to promote cellular interactions and
bone development.

By now, a series of materials including biodegradable
ceramics and polymers have been tested and used, and
each has their own advantages and disadvantages. Among
the materials, no single biodegradable materials can
satisfyingly meet all the requirements for tissue-engi-
neered bone. The tested materials included porous cal-
cium phosphate ceramics and bioglass (5), natural
biodegradable polymers (e.g., collagen and fibrin), syn-
thetic biodegradable polymers of Poly (a-hydroxy acids),
polyanhydrides, polycarbonates, polyphosphazene, polyfu-
marates, and poly (butylenes terephthalate)/poly(ethylene
oxide). Later on, composites scaffolds were developed, such
as hydroxyapatite (HA)/polymer composites. The poly-
mers being used include natural biodegradable polymers
and synthetic biodegradable polymers.

As autograft is the most effective bone defect filler,
natural bone matrix should be the best scaffold for bone
tissue engineering, if its disadvantages are ignored. When
one looks at the hierarchical structure of natural bone
matrix, they can see that it is composed of a nano-phase of
apatite and an organic part of mainly collagen type I, as
shown in Fig. 2a. Such a complex hierarchical structure is
very difficult to synthesize by routine approaches of
materials fabrication. Recently, from the viewpoint of
bionics, a porous nano-HA/collagen (NHAC) composite
scaffold with similar hierarchical structure to that of
natural bone has been developed by self-assembling of
mineralized collagen (6,7). The most interesting feature of
this material is that it exhibits a self-organized nanos-
tructure similar to that of nature bone, and its composi-
tion is also analogous to that of natural bone. This
similarity between NHAC composite scaffold and that of
natural bone is illustrated in Fig. 2. Studies have shown
that this composite scaffold can incorporate into bone
metabolism and its mechanical properties can be adjusted
to desired behavior. The basic requirements for scaffold of
tissue-engineered bone are followed by the NHAC compo-
sites (8).

2.2. Bone Cells

Mainly, two kinds of cells are used in bone tissue engineer-
ing, one is osteoblasts and another is mesenchymal stem
cells (MSCs). Osteoblasts are bone-forming cells that have
the function of synthesis and regulation of bone extra-
cellular matrix deposition and mineralization. For bone
tissue engineering, osteoblasts are usually taken from
biopsies of the patients (autologous cells), then expanded
in vitro by using bioreactors. This methodology is pre-
ferred because it does not cause immune responses after
transplantation. However, several limitations exist. First,
relatively few cells are available for harvesting and their
expansion rates are relatively low. Second, in certain
bone-related diseases or with an elderly patient, osteo-
blasts may not be appropriate for transplantation (9).
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MSCs are a kind of stem cells that are particular
meaningful to bone tissue engineering. Pluripotent
MSCs can differentiate into cells of a variety of musculos-

keletal tissues. With media supplements such as dexa-
methasone, ascorbic acid, and b-glycerophosphate,
isolated MSCs can be selectively differentiated in culture

Biodegradable
scaffold

Bone growth factors
(BMPs or TGF–β)

Osteogenic cells
(Osteoblasts
Bone marrow cells
Mesenchymal stem cells)

Figure 1. Illustration of the formation of tissue-engineered bone. First, osteogenic cells or bone
growth factors are seeded onto the biodegradable scaffold. Then, the scaffold will be implanted into
the bone defect, as shown by the hollow arrow. New bone will grow under the guidance of these
elements, and the scaffold will degrade in a similar rate to that of new bone growth. Finally, the
scaffold will entirely degrade away and the defect will be replaced by a tissue-engineered bone, as
shown in the last two pictures.

(a)

(b)

Collagen fabril

Osteon Cancellous bone

Procollagen

Nano-hydroxyapatite

Collagen fibril
≈100 nm

6 nm
Procollagen

Nano-hydroxyapatite Collagen bundle

Scaffold

Pore
~200 µm

Pore

PLA PLA

PLA

Figure 2. Hierarchical structure of the
natural bone (a) and the scaffold mate-
rial (b). First, the collagen molecules
and nano-hydroxyapatite assembled
into mineralized fibril bundle, a single
fibril of which is about 6 nm in diameter
and about 300-nm long. The collagen
molecules in bone were secreted by the
cell and appear as a single fibril of
nanometer size. Second, the minera-
lized collagen fibril arranged in parallel
along a straight line. The fibril array
patterns also show the same pattern in
bone. The cluster of the mineralized
collagen fibrils uniformly distributes
in the PLA matrix. The pore size of
scaffold ranges from 50 to 500mm. The
high porosity of the scaffold makes in-
terconnected pores in three dimensions.
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into osteoblasts (10). Therefore, MSCs can be harvested
from the marrow, expanded in culture, and differentiated
into osteoblasts before implantation. These osteogenic
cells can begin building new osteoid immediately upon
arrival at an injury site. Biomaterial carriers, such as
biodegradable polymers and ceramics, can be used to
deliver differentiated MSCs to a defect site. MSCs are
immunosuppressive, so they may be suitable for allogeneic
or xenogeneic transplantation (11). At present, the draw-
backs of MSCs include their low percentage in bone
marrow. Only 1 MSC exists in every 100,000 bone marrow
cells, and this number will decrease with the process of
aging.

2.3. Bone Growth Factors

In tissue-engineered bone therapy, bone growth factors
are beneficial to induce and facilitate bone growth. Bone
growth factors include bone morphogenic proteins
(BMPs), a subfamily of transforming growth factor beta
(TGF-b); TGF-b1; fibroblast growth factor; allogeneic-de-
rived growth factors; blood-extracted growth factors; and
recombinant platelet-derived growth factor. Among them,
BMPs and the transforming growth factor-bs (e.g., TGF-
b1) are the most widely used (12). They can stimulate
MSC to differentiate into osteoblasts and to promote
proliferation and function of both chondrocytes and osteo-
blasts (13). Among various types of BMPs isolated, BMP-2
and BMP-7 are generally considered to be the most
osteoinductive and are tested widely. After numerous
animal studies and human clinical trials, recombinant
human BMP-2 has been approved by the Food and Drug
Administration for use in spinal fusion procedures. The
remaining problem in using BMP is that it is difficult to
find an optimal dose concentration and the expensive cost.

TGF-bs are localized in active centers of bone differ-
entiation and are found in high quantity in bone, suggest-
ing that bone contains the greatest total amount of TGF-b.
During bone formation, TGF-bs promote chondrogenesis,
an effect presumably related to its ability to stimulate the
deposition of extracellular matrix components. TGF-bs
also stimulate the proliferation of osteoblasts and chon-
drocytes. TGF-bs play a critical role in stimulating and
controlling tissue repair, and because it is involved in
several cellular events, it is crucial to control its bioavail-
ability as a therapeutic agent (14).

2.4. Practices on Tissue-Engineered Bone

So far, practices of bone tissue engineering fall into three
general categories: (1) scaffold alone; (2) scaffold þ

growth-factor; and (3) scaffold þ cell. Most practices
implement (2) or (3) toward a solution. For successful
regeneration of bone tissue at a defect, a potential tis-
sue-engineering solution must fulfill many design require-
ments. These requirements are outlined here. A potential
bone tissue-engineering device must provide temporary
mechanical strength to the affected area, act as a sub-
strate for osteoid deposition and growth, contain a porous
architecture to allow for vascularization and bone in-
growth, encourage bone cell migration into a defect and
enhance cell activity for regeneration and repair, degrade

in a controlled manner to facilitate load transfer to devel-
oping bone and to allow bone growth into the defect,
degrade into nontoxic products that can safely be removed
by the body, not cause a significant inflammatory re-
sponse, and be capable of sterilization without loss of
bioactivity. The following examples describe current, pro-
mising strategies employed in bone tissue-engineering
research and clinic applications.

2.4.1. Biodegradable Scaffold Alone. According to the
FDA, at this time, no approved orthopedic devices exist
that incorporate tissue-derived components such as cells
or growth factors. So clinically, scaffold that satisfies the
required properties has been used to treat bone defects.
These scaffold materials make the bone regeneration
process possible by recruiting the patient’s own growth
factors and osteogenetic cells near the injured site. As new
bone grows, the scaffold will degrade at a similar rate so
that it will not hamper the bone growth process. By the
time the injury is totally healed, the scaffold will totally
disappear and leaving a tissue-engineered bone in the
patient’s body.

One example is the use of NHAC scaffold to treat many
bone defects. A patent has been filed in China and the
Unites States to cover the technique, which has been
successfully used in over 2000 clinical cases in which
size of bone defects is smaller than 2 cm, to treat this
scaffold.

(a)

(b)

40 mm

40 mm

Figure 3. In this experiment, a 40-mm segmental bone defects in
the radius of dogs was established and treated by using the
approach of scaffold þ BMP. For the controlled group, the defect
was left empty and no materials were implanted. Six months after
the surgery, x-ray photograph (a) showed that no regeneration
occurred in the defect site. For dogs treated with nHAC composite
scaffold seeded with BMP-2, the results were totally different
after a same period of six months. New bone growth could be
clearly observed (b) and cortical bones were connecting. The total
amount of osteo-genesis was close to the original thickness of the
cortical bone.
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2.4.2. Biodegradable Scaffold þ Cells. Richards et al.
demonstrated the osteogenic capabilities of cultured
MSCs in a collagen gel carrier injected into distraction
gaps of rats femora (15). Significantly more bone formed in
gaps with MSC injections than gaps with cell-free injec-
tions.

2.4.3. Scaffold þ BMP. A porous calcium phosphate
ceramics-based scaffold treated with 5–20mg BMP-2 was
found to be able to strongly promote repair effects in rabbit
radii model (16). In another case, recombined human bone
morphogenetic protein (rhBMP-2) was used along with
the nHAC scaffold to show the bone repair with a large
defect of 4 cm in radius of dog. Figure 3 gives the sig-
nificant results.

3. SUMMARY

Repair of bone defect may be one of the first major
applications of tissue engineering. At present, it has
been used in many cases to apply tissue-engineered bone
to replace the previously used autografts, allografts, or
xenografts; traditional metals; polymers; and ceramics as
bone grafts. By properly combining the three elements of
tissue engineering (i.e., scaffold, growth factors, and os-
teogenetic cells), it is possible to grow better tissue-en-
gineered bone for massive clinic applications in near
future.
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1. INTRODUCTION

Articular cartilage covers the surface of bones to form the
joint surface. It has a unique functional architecture that
permits near frictionless motion. Notice the difference
between the right and left knees in Fig. 1. Because
cartilage is radiolucent it appears black on x-ray. In the
healthy right knee there is a distinct smooth space
between the femur and tibia of the knee joint indicating
the cartilage is healthy and intact. In the left arthritic
knee the joint space is narrow and in some areas you can
see bone on bone contact indicating the cartilage is worn
away.

Arthritis is an extremely common disease, which exacts
huge physical and financial costs on society. The World
Health Organization estimates that 40% of people older
than 70 suffer from osteoarthritis (OA) of the knee (1). In
the United States more than 40 million people currently
suffer from some from of arthritis, and with the aging
population, the number is expected to jump to 60 million
by the year 2020 (2,3). When the direct costs such as
doctor visits, pain medication, and operative procedures
and the indirect costs of missed work and decreased
productivity are totaled, the annual financial burden of
arthritis in the United States exceeds 65 billion dollars (4).
This figure too is projected to increase dramatically over
the coming decades as the population ages.

The only definitive treatment for late stage arthritis is
joint replacement surgery. While joint replacement sur-
gery offers good results for many patients, the procedure is
not without major risks and it is rarely indicated in
patients younger than 60–65 because even the best results
only last for 10–15 years (5). Unfortunately, more than
half of the 40 million Americans with arthritis are
younger than 65(2). Arthritis in young people is often
the results of degenerative changes that occur after a
traumatic injury to the articular surface. Articular carti-
lage has no vascular, lymphatic, or nervous system and is
has a poor intrinsic regenerative potential. For millions of
young people who are suffering from arthritis there are
very few treatment options.

The goal of cartilage tissue engineering is to recreate
functional articular cartilage. The tissue must be able to
fill chondral defects while maintaining the unique biome-
chanical characteristics that make articular cartilage
functional. The goal may be accomplished either by indu-
cing native repair cells to regenerate or through ex vivo
techniques where cells are obtained from a patient and
use to develop cartilage or pre-cartilaginous constructs in
the laboratory and then the constructs are surgically
implanted back into the patient. As this chapter will
demonstrate, extensive research continues to examine
nearly every facet of cartilage tissue engineering.

There are four main categories of research in cartilage
tissue engineering. The first area concerns the cell type
that will be used to regenerate cartilage. Native chondro-
cytes, chondrocytes cultured in vitro, or mesenchymal
progenitor cells that have the potential to differentiate
into many tissue types including bone and cartilage, are
all possibilities. The next major issue is determining the
biological scaffold that will be used when developing
cartilage in vitro. Advances in biomaterials increase the
available scaffolds to support cartilage repair. Next, sev-
eral extrinsic factors are known to influence the develop-
ment of cartilage. These factors include mechanical
stimuli, oxygen tension, and various growth factors. Fi-
nally, the field of gene therapy shows potential to greatly
impact the future of cartilage tissue engineering. The
biology of healthy cartilage is complex, and an under-
standing of cartilage tissue biology is essential to the
development of strategies for cartilage tissue engineering.

2. ARTICULAR CARTILAGE STRUCTURE AND BIOLOGY

Articular cartilage has a unique functional architecture
that enables it to withstand tremendous loads as well as
maintain an extremely low coefficient of friction. Reprodu-
cing this architecture through tissue engineering is a
formidable challenge. The three main components of
articular cartilage are cells, extracellular matrix (ECM),
and fluid. These three components are essential to main-
taining healthy cartilage function. The components are
arranged within four distinct histological zones; the
superficial, transitional, deep, and calcified cartilage
zones. Figure 2 is a cross section of healthy articular.
Notice the flat cells near the surface in the superficial
zone. In the transitional zone the cells and matrix are

ap wt bearing

L

Figure 1. Anterior posterior x-rays of bilateral knees. The well
defined joint space of the right knee indicates the presence of
healthy articular cartilage. The lack of joint space in the left knee
demonstrates bone on bone contact consistent with severe arthri-
tis.
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more randomly arranged. In the deep zone a columnar
arrangement of cells is seen. Just above the tidemark is
the zone of calcified cartilage.

2.1. Chondrocytes

Chondrocytes are the only known cell type present in
cartilage. Deep and superficial chondrocytes have differ-
ent structure and metabolism. They are derived from
mesenchymal stem cells (MSCs). Though they represent
only about 1% of the cartilage volume, they are respon-
sible for ECM homeostasis balancing matrix synthesis
and degradation. Synthesis and appropriate turnover of
collagen, proteoglycans, and non-collagenous proteins is
essential for maintaining normal cartilage function (6).
Healthy cells appear rounded and are surrounded by
ECM. Cell death or a change in chondrocyte metabolism,
as seen with aging, will disrupt the ECM homeostatis
limiting the cells ability to synthesize proteoglycans, pro-
liferate, and respond to anabolic stimuli, possibly leading
to matrix degradation and joint degradation (6).

2.2. Extracellular Matrix

The macromolecules of the ECM of articular cartilage
include collagens (60% dry weight), proteoglycans (25–
35% dry weight), and noncollagenous proteins and glyco-
proteins (15–20% dry weight) (6). It is the collagen fibers
that give cartilage its tensile strength and form, while
large negatively charged groups of proteoglycans called

proteoglycan aggregates attract water giving cartilage its
compressive strength. Type II collagen comprises 90–95%
of the total collagen content, and types VI, IX, X, and XI
combine to comprise the remainder (7). In the superficial
zone collagen fibers are thin, closely packed, and arranged
parallel to the joint surface but perpendicular to the
principal axis of motion, in the middle zone collagen fibers
are obliquely oriented and primarily serve to trap proteo-
glycan aggregates, and finally in the deep zone collagen
fibers are arranged perpendicular to the joint as they
penetrate into the calcified layer to anchor the cartilage
to the underlying bone (8). Proteoglycans are formed when
one or more glycosaminoglycan (GAG) chains covalently
bonds to a protein core (6,8,9). Each GAG chain is made up
of repeating disaccharide units each with a negative
charge (6). The negative charges repel one another caus-
ing the proteoglycans to expand thus increasing the
osmotic pressure and attracting water (8). The GAG
chains found in articular cartilage include hyaluronic
acid, chondroitin sulfate, keratin sulfate, and dermatan
sulfate (6). Aggrecan is the largest and most abundant
proteoglycan in articular cartilage (9). It contains more
than 100 chondroitin sulfate and keratin sulfate chains,
and binds to hyaluronic acid to form huge proteoglycan
aggregates (9). The non-collagenous proteins, mainly gly-
coproteins, help to stabilize the ECM matrix and aid in
chondrocyte-matrix interactions (7).

2.3. Fluid

Fluid, which comprises roughly 80% of the cartilage wet
weight, contributes to three critical functions: joint lubri-
cation, load bearing, and cartilage nutrition (8). First,
according to the fluid-film lubrication theory, as a load is
applied to the cartilage, fluid is expressed in front of the
load. The fluid acts as a cushioning film and lubricant (10).
Secondly, fluid balances the electronegativity and osmotic
forces of the proteoglycan aggregates and is trapped
within the cartilage matrix leading to interstitial pressur-
ization (11). The fluid pressurization has been shown to
contribute more than 90% of the load transmission of
articular cartilage (12). In essence, trapped fluid within
the cartilage acts like a shock absorber. The last major
contribution of fluid is that of nutrition. Synovial fluid
within the joint provides the avascular cartilage with
nutrients and oxygen that it cannot obtain otherwise.
Articular cartilage is fed through diffusion as well as
through the movement offluid into and out of the cartilage
with loading and unloading (8).

3. CELLS FOR CARTILAGE TISSUE ENGINEERING

The first important considerations in cartilage tissue
engineering are the source and type of cell to be used as
the building block of the engineered cartilage. Chondro-
cytes may be the obvious answer, as they are the only cell
type in cartilage, however for reasons we will discuss,
there are multiple challenges involved in using chondro-
cytes. Many researchers are exploring other types of cells
such as mesenchymal stem cells that can differentiate into
chondrocytes. When determining the cell type, the cell
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Figure 2. Healthy articular cartilage is arranged in four distinct
zones. In the superficial zone (1) chondrocytes are small and flat.
In the transitional zone (2) the cells and matrix are more
randomly arranged. The cells are organized in a columnar
arrangement in the transitional zone (3). The zone of calcified
cartilage (4) is a thin zone that separates the deep zone from
subchondral bone.
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source must also be decided. Though it seems unlikely, it
may be possible to induce native chondrocytes within the
cartilage matrix to regenerate and rebuild damaged car-
tilage. Other research is examining using an ex vivo
techniques. In an ex vivo approach, cells are taken from
a patient, and used to build cartilage or pre-cartilage
constructs in vitro and then the constructs are surgically
implanted into the original cell donor.

3.1. Chondrocyte Regeneration

It is well known that native chondrocytes possess very
little natural regenerative potential (7,8,13). When articu-
lar cartilage alone is damaged, and not the underlying
subchondral bone, the native chondrocytes show only a
slight and brief increase in cellular metabolism (13). When
the subchondral bone is damaged, an inflammatory wound
healing response is seen due to recruitment of marrow
elements; however, even in this case, the articular carti-
lage does not regenerate in a normal fashion (13). One
technique to try to induce cartilage regeneration is to
surgically convert a cartilage only injury into a deeper
injury by penetrating the subchondral bone either by
abrasion or drilling. This technique induces clot formation
and makes mesenchymal stem cells available for tissue
repair. Both animal and human studies have shown mixed
results. Often weaker and functionally inferior fibrocarti-
lage forms rather than true articular cartilage (7,13–18).

Alternatively, there is ongoing work examining the
benefits of using various growth factors or even gene
therapy to induce native chondrocyte regeneration. These
techniques deliver bioactive agents to the chondrocytes
either through intra-articular injections or via implanta-
ble carrier systems that slowly release the agents over
time. Growth factors of interest include transforming
growth factor beta (TGF-b), insulin-like growth factor-1
(IGF-1), and bone morphogenic proteins (BMP) (13).
Although intra-articular injections of TGF-b1 have shown
to increase proteoglycan synthesis they have also been
shown to stimulate the formation of osteophytes (hyper-
trophic bone formation around a joint which often leads to
pain and decreases function) as well as hyperplasia of the
joint soft tissue envelope (13,19). Due to the unwanted
side effects of intra-articular injections, more focused local
delivery of growth factors with a degradable carrier
matrix may be ideal. The more targeted approach limits
the surrounding tissues exposure.

3.2. ExVivo Tissue Engineering

The majority of research in the field of ‘‘tissue engineer-
ing’’ is focused on at least one aspect of ex vivo tissue
engineering systems. In ex vivo tissue engineering tech-
niques cells are harvested from a donor, cultured in vitro,
and then implanted into the patient either as cells or as a
tissue construct. Ex vivo technology allows for careful
manipulation of tissues and cells in a controlled environ-
ment prior to implantation.

Autologous chondrocyte implantation (ACI) is the first
cell therapy for cartilage repair approved by the United
States Food and Drug Administration. ACI has been used
in more than 10,000 patients world wide (20). In ACI,

chondrocytes are isolated from a cartilage biopsy taken
from a non-weight bearing area of the joint. The chondro-
cytes are expanded in monolayer tissue culture for several
weeks. The cells are then injected into a cartilage defect
and held in place with a periosteal flap. Figure 3 demon-
strates an ACI in a human knee. Notice the sutures
holding the flap in place. Multiple studies show that ACI
can be an effective and safe way of treating isolated
chondral defects (21,22). However, the mechanism and
cellular architecture of the repair remains unclear. The
exact source of repair cells as well as the role of the
periosteum is yet to be defined (23). One study showed
that in human patients 12 months after ACI, some repair
tissue resembled articular cartilage with large amounts of
type II collagen, while other areas of the repair had more
of a fibrocartilage appearance with more significant type I
and III collagen contributions (23). While ACI is a reason-
able option for patients with isolated chondral defects, it
has not been shown to be effective in treating large areas
of cartilage wear secondary to degenerative joint disease.

Other researches are focusing on ex vivo cartilage
tissue engineering in which isolated cells are not simply
expanded in monolayer tissue culture. Rather, in this
method they are used with cellular scaffolds, cultured
within bioreactors to form large cartilage or pre-cartilage
constructs (24). Both differentiated chondrocytes and me-

Figure 3. In ACI of a human knee, sutures hold the periosteal
flap in place covering the implanted chondrocytes. The smooth
tissue surrounding the repair is healthy articular cartilage. 
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senchymal progenitor cells, or mesenchymal stem cells,
can be used in this form of ex vivo cartilage tissue
engineering (13,25). While differentiated chondrocytes
are known to produce the ECM necessary for articular
cartilage structure and function, they also have several
limitations. Chondrocytes have been shown to have lim-
ited regenerative capacity. They are also fully differen-
tiated, which means may not be able to form osteoblasts
which may be necessary for healing deeper articular
injuries involving the subchondral bone (13). Mesnchymal
stem cells have the potential to repair both cartilage and
bony defects. Theoretically, newly differentiated chondro-
cytes, frommesenchymal stem cells, may possess a greater
metabolic activity and ability to produce the complex
architecture of articular cartilage.

4. CELLULAR SCAFFOLDS

Scaffolds provide a three dimensional substrate for cellu-
lar attachment, initial biomechanical stability, and appro-
priate area for the cells to lay down ECM. They are an
essential aspect of creating macroscopic cartilage in vitro.
It is well known that chondrocytes do not maintain their
cellular phenotype in monolayer, rather they must be
cultured in three dimensions to remain chondrocytes
(26). More advanced biomaterial scaffolds can also deliver
growth factors, control or direct macroscopic shape, and
serve as a delivery vehicle for implantation. Scaffolds
must be biocompatible, which is to say they should not
induce a host immune response (27). Because of cartilage
avascular nature, scaffolds must have sufficient porosity to
allow nutrient delivery and waste removal to and from the
cells. This requires a large surface to volume ratio. The
large surface to volume ratio also allows for a large area
for cell seeding, proliferation, and ECM production (28).
Biomaterial scaffolds can be created from natural sub-
stances such as hyaluronic acid, collagen, and alginate or
they can be made from synthetic polymers such as poly-
latic acid (PLA) and polyglycolic acid (PGA) (28).

4.1. Alginate

Alginate is one of the most studied naturally occurring
biomaterials for chondrocyte culture. The technique for
culturing chondrocytes within alginate beads is well de-
scribed (29). Alginate is a linear polysaccharide that gels
in the presence of calcium. The alginate gel retains the
majority of the ECM proteins synthesized by chondro-
cytes. Human and bovine chondrocytes have been shown
to retain their spherical appearance and aggrecan synth-
esis up to 5 weeks in alginate beads (30). Figure 4
demonstrates the rounded cell morphology of bovine ar-
ticular chondrocytes (BACs) cultured in alginate. Bovine
chondrocytes have even been shown to be stable and
metabolically active, producing type II collagen and ag-
grecan, up to 8 months in alginate beads in vitro (31).
Others have shown that in the presence of TGF-b1, hu-
man mesenchymal stem cells (hMSCs) encapsulated in
alginate will differentiate into chondrocytes with rounded
cell morphology and expression of type II collagen (32).
The main limitations of alginate and other hydrogels in

cartilage tissue engineering are their mechanical proper-
ties (26,33). They are usually weaker and softer than
synthetically designed polymers and therefore less desir-
able for implantation into chondral defects. Furthermore,
as the previously described studies illustrate, alginate is
stable for many months and does not degrade over time as
the chondrogenesis ensues.

4.2. Synthetic Polymers

Synthetic polymers for cartilage tissue engineering have
been extensively studied because they offer several theo-
retical advantages over naturally occurring substances
like alginate. They can be fabricated in almost any size
or shape to match the clinical need. They can also be
chemically altered to change their mechanical strength,
elasticity, porosity, cell adhesiveness, and rate of degrada-
tion (28) Finally, the polymers can be made with anti-
biotics, growth factors, or other bioactive agents
incorporated within the polymer and release kinematics
can be adjusted. The tremendous potential of synthetic
polymer biomaterials has led to a significant research
effort into finding the ideal polymer for cartilage tissue
engineering. We will focus on three that have been FDA
approved for use in vivo: PGA, PLA, and their copolymer,
poly(DL-lactic-co-glycolic acid) (PLGA) (7).

Both polymers have good biocompatibility and are
already widely used in other orthopaedic application
such as bioresorbable sutures and screws. They are de-
graded by hydrolysis into lactic and glycolic acid both
degradation are excreted naturally and are not harmful

Figure 4. BACs cultured in alginate maintain their rounded
chondrogenic morphology. The alginate surrounding the cells
holds the ECM in place.
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(28). PLA has a slower degradation rate; and as such, both
the mechanical and degradation properties of the PLGA
copolymer can be altered by varying the polymer ratio
(28).

A twelve week in vitro study examining bovine articu-
lar chondrocytes cultured on PGA showed that over 12
weeks proteoglycan synthesis increases and the mechan-
ical properties of the chondrocyte polymer construct ap-
proached those of native bovine articular cartilage (34).
Furthermore, they showed that over 2–3 weeks the poly-
mer alone, without cells, lost its mechanical strength and
structural integrity. Another study examining PGA and a
PGA-PLA copolymer vs. collagen showed that the syn-
thetic polymers increases proteoglycan synthesis com-
pared to collagen (35). Chondrocyte–PGA constructs
have been used to repair articular defects in rabbits (36).
The chondrocytes were shown to continue proliferation
and production of ECM in vivo and after 6 months the
cartilage repair was noted to be better for chondrocyte-
PGA constructs vs. PGA alone on the basis of surface
smoothness, columnar alignment of chondrocytes, spa-
tially uniform GAG distribution, reconstitution of the
subchondral plate, and bonding of the repair tissue to
the underlying bone (36). Perichondrocyte cells seeded on
PLA were used to repair osteochondral defects in rabbits
(37,38). Initial evaluation at 6 weeks showed that repair
tissue was grossly, histologically, and biochemically simi-
lar to native articular cartilage (37). Further examination
at 1 year showed that the repair tissue matured into an
articular cartilage type II collagen dominant tissue, but
that GAG content remained low, and subchondral bone
reformation was only evident in about 50% of the knee
(38). While the ideal biomaterial for cartilage tissue has
not yet been identified, it is clear that PGA, PLA, and their
copolymer all have significant potential in the field.

The final aspect of synthetic cell scaffold biomaterials
that we will discuss is the delivery of bioactive agents.
Multiple growth factors and cytokines (the specific agents
will be discussed in the next section) have been identified
as important both in the regeneration of cartilage and in
the pathophysiology of arthritis. Furthermore, simple
antibiotics could be important in decreasing post-surgical
infections. Bioactive agents can be incorporated into bio-
degradable scaffolds during the polymer fabrication pro-
cess or microparticles carrying the agents can be
imbedded into the scaffolds (28). Both approaches allow
for sustained local release of bioactive agents as the
scaffold degrades. These constructs can then be used
with cells as previously described or could be used alone
simply as a delivery tool. TGF-b1 has been incorporated
into biodegradable microparticles of blends of PLGA and
poly(ethylene glycol) (PEG) and shown, in vitro, to be
released first with an initial burst followed by a slow
continuous release (39,40). Another study on using the
same construct showed that rat osteoblast cells responded
to the TGF-b1 through 21 days demonstrating that the
TGF-b1 retains its bioactivity through the incorporation
and release process (41). This is an example of using
extrinsic factors such as growth factors to modulate
cartilage development. In the next section we discuss

several key extrinsic factors that are crucial for cartilage
development.

5. EXTRINSIC FACTORS

There are numerous variables to adjust while developing
cartilage in vitro. In an effort to model the natural
environment three groups of variables stand out mechan-
ical stimulation, hypoxia, and growth factors. Each of
these groups of extrinsic factors plays an important role
in normal cartilage development and homeostasis.

5.1. Mechanical Stimulation

Native articular cartilage experiences compressive, hydro-
static, and fluid flow shear forces on a daily basis and
throughout development. Mechanical forces play an im-
portant role in regulating chondrocyte gene expression.
Subjecting cartilage engineered constructs to mechanical
stimuli is another way to manipulate cartilage develop-
ment. Articular cartilage explants have been shown to
decrease proteoglycan synthesis in a dose dependent
manner in response to static compression (42,43). How-
ever, multiple studies have shown that physiologic dy-
namic compressive forces increase ECM gene expression
(44–47). Similar to compressive forces, dynamic hydro-
static forces increase type II collagen and proteoglycan
synthesis (48–50). Chondrocytes have also been shown to
increase ECM production in response to minimal fluid
flow shear force (51).

Various bioreactors are in use to take advantage of each
of these findings. A complete review of bioreactors for
cartilage tissue engineering was recently completed (51).
One particular system, seen in Fig. 5, the rotating wall
vessel (RWV), was first developed by NASA to create a
microgravity environment. This system cultures cell scaf-
fold suspensions in culture medium while rotating inside
an incubator. The cell scaffold suspensions rotate concen-
trically with the vessel and therefore the cells experience
only very little gravity while also experiencing slight fluid
shear forces. When compared to static flasks and mixed
flasks, cartilage constructs cultured in RWVs showed
significantly more GAG and collagen production (52).
Others have shown similarly encouraging results using
RWVs (53).

5.2. Hypoxia

Oxygen tension is another extrinsic factor that has been
shown to affect cartilage development. Healthy articular
cartilage exists as a thick avascular tissue with oxygen
tension of o10% at the surface and o1% in the deep
layers (54). Several studies demonstrate that reduced
oxygen tension of 5% vs. 20% aids in restoring chondro-
cytes that have dedifferentiated into fibroblastic like cells
back into phenotypically typical chondrocytes with in-
creased type II collagen and decreased type I collagen
production (55,56). Furthermore, others have examined
the effects of decreased oxygen tension on cartilage con-
structs cultured in a RWV system (57). They showed that
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5% vs. 20% oxygen tension significantly increased GAG
production after 22 days in the RWV (57).

The mechanism by which hypoxia effects cells is of
interest to cartilage repair efforts. Recent studies have
focused on a class of proteins known as hypoxia inducible
factors (HIF) and HIF-1a specifically. In mesenchymal
stem cells, hypoxia was shown to induce chondrocyte
specific gene expression of Sox9 and its downstream
targets aggrecan and Col2a, likely as a result of an
increase in HIF-1a activity (58). HIF-1a has been shown
to have continuous nuclear expression in deeper layers of
articular cartilage (59). Furthermore, the study showed
that increasing the oxygen tension caused primarily peri-
nuclear expression of HIF-1a, and that subsequently
decreasing oxygen tension restored the high level of
nuclear activity (59). They also showed that chondrocyte
metabolic activity followed the changes in nuclear trans-
location of HIF-1a (59). It is usually a safe assumption that
modeling a tissue’s natural environment will lead to the
most success in tissue engineering. It is clear that low
oxygen tension is a significant part of normal articular
cartilage development and maintenance and studies are
now showing that low oxygen tension could play a crucial
role in developing articular cartilage in vitro.

5.3. Growth Factors

A number of growth factors have been identified that
cause either anabolic or catabolic reactions in articular
cartilage. Understanding the growth factors and their role
in normal cartilage development and physiology as well as
those that are involved in the pathophysiology of arthritis
allows for yet another technique to alter cartilage tissue
engineering. Insulin like growth factor–1 (IGF) induces
chondrocyte proliferation, ECM synthesis including type
II collagen, and inhibits matrix catabolism (60). When
added to bovine articular implants IGF-1 increased pro-

tein and proteoglycan synthesis both alone and synergis-
tically with dynamic compressive loading (44). Similarly,
TGF-b1 has been shown to increase proteoglycan synth-
esis and to induce mesenchymal stem cells to differentiate
into chondrocytes (61,62).

Growth factors are not only anabolic, interleukin-1 (IL-
1) and tumor necrosis factor-a (TNF-a) are both pro-
inflammatory cytokines known to be increased in degen-
erative joint disease. Alone IL-1 decreases ECM synthesis
of chondrocytes in culture, however both IGF-1 and TGF-b
will reverse the effect of IL-1 on chondrocytes in culture
increasing proteoglycan synthesis to baseline levels (63).
Other factors known to be involved in the pathophysiology
of arthritis include a group of enzymes called matrix
metalloproteinases (MMP). They are catabolic; however,
their action can be blocked with tissue inhibitor of metal-
loproteinases (TIMP). Developing a better understanding
of the anabolic and catabolic growth factors influencing
articular cartilage will enable targeted therapies both in
vivo via polymer delivery systems or gene therapy as well
as in vitro.

6. GENE THERAPY

Gene therapy for cartilage tissue engineering holds tre-
mendous potential. The principal of gene therapy is to
delivery specific genes to target cells to treat an under-
lying condition. Gene therapy requires a vector for gene
delivery to the cell. For cartilage gene therapy several
vectors have been explored including adenovirus, adeno-
associated virus (AAV), oncoretrovirus, pseudotyped len-
tivirus, and more (64). The majority of work has been done
using adenovirus, however due to safety concerns; AAV is
becoming the vector of choice. AAV is a small parvovirus
that is currently considered to be non-pathologic in hu-

Figure 5. A commercially available RWV con-
sists of a motor to power rotation, a stand for
structural support, and a removable RWV for
cell culture. The removable RWV has several
ports on the front. The ports allow for insertion
and removal of cell culture material. 
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mans and is currently being used in clinical trials for
cystic fibrosis (65).

Recent work showed that AAV transduction efficiency
of both normal and osteoarthritic chondrocytes exceeded
70% (66). The delivery of genetic material can be accom-
plished through direct intra-articular injection or via ex
vivo techniques, and possibly, in the future, systemic
therapy that targets cartilage will be available. Gene
based approaches to articular cartilage tissue engineering
can be separated into three basic categories: anabolic
genes, chondroprotective genes, and genes that induce
chondrogenesis (64).

6.1. Anabolic

Chondrocytes have an intrinsically limited ability to re-
pair and regenerate healthy articular cartilage. Anabolic
gene therapy approaches attempt to overcome the chon-
drocytes intrinsic limitations by inducing proliferation,
production of healthy ECM, and ultimately repair or
regeneration of articular cartilage. Genes encoding TGF-
b 1-3, bone morphogenetic proteins (BMPs), IGF-1, fibro-
blast growth factors (FGFs), and epidermal growth factors
(EGF) all have potential for anabolic gene therapy (64).
Because these growth factors also will exert anabolic
effects on the tissue surrounding the articular surface,
their use appears to have the most potential in ex vivo
techniques. Multiple studies have shown that direct intra-
articular injection of TGF-b1 and BMP-2 leads to side
effects including joint fibrosis, swelling, and osteophyte
formation (67,68).

After initial work showing the viability and sustained
genetic expression of allogenic chondrocytes transduced
with various marker genes implanted into in vivo animal
models researches are now examining specific genes and
their effect on cartilage repair (68–70). In an in vivo study,
chondrocytes transduced with BMP-7, were implanted
into 15mm articular cartilage defects in horse knees
(71). When compared to repairs with chondrocytes trans-
duced only with a marker gene, the repairs with BMP-7
transduced chondrocytes showed increased BMP-7 pro-
duction and more articular like cartilage repair at 4
weeks. However, by 8 months both the BMP-7 production
and quality of repair was equivocal between the two
groups (71). While this study did demonstrate a long
term benefit, it clearly demonstrates the ability of gene
therapy used in an ex vivo manner to impact the repair
characteristics of articular cartilage. Anabolic gene ther-
apy clearly has potential for treating superficial lesions
that are confined to the cartilage matrix; however, deeper
lesions that involve the subchondral bone will likely need
a more extensive repair process.

6.2. Chondrogenesis

Gene therapy techniques aimed at chondrogenesis at-
tempt to induce chondrocyte progenitor cells to differenti-
ate into chondrocytes. Gene therapy targeting
mesenchymal stem cells (MSCs) may offer a more com-
plete repair for lesions that involve the subchondral bone
because the repair cells have the potential to differentiate
into both bone and cartilage. Genes encoding TGF-b1 and

BMP-2 have shown the most potential for inducing chon-
drogenesis (60,64,72). In one study, human MSCs isolated
from bone marrow were transduced with TGF-b1 via an
adenovirus vector (60). By 3 days aggrecan gene expres-
sion was noted and by 10 days robust chondrogenic
differentiation with type II collagen gene expression was
observed (60). Figure 6 shows a cross section of hMSCs
after andenovirus transduction with TGF-b1. Notice the
toluidine blue metachromatic staining, which is consistent
with chondrogenic differentiation. Multiple studies
showed that IGF-1 fails to induce chondrogenesis in vitro
(60,72). However, one in vivo study showed that MSCs
infected with either BMP-2 or IGF-1 and then implanted
into partial thickness articular defects in rat knees lead to
articular cartilage repair tissue (73). This repair ex-
pressed type II collagen and good levels of proteoglycan
compared to more fibrous repairs in defects treated with
MSCs infected with only a marker gene (73).

Unfortunately, the first sign of articular cartilage in-
jury occurs only after significant joint damage has ensued.
Once significant joint damage has occurred, the patient
and physician are at a severe disadvantage because
articular cartilage simply does not heal well. If it were
possible to identify patients at risk for arthritis or those
who are in the very early stages then a chondroprotective
approach would be ideal. As with all aspects of medicine,
the best treatment is usually prevention.

6.3. Chondroprotection

Gene therapy approaches aimed at chondroprotection
attempt to prevent the development or halt the progres-
sion of arthritis. As we have discussed, IL-1, TNF-a, and
matrix metalloproteinases have all been implicated in the
pathogenesis of arthritis; therefore, they are the most
logical targets for chondroprotection. Because blocking
these inflammatory cytokines will likely have no adverse
effect on the tissue surrounding articular cartilage, direct
intra-articular injection may be the best mode of delivery
for chondroprotection gene therapy. In a horse model of
OA, adenovirus encoding interleukin-1 receptor antago-
nist (IL-1Ra) was directly injected into the horse joints
(74). Intra-articular expression of IL-Ra was noted for 28
days post-injection. The therapy was noted to decrease
pain and disease activity as well as lead to the histological
preservation of articular cartilage (74). In another study,
synovial fibroblasts were isolated from dog knees, trans-
duced with IL-1Ra, and then used for intra-articular
injections into ACL-deficient dog knees (75). The dogs
receiving IL-1Ra showed increased IL-1Ra expression
and decreased macroscopic and histological evidence of
degenerative disease (75). Other ongoing studies are ex-
amining the utility of tissue inhibitor of metalloprotei-
nases (TIMP) as well as other genes that could have a
chondroprotective effect. The major theoretical strength of
the chondroprotective approach is that inhibiting the
inflammatory mediators that lead to arthritis may be
easier than repairing or replacing cartilage after it is lost.
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7. SUMMARY

Articular cartilage allows for pain-free near frictionless
motion of diarthrodial joints. Chondrocytes, ECM, and
fluid combine to give articular cartilage its complex archi-
tecture and functionality. Unfortunately, without a vascu-
lar, lymphatic, or nervous supply, articular cartilage lacks
the ability to properly heal. Therefore, when cartilage is
damaged due to trauma or other causes, it often leads to
debilitating joint degeneration and pain. Once the damage
is done, there are very few effective treatment options
other than major joint replacement surgery. Articular
cartilage engineering has the potential to restore articular
cartilage function.

There are two major approaches to cartilage tissue
engineering: 1) inducing native cells to regenerate and
2) using ex vivo tissue culture techniques to develop
cartilage or pre-cartilage constructs in the laboratory
and then surgically implant them into the joint. Both
approaches may utilize chondrocytes as well as mesench-
ymal progenitor cells such as MSCs. When using an ex
vivo technique, researchers must choose an appropriate
cellular scaffold to allow for cell attachment and provide
an area for the ECM to be constructed. Extrinsic factors
such as mechanical stimuli, hypoxia, and growth factors
may be utilized to model the natural in vivo environment
of cartilage. Finally, gene therapy is showing tremendous
potential in articular cartilage tissue engineering. Gene
therapy is being used in animal studies to protect carti-
lage, enhance cartilage development, and to induce pro-
genitor cells to differentiate into chondrocytes. The goal of
articular cartilage tissue engineering is to recreate func-

tional articular cartilage. Many challenges remain, but
the foundation is in place to accomplish this goal.
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1. INTRODUCTION

The liver is one of the most complex and metabolically ac-
tive organs in the body and performs many detoxification
and protein synthetic functions that are essential to life.
Currently, the only routinely approved method for treat-
ing end-stage liver disease is orthotopic liver transplan-
tation (OLT). Although many patients’ lives are saved
each year by OLT, this therapeutic approach is limited by
the severe shortage of organ donors, the high cost, and the
requirement for life-long immunosuppressive drugs. A
listing of methods and approaches currently under inves-
tigation to address the limitations of OLT is in Table 1.
Expansion of the donor pool has been a major focus of
transplant surgeons in the past few years. Although this
expansion may alleviate the donor organ shortage, other
avenues are been explored, such as adjunct and temporary
liver support, most of which are based on newly developed
surgical techniques, and are closely related to traditional
OLT. The use of better preservation techniques and meth-
ods that can recondition or promote repair prior to OLT
may also enable recovery of more donors. The inherent
limitations to these methods are that they may not have a
major impact on the donor shortage, especially in situa-
tions where a donor is needed urgently, as in the case of
fulminant hepatic failure. Extracorporeal liver perfusion,
especially with xenogeneic livers, as well as xenotrans-
plantation may be a solution to this problem; however,
much work needs to be done to overcome immunological
incompatibilities across species. Therefore, a great poten-
tial benefit to developing alternatives that could be more

cost-effective and less invasive still remains. Two major
goals of hepatic tissue engineering are (1) to develop he-
patocyte transplantation methods that can treat many
patients from a single liver donor, and (2) to build readily
available systems that could provide temporary extracor-
poreal life support.

2. HEPATOCYTE TRANSPLANTATION

Hepatocyte transplantation is the simplest form of liver
support and consists of implanting isolated hepatocytes in
vivo. Hepatocyte transplantation and hepatocyte-based
implantable devices offer several potential advantages:
(1) several patients can be treated with one donor; (2) he-
patocytes can be harvested from discarded unsuitable do-
nor livers; (3) the implantation procedure is simpler and
less invasive than OLT; (4) isolated hepatocytes can be
cryopreserved for long times and thus made available ‘‘off-
the-shelf ’’ or genetically engineered to upregulate specific
functions.

In early studies, the choice of the transplantation site
was dictated by accessibility and ease of procedure, as well
as by spatial considerations: the pulmonary vascular bed,
dorsal and inguinal fat pads, and peritoneal cavity. How-
ever, expression of liver-specific functions by transplanted
hepatocytes could not be achieved in most of these ectopic
sites because they lack a microenvironment resembling
that of liver, including a basement substrate to promote
hepatocyte anchorage and a venous blood supply mimick-
ing the mechanical and biochemical environment of the
hepatic sinusoid. The splenic pulp and the host liver itself
are now the preferred sites for transplantation of he-
patocytes. When implanted into the spleen, hepatocytes
may engraft locally or migrate into the liver.

Clinical improvements have been seen in hepatocyte
transplantation studies using 5–10% of the host’s liver
mass. Intrasplenic transplantation of allogeneic rat he-
patocytes or reversibly transformed human hepatocytes
has resulted in significant clinical benefits and increased

Table 1. Approaches for Adjunct and Temporary Liver Support

Approach Description

Surgical Methods

Better allocation Optimize distribution of donors
Auxiliary partial liver transplants Partial donor used while host liver remains in place
Domino livers Recipient’s liver used as donor on another patient
Split donor livers Donor split and grafted into two recipients
Living related donor livers Healthy person donates one liver lobe

Preservation/Reconditioning Methods

Reduce preservation injury Improve storage solutions and machine perfusion
Increase use of ‘marginal’ livers Use fatty and non-heart beating donor livers

Tissue Engineering-Based Methods

Hepatocyte transplantation Isolated liver cells implanted with or without a scaffold
Extracorporeal (bio)artificial liver Patient connected to device that functions as a liver

Other
Extracorporeal whole liver perfusion Whole liver connected to the patient
Xenotransplantation OLT with donor from non-human species
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survival in various rat models of acute hepatic failure. In
humans with acute liver failure, intrasplenic and intra-
arterial injections of human hepatocytes (ranging from
109 to 4� 1010 per patient, i.e., 1–10% of the total liver
mass) transiently improved several blood chemistry pa-
rameters and brain function, but did not improve survival
(1). In general, the efficiency of engraftment of trans-
planted hepatocytes has been found to be quite low and
a lag time, which may be as much as 48h, is necessary
before any clinical benefit occurs. Thus, this approach of-
fers an attractive prospect for correcting mostly non-emer-
gency conditions. An encouraging finding from these
studies is the relatively low number of hepatocytes needed
to affect a therapeutic benefit, which may be due, in part,
to the fact that the exogenously supplied hepatocytes may
aid the regeneration of the native liver.

To improve the survival and function of implanted he-
patocytes, the latter have been incorporated into biocom-
patible support materials. For example, implantable
devices consisting of hepatocytes in open matrices that al-
low tissue—especially blood vessels—in-growth from the
host, thus leading to integration with the surrounding
tissue have been tested. In early studies, isolated he-
patocytes attached to collagen-coated dextran microcarri-
ers were transplanted by intraperitoneal injection in rat
models of liver dysfunction. Microcarriers promoted cell
attachment, survival, and function of the transplanted
hepatocytes.

Prevascularizing the cell polymer devices in combina-
tion with hepatotrophic stimulation have been used to en-
courage liver tissue regeneration around the implant.
Furthermore, materials that biodegrade at controlled
rates in vivo (such as collagen and poly-lactic-glycolic co-
polymers) can be used, and novel techniques, such as solid
free-form fabrication can be used to reproducibly manu-
facture 3-D porous materials of well-defined pore size, dis-
tribution, and interconnectivity. Recently, novel
biomaterials that are bioactive as well as resorbable
have been developed (2). For example, biomaterials are
being designed to stimulate tissue repair through the re-
lease of factors that elicit specific cellular responses, such
as cell proliferation, differentiation, and synthesis of ex-
tracellular matrix.

As a result of the scarcity of human hepatocytes for
transplantation, great interest exists in using hepatocytes
from xenogeneic sources. As no immunosuppressive regi-
men currently exists to prevent rejection of xenografts,
hepatocytes have been encapsulated into small micro-
spheres as well as into hollow fibers. In theory, encapsu-
lating with a synthetic, permeable membrane provides a
physical separation that protects the cells from the im-
mune system of the host by excluding high-molecular-
weight immunocompetent proteins (e.g., antibodies and
complement) as well as immune cells, while allowing free
exchange of nutrients and oxygen. Nevertheless, if the
microcapsule causes complement activation after implan-
tation, the breakdown complements products could be
small enough to enter the microcapsules and damage the
transplanted cells. With advances in genetically engi-
neered cells, microencapsulated cells have been used to
remove ammonia in liver failure and amino acids such as

phenylalanine in phenylketonuria. Better results may be
possible if angiogenesis near the capsule surface can be
promoted (3), and the formation of a fibrotic layer around
the capsule can be avoided (4).

3. ENGINEERING A LIVER FUNCTIONAL UNIT

To increase the versatility and potential uses of isolated
and cultured hepatocytes in therapies for liver diseases,
the development of a stable liver functional unit that can
either be implanted or incorporated into an extracorporeal
liver device is desirable. The basic functional unit in the
native liver is the hepatic lobule (Fig. 1), where he-
patocytes are organized into a radial network of plates
that are one cell thick. On each side of the plate exists a
thin layer of extracellular matrix (ECM) material called
space of Disse that is covered by vascular endothelial cells.
Hepatocytes in the periportal, intermediate, and perive-
nous zones exhibit different morphological and functional
characteristics. For example, urea synthesis is a process
with high capacity to metabolize ammonia and low affinity
for the substrate that occurs in the periportal and inter-
mediate zones. In the perivenous zone, ammonia is re-
moved by glutamine synthesis, a high-affinity but low-
capacity process that removes traces of ammonia that
cannot be metabolized by the urea cycle. Another exam-
ple is the reduction in albumin synthesis during the acute
phase response, which is a ‘‘temporal zonation’’ process
that helps sustain the increased level of acute phase pro-
teins.

3.1. Hepatocyte Function and the In vitro Environment

One of the main challenges of hepatic tissue engineering is
to build functional cultured hepatocyte units that can be
evaluated and optimized in vitro prior to in vivo applica-
tions. Presumably, the environment that exists in vivo is
optimal for liver cell function; however, all the components
that constitute the natural environment may not be obvi-
ous or known. One of the challenges of hepatic tissue en-
gineering is to identify the conditions that are critical to
promoting and maintaining a high level of long-term sta-
ble function of cultured liver cells. This process is largely
empirical, as the mechanisms of hepatocellular differenti-
ation are only partially understood. The main environ-
mental factors that are of interest in hepatic tissue
engineering are shown in Fig. 2 and discussed in greater
detail below.

3.2. Extracellular Matrix (ECM) Composition

Most of the ECMmaterials used for liver cell culture, such
as type I collagen and MatrigelTM, are obtained via sol-
ubilization of tissues by chemical processing. Type I col-
lagen is isolated from rat tail or bovine skin by mild acid
treatment. MatrigelTM is a more chemically complex ECM
extracted from Engelbroth–Holmes sarcoma (EHS) tu-
mors grown in mice, whose composition more closely re-
sembles basal lamina (consisting predominantly of type IV
collagen, laminin, and heparan sulfate proteoglycan). Var-
ious ECM proteins, such as collagen and laminin, regulate
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the activities of transcription factors that control the ex-
pression of liver-specific genes, such as albumin. It has
been hypothesized that these factors bind ‘‘ECM-respon-
sive elements.’’ MatrigelTM induces the expression of liver-
specific functions and phenotypic features typical of he-
patocytes in vivo. Evidence exists that the mechanochem-
ical properties of such surfaces, whether they favor cell
spreading, rounding, or aggregation impacts on the re-
sponsiveness of the hepatocytes to growth and other tro-
phic factors (5). It is important to realize that no matter
what type of surface is used to seed the cells, over a period
of several days of culture, cells will have secreted signif-
icant quantities of their own ECM onto the substrate, and
the initial surface properties of the material will be dra-

matically altered. For example, cultured hepatocytes con-
tinually synthesize collagen, fibronectin, and laminin (6),
and this secretion is important for the maintenance of
long-term liver-specific protein secretion in hepatocytes
cultured in collagen gels.

3.3. Extracellular Matrix Topology

ECM geometry or topology affects hepatocyte morphology
and function. The effect of matrix topology was investi-
gated in a controlled fashion using a culture technique
whereby cells cultured on a single surface are overlaid
with a second layer of ECM, thereby creating a ‘‘sandwich’’
configuration around the cells. In the case of hepatocytes,
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Figure 1. Schematic of liver sinusoid. Although
only few sinusoids are shown, a liver lobule is
typically packed with several sinusoids organized
in a radial pattern that empty into a central vein
in the middle of the lobule. Hepatocytes have a
thin layer of extracellular matrix (ECM) material
that separates them from vascular endothelial
cells. Other cell types, such as fat-storing cells
and macrophages are dispersed throughout the
lobule. Epithelial cells form the bile duct, which
collects the bile secreted by the hepatocytes. In
the lobule, blood flows from the periportal outer
region, where portal and arterial blood mix, to-
ward the central hepatic vein. Hepatocytes ex-
hibit phenotypic differences along the sinusoid,
with urea synthesis occurring in the periportal
and intermediate zones, whereas glutamine syn-
thesis is limited to the perivenous zone.

Extracellular
matrix

composition
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Figure 2. Culture environment for hepatocytes.
The environment that each individual cell ‘‘sees’’
consists of soluble factors that are present in the
culture medium, extracellular matrix, the presence
or absence of neighboring cells, and physical fac-
tors.
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the overlay establishes an ECM configuration which re-
sembles that found in the liver (i.e., where hepatocytes are
generally bounded by ECM at each of their opposite baso-
lateral membrane domains). When rat hepatocytes are
overlaid with a second layer of collagen, they exhibit a
dramatic reorganization and expression of cytoskeletal
proteins. The collagen sandwich induces the formation of
distinct apical and basolateral membrane domains, each
expressing specific surface markers. Cytoskeletal actin fil-
aments are concentrated under the plasma membrane in
regions of contact with neighboring cells, forming the
sheathing of a functional bile canalicular network. In con-
trast, hepatocytes cultured on top of a single collagen gel
exhibit actin-containing stress fibers on the ventral sur-
face in contact with the substrate and no bile canaliculi, a
pattern more typical of fibroblasts. Most importantly for
hepatic tissue engineering applications, the collagen sand-
wich induces a dramatic increase in the expression of
liver-specific functions.

3.4. Controlling Cell–Cell Interactions

In general, when cells are seeded on a substrate, they ini-
tially form a monolayer that is held together by both cell–
substrate and cell–cell adhesions. If the substrate is only
moderately adhesive, cell–cell adhesions may be stronger
and the cells will spontaneously reorganize into compact
aggregates that interact minimally with the surface.
When hepatocytes are induced to form aggregates, they
maintain viability and stable expression of liver-specific
functions for several weeks. Furthermore, recent data
show that hepatocytes in spheroids form functional bile
canaliculi, which indicates that the cells exhibit distinct
apical and basolateral membrane domains (7). Hepatocyte
spheroids have been used as the basis for several bioarti-
ficial liver devices.

Almost 25 years ago, it was discovered that hepatocytes
could be cultured on ‘‘feeder or supportive cells’’ to main-
tain their viability and function. In these culture systems,
cell–cell interactions among hepatocytes and cells of an-
other type (rat liver epithelial cells, liver sinusoidal endo-
thelial cells, or mouse embryonic fibroblasts), or
‘‘heterotypic interactions,’’ are critical for the expression
of hepatocellular functions. The disadvantages of co-cul-
ture systems include the potential variability in the cell
line used, and the additional work needed to propagate
that cell line in addition to attending to the isolation of
hepatocytes. Co-culturing techniques can be combined
with other methods; for example, thermally responsive
polymer substrates have been used to develop multicellu-
lar spheroids of fibroblasts and hepatocytes (8).

To optimize heterotypic cell–cell interactions in order to
maximize the expression of liver-specific functions in co-
cultured hepatocytes, one must use a low ratio of he-
patocytes to feeder cells; however, this occurs at the ex-
pense of using a lot of the available culture surface for
feeder cells, which otherwise do not provide the needed
metabolic activities. To optimize the expression of liver-
specific function per area of culture (as opposed to per he-
patocyte), micropatterning techniques can be very useful
to ensure that each hepatocyte is near a feeder cell while

minimizing the number of feeder cells (9). As a result,
metabolic function per area of culture is increased and the
ultimate size of a bioartificial liver with the required func-
tional capacity is reduced. Popular micropatterning tech-
niques are shown in Fig. 3.

3.5. Three-Dimensional and ‘‘Tissue-Like’’ Cultures

The design of in vitro multi-layered cellular architectures
that resemble the stratified, lattice-like structure in tis-
sues poses a significant challenge for tissue engineering
because cells do not normally form multi-layers in vitro,
except for tumor and transformed cell lines. For example,
in order to overlay endothelial cells on top of hepatocytes,
thus mimicking the sinusoid structure, an intervening
layer of matrix is required. Recent studies show that al-
ternating layers of biocompatible and oppositely charged
polyelectrolytes can be deposited onto cells and serve as a
suitable attachment substrate for a second cell layer. This
approach was used to design layered hepatocyte-polyelec-
trolyte-hepatocyte constructs, hepatocyte-polyelectrolyte-
endothelial cell constructs, and hepatocyte-polyelectro-
lyte-fibroblast constructs (10). The thickness of the poly-
electrolyte scaffold lies in the nanometer range, which
should allow, in principle, cell–cell interactions across lay-
ers. Hepatocyte-endothelial cell co-cultures that mimic the
in vivo architecture of the liver may be useful for incor-
poration into liver assist devices, but also as in vitro mod-
els for a variety of basic science studies, such as studies on
ischemia-reperfusion mechanisms.

3.6. Soluble Factors

3.6.1. Hormones and Metabolites. Standard hepatocyte
culture media contain supraphysiological levels of hor-
mones (Table 2), which are necessary for the maintenance
of long-term protein secretion and viability in cultured
hepatocytes. For example, supplementation with cortico-
steroids (e.g., hydrocortisone or dexamethasone), is used
to promote the expression of liver-specific functions in
various hepatocyte culture configurations. Serum-free cul-
tures do not benefit from the contribution of hormones and
other metabolites found in the serum, and have more re-
quirements in this respect. For example, serum-free cul-
tures of hepatocytes require exogenous insulin and
proline. Insulin is an anabolic hormone, and proline is
necessary for endogenous collagen synthesis. It is note-
worthy that the expression of liver-specific genes in cul-
tured liver slices is only slightly better in hormonally
supplemented medium as opposed to basal medium;
thus, further refinements in the composition of the ECM
may relax some of the requirements for hormonal and
other supplements in the culture medium.

It is also possible to profoundly affect the expression of
liver-specific functions by hepatocytes by changing the ox-
ygen tension. For example, in one study where he-
patocytes were chronically exposed to increasing oxygen
tensions within the physiological range of about 5mm Hg
(perivenous) to 85mm Hg (periportal), urea synthesis in-
creased about 10 fold, while P450IA1 activity decreased
slightly and albumin secretion was unchanged (11).
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3.6.2. Effect of Plasma and Blood. As hepatocyte culture
media typically contain high levels of hormones, and more
specifically insulin (used at about 104 times physiological),
exposure to plasma (which contains physiological levels of
hormones) causes the hepatocytes to becoming severely
fatty within 24h with a concomitant reduction in liver-
specific functions. Supplementation of human anticoagu-
lated plasma with hormones and amino acids (to bring
those metabolites to levels similar to that found in stan-
dard hepatocyte culture medium) eliminates intracellular
lipid accumulation and restores albumin and urea syn-
thesis as well as P450-dependent detoxification. However,
direct supplementation of plasma, especially with respect
to the high levels of hormones used, is costly and poten-

tially risky to the patient. An alternate approach discov-
ered more recently is to pre-condition hepatocytes in low
insulin-containing medium prior to plasma exposure. This
method eliminates lipid accumulation in the hepatocytes,

Table 2. Medium Composition vs. Normal Plasma Values

Component Culture Medium Normal Plasma

Insulin 500,000mU/mL 25 mU/mL
Glucagon 14000pg/mL 70pg/mL
Hydrocortisone 7500ng/mL 7.5ng/mL
Epidermal growth factor 20ng/mL 0.5ng/mL
Glucose 4.5mg/mL 1.0mg/mL
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acid etch

SiSi Si
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PDMS stamp

PDMS stamp

Substrate

PDMS
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Protein pattern

MICROSTAMPING STENCIL PATTERNING MICROFLUIDIC 
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Figure 3. Methods for patterning the deposition of extracellular matrix or other cell attachment
factors onto surfaces. Photolithography involves spin-coating a surface (typically silicon or glass)
with a B1-mm thick layer of photo-resist material, exposing the coated material to ultraviolet light
through a mask that contains the pattern of interest, and treating the surface with a developer
solution that dissolves the exposed regions of photo-resist only. The exposed areas of substrate can
be treated with hydrofluoric acid to etch the material. Subsequently, the leftover photo-resist is
removed using an appropriate solvent, which leaves a surface patterned with different molecules or
grooves. The etched surfaces produced by photolithography can be used to micromold various
shapes in a polymer called poly(dimethylsiloxane) (PDMS). The PDMS cast faithfully reproduces
the shape of the silicon or glass mold to the mm scale, and can be used in various ‘‘soft lithography’’
techniques, including microstamping, microfluidic patterning, and stencil patterning.
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and direct amino acid supplementation to the plasma in-
creased both urea and albumin secretion rates by the he-
patocytes (12). Thus, a combination of both pre-
conditioning and plasma supplementation can be used to
upregulate liver-specific functions of hepatocytes during
plasma exposure.

3.7. Inducing Functional Heterogeneity

The maintenance of functional heterogeneity along the
liver sinusoid is potentially dependent on several factors,
including gradients of hormones, substrates, oxygen, and
extracellular matrix composition, although the relative
importance of each one of these factors is currently un-
known. Although albumin and urea secretion decrease at
higher fluid shear rates, the latter tend to increase cyto-
chrome P450 detoxification rates, at least in the short
term (13). Thus, by creating environmental conditions
that emulate certain parts of the liver sinusoid, it is pos-
sible to modulate hepatocyte metabolism in a way that is
consistent with in vivo behavior. Spatial control of the
layout of the cells in the device may be achieved using

micropatterning and microfabrication techniques, or us-
ing separate cell culture modules that are optimized to
perform a subset of hepatocellular functions, as illustrated
in Fig. 4.

4. CELL SOURCE

4.1. Minimum Cell Mass and Functional Capacity

The various potential cell sources for liver-assist devices
(both implantable and extracorporeal) are summarized in
Table 3 and discussed below. The cell mass required to
support an animal model of hepatic failure has not been
systematically determined. Prior studies have shown sig-
nificant improvements in various parameters using as low
as 2–3% of the normal liver mass of the animal. Liver as-
sist devices that have undergone clinical testing in hu-
mans have used 6 � 109 – 1 � 1011 porcine hepatocytes or
4 � 1010 C3A hepatoma cells. Recently, in an experimen-
tal pig model of hepatic failure, treatment with a bioarti-
ficial liver containing 6 � 108 pig hepatocytes (about 3–5%
of the liver mass) significantly improved survival (14).
Recently, there have been efforts to improve cell viability
in large-scale devices. Hepatocytes have been transfected
with an anti-apoptotic gene (nitric oxide synthase) or ex-
posed to an anti-apoptotic drug (ZVAD-fmk) to increase
their resistance to what appears to be mainly hypoxic in-
jury.

Human hepatocytes appear to be the ‘‘natural’’ choice
for hepatocyte transplantation, internal and external liver
assist devices; however, they are scarce because of a com-
peting demand of OLT. Whether adult human hepatocytes
can be induced to replicate in vitro and the daughter cells
express high levels of liver-specific functions remains to be
shown. Human hepatocyte cell lines have been developed
via spontaneous transformation, as well as via retroviral
transfection of the simian virus 40 large T antigen. Re-
cently, a novel technology that uses a reversible transfor-
mation strategy with the SV40T antigen and Cre-Lox
recombination was used to grow human hepatocytes in
vitro (15). These cells, when transplanted into the spleen
of 90% hepatectomized rats, improved biochemical and
clinical parameters. In bioartificial liver devices tested so
far, the only human cells used are the cancer-derived C3A
hepatoma line. However, published data suggest that C3A
cells express lower levels of several liver-specific functions
(P450IA1 detoxification activity, ammonia removal, and
amino acid metabolism) than adult porcine hepatocytes.

(a)

(b)

Urea Glutamine

(c)

Urea Glutamine P450

High Oxygen Low Oxygen

Figure 4. Potential cell culture configurations in a bioartificial
liver. (a) Single unit optimized to perform all functions. (b) Two
subunits, the first one optimized for ammonia conversion to urea,
a high capacity but low affinity process, and the second one op-
timized for ammonia conversion to glutamine, a high affinity pro-
cess that scavenges ammonia not metabolized in the first subunit.
(c) Three subunits, the first two designed to clear ammonia under
high oxygen tension, and a third subunit operating at lower ox-
ygen tension that is optimized for efficient P450 detoxification
pathways.

Table 3. Potential Cell Sources for Hepatic Tissue Engineering

Cell Type

Immune/
Metabolic

Compatibility Availability
Liver-Specific
Functions

Safety
Considerations

Well-Characterized
System

Primary Human Hepatocytes O O O
Immortalized Human

Hepatocytes
O O

Human Hepatoma Cell Lines O O O O
Human Fetal and Stem Cells O O O
Porcine Hepatocytes O O
Rat Hepatocytes O O
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Furthermore, when using immortalized human cell lines,
there are concerns with the possibility of transmission of
tumorigenic products into the patient. Xenogeneic he-
patocytes pose other problems, including the risk of hyper-
acute rejection, transmission of zoonoses, and potential
mismatch between xenogeneic and human liver functions.

Although no one has achieved the goal of generating a
safe, fully functional yet clonal, immortalized, or geneti-
cally engineered human cell that can be substituted for
primary hepatocytes, advances in stem cell culture tech-
niques offer new promising avenues. The existence of he-
patic stem cells was hypothesized over 40 years ago, and
recent data suggest that stem cells are present within as
well as outside the liver, which can differentiate into fully
mature hepatocytes. In vitro studies suggest the presence
of a subpopulation of small hepatocytes in rat liver with a
high proliferative potential. Several studies in rats, mice,
and humans have shown that a major extrahepatic source
is stem cells of the bone marrow that may take part in
normal tissue renewal as well as in liver regeneration af-
ter severe experimentally induced hepatic injury. Finally,
recent studies suggest that embryonic stem cells can be
differentiated into endodermal lineage cells and functional
hepatocytes.

4.2. Development and Optimization of Hepatocyte and Liver
Preservation Techniques

The development of optimal preservation protocols for he-
patocytes that enable the storage and ready availability of
cells for hepatic tissue engineering applications have been
the subject of several studies. Hepatocytes have been cryo-
preserved shortly after isolation as well as after culture
for several days. Compared with isolated cells, cultured
hepatocytes exhibit a greater resistance to high concen-
trations of cryoprotective agents (e.g., dimethyl sulfoxide).
Based on experimental and theoretical studies, cooling
rates between 5 and 101C/min cause no significant de-
crease in albumin secretion rate compared with control,
unfrozen, cultures.

Controlling temperature gradients and freezing rates
over relatively long distances (several mm or more) is ex-
tremely difficult, therefore it is unlikely that entire liver
assist devices could be frozen. On the other hand, the
availability of short-term (few hours) storage techniques
may be useful when handling such systems. Cultured he-
patocytes maintained at 41C lose significant viability after
a few hours of cold storage, but that addition of polyeth-
ylene glycol significantly extends functionality and sur-
vival. Interestingly, the use of the University of Wisconsin
(UW) solution, currently the most widely used solution for
cold organ storage, does not perform better than leaving
the cells in standard hepatocyte culture medium. It is
conceivable that the UW solution mediates its effect by
prolonging the survival of nonparenchymal cells. It is
hoped that further improvements in preservation solu-
tions will enable the storage of bioartificial liver systems,
as well as lengthen the useful cold storage time of whole
livers for transplantation.

5. EXTRACORPOREAL TEMPORARY LIVER SUPPORT

Extracorporeal temporary liver support systems are life-
support systems that are analogous in concept to kidney
dialysis machines, but specifically designed for liver fail-
ure patients. As the liver has a natural ability to regen-
erate, temporary liver support may be sufficient to prevent
patient death during the most severe phase of the illness,
and allow regeneration of the host liver. The other main
purpose of liver support systems is to provide a bridge to
transplantation while awaiting a suitable donor. Although
extracorporeal whole liver perfusion fell out of favor be-
cause of the development of OLT, it has experienced in-
creasing popularity in recent years, and has successfully
been used as a bridge to transplantation. In spite of this,
there is great interest in developing well-characterized
extracorporeal liver support devices, which may ulti-
mately prove to be more reliable than extracorporeal
whole liver perfusion.

The first attempts at developing devices for temporary
and adjunct liver support consisted of non-biological de-
vices incorporating hemodialysis, hemofiltration, or
plasma exchange units aimed at removing toxins accumu-
lating in the patient’s blood. Charcoal perfusion, the most
extensively characterized non-biological method, showed
benefits in various animal models, but no survival benefit
has been reported in humans. Recently, there has been
renewed interest in further refining these approaches,
with several different systems at various stages of clini-
cal assessment. Although cell-free devices are in principle
more simple to manufacture and operate, they could not
provide biochemical and synthetic functions that are
available in the systems containing cells (16). The mech-
anisms of liver failure are not yet well understood and the
most critical hepatic functions in patients undergoing
liver failure not known; therefore, it is yet unclear
whether dialysis and filtration systems, which are likely
to be cheaper, will supplant hepatocyte- or cell-based bio-
artificial livers.

6. SCALE-UP AND BIOREACTORS

As an engineering problem, the main design constraints
for bioartificial livers are summarized in Table 4. Assum-
ing that the minimum cell mass necessary to support a
patient undergoing acute liver failure is about 1010 cells,
the main challenge is to design a system with a priming
volume not exceeding about 1 L. In normal liver, no he-
patocyte is further than a few micrometers from circulat-

Table 4. Engineering Design Constraints for Bioartificial
Livers

Parameter/Component Desired Value/Property

Minimum Functional Capacity 1 to 10% of liver (1010 cells)
Maximum Priming Volume 1L
Maximum Distance Between

Cells & Nutrient Supply
B1mm

Maximum Size of Cell
Aggregates

B100mm
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ing blood; thus, transport by diffusion only has to occur
over very short distances. Although oxygen diffusivity is
an order of magnitude greater that that of many other
small metabolites (e.g., glucose and amino acids), it has a
very low solubility in physiological fluids deprived of ox-
ygen carriers. Thus, it is not possible to create large con-
centration gradients that would provide the driving force
for rapid oxygen transport over long distances. This, in
addition to the fact that hepatocytes have a relatively high
oxygen uptake rate, makes oxygen transport the most
constraining parameter in the design of bioartificial liver
devices.

Oxygen transport and uptake of hepatocytes has been
extensively studied in the sandwich culture configuration
in order to obtain the essential oxygen uptake parameters
needed in the design of bioreactor configurations. The
maximum oxygen uptake rate of cultured rat hepatocytes
was measured to be about 13.5-pmol/s/mg DNA, which is
fairly stable after the first day in culture and for up to 2
weeks. Interestingly, the oxygen uptake was about twice
in the first day after cell seeding, presumably because of
the increased energy requirement for cell attachment and
spreading. Oxygen uptake was not sensitive to the oxygen
tension in the vicinity of the hepatocytes up to a lower
limit of about 0.5mmHg, below which oxygen uptake de-
creased, suggesting that it becomes a limiting substrate
for intercellular hepatocyte metabolism. As oxygen is es-
sential for hepatic ATP synthesis, a reasonable design cri-
terion is that the oxygen tension should remain above
B0.5mmHg.

Based on these parameters, it is possible to estimate
oxygen concentration profiles in various bioreactor config-
urations based on a simple diffusion-reaction model that
assumes that the process follows Michaelis–Menten ki-
netics. Generally, one can estimate that the maximum
thickness of a static layer of aqueous medium on the sur-
face of a confluent single hepatocyte layer is about 400 mm.
Calculations on oxygen transport through hepatocyte ag-
gregates suggest that even a relatively low density of cells
(107 cells/cm3) cannot have a thickness exceeding about
300–500mm. At cell densities of 108 cells/cm3, which is
similar to that found in normal liver, that thickness is only
100–200mm.

6.1. Hollow Fiber Systems

The hollow fiber system has been the most widely used
type of bioreactor in bioartificial liver development. The
hollow fiber cartridge consists of a shell traversed by a
large number of small diameter tubes. The cells may be
placed within the fibers in the intracapillary space or on
the shell side in the extracapillary space. The compart-
ment that does not contain the cells is generally perfused
with culture medium or the patient’s plasma or blood. The
fiber walls may provide the attaching surface for the cells
or act as barrier against the immune system of the host.
Microcarriers have also been used as a way to provide an
attachment surface for anchorage-dependent cells intro-
duced in the shell side of hollow fiber devices. Many stud-
ies exist on how to determine optimal fiber dimensions,

spacing, and reactor length based on oxygen transport
considerations.

The most popular hollow fiber bioreactor designs are
shown in Fig. 5a–d and discussed in greater detail below.
Most devices tested clinically consist of hollow fiber car-
tridges containing either porcine hepatocytes or human
hepatoblastoma cells. In most cases, cells were loaded into
the extraluminal compartment and patient plasma or
blood is perfused through the fiber lumens. Similar hol-
low fiber cartridges have also been used in animal studies
with hepatocytes seeded inside the fibers and the plasma
flowing over the outer surface of the fibers. As a result of
the relatively large diameter of the fibers as well as trans-
port limitations associated with the fiber wall, these sys-
tems are prone to substrate transport limitations.

One difficulty with the hollow fiber configuration is that
interfiber distances, and consequently transport proper-
ties within the shell space, are not well controlled. Thus, it
may be advantageous to place cells in the lumen of small
fibers because the greatest diffusional distance between
the shell (where the nutrient supply would be) and the
cells is essentially equal to the fiber radius. In one config-
uration, hepatocytes have been suspended in a collagen
solution and injected into the lumen of fibers where the
collagen is allowed to gel. Contraction of the collagen lat-
tice by the cells even creates a void in the intraluminal
space, which can be perfused with hormonal supplements
and so on to enhance the viability and function of the cells,
while the patient’s plasma flows on the shell side. As a
result of the relatively large diameter of the fibers used as
well as transport limitations associated with the fiber
wall, these systems have been prone to substrate trans-
port limitations.

To improve oxygen delivery, additional fibers that carry
oxygen straight into the device have been used. Using this
approach, Gerlach et al. were able to demonstrate that
hepatocytes could express differentiated functions over
several weeks (17). Using a device consisting of he-
patocytes seeded onto a woven polyester substrate with
integrated hollow fibers for oxygen supply, it was shown
that the survival time of pigs undergoing total hepatic is-
chemia was significantly increased over the control group;
more recently, this device was successfully used to treat
seven acute liver failure patients, of which six were
bridged to a transplant and one spontaneously recovered
(18).

6.2. Parallel Plate Systems

An alternative bioreactor configuration is based on a flat
surface geometry (19) where it is easier to control the in-
ternal flow distribution and ensure that all cells are ade-
quately perfused (Fig. 5e–f). In order to keep a sufficient
cell concentration and reduce priming volume, parallel
plate flow chambers with very low channel height
(o100mm) have been used. However, forcing the fluid to
move through such small gaps rapidly increases the drag
force (shear stress) imparted by the flow on the cells. Re-
cent data suggest that hepatocyte function decreases sig-
nificantly at shear stresses 45 dy/cm2. To reduce the
deleterious effects of high shear, it may be possible to
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use grooved surfaces as previously done for blood cells.
Cells lodge inside the grooves where they are less exposed
to the shear stress, which allows for faster flow without
causing cell damage.

In an attempt to provide to cells adequate oxygenation
and protection from shear in perfused bioreactors, De
Bartolo et al. incorporated two membranes into the flat-
plate geometry (20). The first membrane is gas-permeable
and minimizes the oxygen transport limitations in the
system. The second membrane separates cells from
plasma and adds a significant barrier to the transport of
protein-bound toxins that need to be processed by the
cells. Recently, a flat-plate microchannel bioreactor where
cells directly contact the circulating medium was devel-
oped (19). The channel is closed by a gas-permeable mem-
brane on one surface, which decouples oxygen transport
from the flow rate in the device. Comparing this with a
similar flat-plate design where a nonpermeable glass sur-
face is substituted to the membrane, internal membrane
oxygenation removed the oxygen limitations that occur at
low volumetric flow rates.

6.3. Monitoring the Performance of Bioartificial Livers

The performance of bioartificial livers is often assessed
based on various clinical parameters, such as survival,
grade of encephalopathy, and blood and urine chemistry
values. As these parameters can vary from one patient to
another depending on the severity of the disease, it is

worthwhile to independently assess bioartificial liver
function. Further insight into the function of the bioarti-
ficial liver can be obtained by measuring the change in
metabolite levels across the bioartificial liver, such as ox-
ygen, CO2, ammonia, urea, amino acids, and ketone bod-
ies. An enhanced perspective of metabolism and cellular
function can be obtained by using a mathematical model-
ing framework that considers the stoichiometric con-
straints of the intracellular reaction network of the
hepatocytes in the bioartificial liver (21). One such meth-
odology that is especially useful for the analysis of meta-
bolic function of organs and tissues is Metabolic Flux
Analysis. Metabolic Flux Analysis refers to the calcula-
tion of intracellular rates of metabolic reactions using
steady-state metabolite balance models applied to mea-
sured rates of uptake and release of extracellular metab-
olites. This approach has been extensively used to
determine metabolic rates in isolated perfused livers,
and is potentially very useful as it is noninvasive and
cost effective.
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Figure 5. Most common bioreactor design for
bioartificial livers. (a) Hepatocyte aggregates or
seeded on microcarriers are placed on the out-
side of hollow fibers. Oxygenated plasma is
flown through the hollow fibers. (b) Hepatocyte
aggregates in a supporting matrix are inside
hollow fibers and oxygenated plasma is flown
outside the hollow fibers. (c) Similar to panel A,
although separate hollow fibers are used to de-
liver hepatocyte culture medium and oxygen
into the system. Circle with O2 is a hollow fiber
perpendicular to the plane of the paper. (d) He-
patocyte aggregates are in a supporting matrix
next to hollow fibers that deliver oxygen. Oxy-
genated plasma is flown in the space outside of
the hollow fibers and percolates through the
matrix-hepatocyte network. (e) Hepatocytes
are seeded as a monolayer on the bottom sur-
face of a flat plate and placed within a parallel-
plate flow chamber. Oxygenated plasma is flown
directly above the cells. (f) System is similar to
panel E, except that oxygen is delivered through
a permeable membrane directly above the flow
channel with the hepatocytes.
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1. INTRODUCTION

Nerve injuries occur by a variety of mechanisms, including
traumatic wounds, thermal or chemical damage, myelin or
axonal degeneration, and acute compression. These inju-
ries typically result in the loss of motor function, sensory
function, or both. Functional recovery is regained upon
complete axonal regeneration, which includes remyelina-
tion and reinnervation (i.e., synapse formation) of the ap-
propriate muscle and sensory targets.

For severing injuries, the two nerve cable ends can be
surgically reconnected if the repair does not put tension on
the nerve cable. For gaps longer than B5 mm, an auto-
logous nerve graft (i.e., autograft) from the patient’s own
body is used to bridge the injury site. The most common
donor nerves implemented clinically are the sural nerve
and the medial and lateral antebrachial cutaneous nerves
(1–3).

Nerve autografts are, however, associated with several
disadvantages: sensory loss as well as possible scarring
and painful neuroma formation at the donor site, potential
mismatches in diameter or length to the injured nerve,
and the required multiple surgeries (4,5). Nerve allografts
transplanted from other individuals are one potential al-
ternative to autografts, but they require the use of
immunosuppressants to reduce the patient’s response to
transplant tissue antigens (6).

These disadvantages associated with current clinical
treatments have motivated the investigation of new ap-
proaches, such as tissue engineering, for addressing nerve
injuries. The ultimate goal of peripheral nerve tissue en-
gineering is to provide rationally designed alternatives to
grafted tissue through a deeper understanding of the dy-
namic three-dimensional interactions of peripheral neu-
rons, glial cells, and their extracellular matrix
environment. Tissue engineering principles can also be
implemented to develop new in vitro model systems to
study cellular behaviors associated with regenerating
nerve tissue.

This entry provides a survey of emerging tissue engi-
neering technologies to treat peripheral nerve injuries and
to investigate regeneration processes in vitro. Several re-
cent review articles have also addressed peripheral nerve
tissue engineering and regeneration (7–10); therefore, this
work will primarily focus on literature published during
2000–2005 and will emphasize advancements that have

demonstrated an improved ability to promote functional
repair in vivo or control cell behavior in vitro. The reader
is directed toward published review articles for informa-
tion on other related topics such as the neurobiology of
neuronal and glial cell response to injury (11); the delivery
of support cells including glial cells (7), genetically mod-
ified cells (7), and stem cells (12); the delivery of growth
factors, drugs, and DNA (7,13); and electrical devices for
stimulating, processing, and recording nerve behavior
(14).

2. NERVE GUIDES: RECENT ADVANCES IN ANATOMICAL
AND FUNCTIONAL RECOVERY

Nerve guides typically are tubular conduits made from
naturally derived materials or synthetic polymers and are
designed to serve several functions: to bridge the nerve
endings, to direct axonal growth and Schwann cell migra-
tion, and to prevent scar formation. Moreover, nerve
guides should ideally be ‘‘semipermeable’’; in other words,
the guides should allow nutrient and waste exchange dur-
ing early stages of regeneration (when new vasculature is
not yet established), but yet they constrain the locally se-
creted soluble factors beneficial to regeneration. A broad
range of both simple tubes and complex guides have been
fabricated (7,15), but only a small number are currently
approved by the Food and Drug Administration (FDA) for
surgical use (Table 1) (4). For example, in human studies,
polyglycolic acid guides have demonstrated good func-
tional results in comparison with autografts in gaps less
than 3 cm in length (16,17).

In the past 5 years, several new guide designs have
been shown in animal studies to stimulate nerve regen-
eration at levels similar to that of the autograft. In re-
viewing these works, it is key to examine both the
anatomical or the morphometrical success of regeneration
(i.e., the density and average diameter of myelinated and
unmyelinated axons measured in histological sections) as
well as the functional success as shown by electrophysio-
logical tests, gait analyses, or sciatic functional index mea-
surements. Finally, comparisons with the clinical
standard, autografts, are the most valuable in determin-
ing the success of a new guide design. As reviewed below,
new nerve guide designs are beginning to rival autografts
by exhibiting comparable levels of morphometrical and
functional regeneration in animal models. Future human
trials will reveal whether these designs are suitable for
safe and effective clinical use.

2.1. Synthetic Nerve Guide Materials

Perhaps the most thorough published analysis of a new
nerve guide has been reported in a series of articles by

Table 1. FDA-Approved Nerve Guides (Adapted from http://www.fda.gov/cdrh)

Trade Name Manufacturer Tube composition FDA 501(K) approval date

GEM Neurotube Nerve Conduit Synovis Micro Companies Alliance (St. Paul, MN) Polyglycolic acid 1999
SaluBridge Nerve Cuff Salumedica, LLC (Atlanta, GA) Polyvinyl alcohol 2000
NeuraGen Nerve Guide Integra Lifesciences Corp. (Plainsboro, NJ) Collagen 2001
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Shimizu et al. (18–21). In these works, degradable polygly-
colic acid fibers were woven to form a tube and then coated
with collagen. The tubes were filled with either laminin-
coated collagen fibers (50mm in diameter) or laminin-
coated amorphous collagen sponges. The guides were
shown in 80-mm dog peroneal nerve gaps to result in fa-
vorable recovery at 12 months as verified by morphomet-
rical analyses and electrophysiological recordings
(18,20,21). In their latest work, Shimizu et al. compared
polyglycolic acid tubes filled with collagen sponge with
autografts in 15-mm dog peroneal nerve gaps and found
that at 6 months the guides were associated with complete
morphometrical and functional recovery superior to that
of autograft controls (19).

Polyglycolic acid belongs to a larger class of nerve guide
materials, synthetic polymeric biomaterials. Synthetic
polymers can be engineered to possess favorable material
properties, including degradability and mechanical
strength, and take on a variety of forms with feature sizes
on the microscale (e.g., porosity, fibril diameter) and the
macroscale (e.g., sponges, tubes, multichanneled con-
duits). Complete degradation and resorption are key prop-
erties because residual guide materials could promote scar
formation, infection, and painful compression of the re-
generated nerve cable. In the past 5 years, the functional
recovery rates of several degradable synthetic nerve guide
materials (i.e., polylactic acid, polycaprolactone and poly-
organo-phosphazene) have been compared with autografts
in animal models.

Polyglycolic acid, polylactic acid, and polycaprolactone
are related polyesters that degrade primarily via hydro-
lysis in aqueous medium, but they can be cleaved enzy-
matically upon implantation by esterases as well. As
mentioned, polyglycolic acid tube guides have been shown
to support regeneration when filled with collagen-based
scaffolds. Hollow guides made from polycaprolactone (22)
and copolymers of polylactic acid and polycaprolactone
(23) have also demonstrated promise of full morphometric
and functional recovery at levels similar to autograft con-
trols in 10-mm rat sciatic nerve defects. Polyphosphazene
is an inorganic polymer with a backbone containing nitro-
gen and phosphorus. One subclass, poly-organo-phospha-
zenes, hydrolytically degrade into phosphate and
ammonium derivatives. Nicoli-Aldini et al. investigated
poly-(bis-(ethylalanate)-phosphazene) as a model degrad-
able polymer characterized for its ability to controllably
release drugs embedded within its matrix (23). These hol-
low guides were also found to be comparable with the au-
tograft in guiding functional regeneration. Such works are
pioneering because they have achieved morphometrical
and functional regeneration similar to the clinical stan-
dard, the autograft. Future clinical trials will determine
whether these promising technologies are fully translat-
able to human nerve repair.

2.2. Biological Nerve Guide Materials

Nerve guides derived from biological materials may pro-
vide improved biocompatibility and degradability as well
as increased favorable interactions with neurons and
Schwann cells. For example, guides made from chitosan

(a polysaccharide derived from crustacean shells) that are
modified with laminin or laminin-derived peptides have
performed similarly to autografts in 15-mm rat sciatic
nerve defects (24). Chitosan tubes filled with oriented
polyglycolic acid fibers (14 mm in diameter) have likewise
resulted in levels of functional recovery similar to auto-
graft controls in 30-mm sciatic defects in dogs (25).

Agarose, a polysaccharide derived from seaweed, was
designed by Yu and Bellamkonda to provide both sub-
strate- and diffusion-mediated molecules that promote
nerve regeneration (26). Specifically, agarose was modi-
fied to present the adhesion molecule laminin and subse-
quently release nerve growth factor (NGF), a potent
neurotrophic growth factor. A nondegradable polysulfone
tube was used as a model semipermeable tube to deliver
the support matrix. The authors found that the engi-
neered matrices achieved morphometric and functional
recoveries similar to autografts in 10-mm sciatic defects in
rats.

Collagen, a mammalian-derived biomaterial, has like-
wise shown promise as a nerve guide material. For exam-
ple, hollow type I/III collagen tubes approached the
performance of autografts in 20-mm rat sciatic defects
(27), and moreover, type I collagen tubes modified with the
fibronectin-derived cell adhesion peptide RGD displayed
greater extents of recovery than the autograft in a 10-mm
defect in the same model (28). In another study, Yoshii and
Oka developed an interesting technique that does not re-
quire a tubular construct: They implemented a bundle of
2000, 20-mm diameter collagen filaments without a tube
and found functional recovery similar to the autograft
(29). The superior quality of regeneration associated with
the filament-based nerve guides was attributed to higher
permeability within the filaments than what is typically
provided by tubular constructs. These engineered biolog-
ical materials show promise conceptually and, after dem-
onstrating favorable regeneration compared with the
autografts, are well poised for their translation into clin-
ical therapies.

3. NEW TECHNOLOGIES FOR CONTROLLING NERVE
AND GLIAL CELL BEHAVIOR IN VITRO

The clinical and animal studies described above have ex-
hibited key advancements toward functional nerve regen-
eration. Yet more significant improvements are still
possible through a deeper understanding of the dynamic
interactions among neurons, their support cells, and their
three-dimensional extracellular matrix surroundings.
This poses a great challenge for the development of novel
biomaterials as well as new technologies for assessing
outcomes. This section focuses on innovative nerve guide
approaches, modern materials processing microtechnolo-
gies, and novel advanced materials that have each indi-
cated an improved ability to control neural or glial cell
behavior in vitro. Lastly, new enabling technologies for
imaging regenerating nerve will also be briefly reviewed.
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3.1. New Nerve Guide Approaches

Advancements in nerve guide design over the past 5 years
have primarily focused on (1) processing techniques for
tuning the organization of fine fibrillar structures and (2)
understanding the impact of scaffold three-dimensionality
on neurite outgrowth, Schwann cell survival, and the dif-
fusion of nutrients within the guide material.

Fibrous guides of aligned scaffolding material are ef-
fective means of promoting directional neurite outgrowth
via contact guidance. Therefore, many groups have fo-
cused on developing techniques of controlling the size, ori-
entation, and density of naturally derived and synthetic
polymer fibers. For example, Ahmed et al. revealed that
cables of fibronectin (2–15 mm in diameter) contain unidi-
rectional fibers and 10–100 mm pores through which
Schwann cells migrated and aligned (30). Similarly,
Yuan et al. produced chitosan fibers 15 mm in diameter
that also directed Schwann cell migration and morphology
(31). Eguchi et al. reported that an 8-T magnetic field
could be implemented to align both collagen fibers and
Schwann cells in vitro (32). Finally, at smaller length
scales, polylactic acid was electrospun into aligned fibers
with diameters as small as 300 nm by Yang et al. (33); the
authors further demonstrated that the nanofibers sup-
ported mouse neural stem cell differentiation and neurite
growth parallel to the direction of alignment (Fig. 1). Col-
lectively, these works suggest promising features to in-
clude future nerve guide designs by illustrating the
tendency for neural and glial cells to follow directional
cues from their supporting substrate.

As mentioned, nerve guides should provide ‘‘semiper-
meable’’ barriers to the transport of nutrients, waste, and
locally secreted factors beneficial to regeneration. How-
ever, we lack a detailed understanding of how the success
of nerve regeneration is specifically impacted by conduit
wall thickness, degradation rate, porosity, stiffness, and
Schwann cell seeding density in three-dimensional mate-
rials. To address several of these issues, Rutkowski and
Heath tested neurite outgrowth from dorsal root ganglia
on a series of polyvinyl alcohol conduits with varying po-
rosity, wall thickness, and Schwann cell seeding density
(34). Their work suggests that thicker, higher density
walls were unfavorable to axonal growth, although a mod-
erate porosity may allow an optimal balance between the
local retention of growth factors while permitting ample
nutrient exchange with the environment. Increasing the
numbers of Schwann cells within the conduit increased
axonal growth, but it may as well lead to increased axonal
branching, which has been linked to painful neuromas in
vivo.

The impact of biomaterial stiffness on cell behavior has
also become a new active area of research (35). For exam-
ple, Balgude et al. investigated agarose gel density and
stiffness in three-dimensional cultures of dorsal root gan-
glion and found that neurites grew faster within softer
gels (36). The authors further postulated a physical model
that captures the impact of three-dimensional hydrogel
stiffness on the rate of neurite outgrowth. This model may
help to reveal new design principles for future agarose-
based nerve guides (26,37–39).

Nerve guides with new three-dimensional geometries
have been designed by creative implementation of mate-
rials processing technologies. Yu and Shoichet recognized
that novel nerve guides could be fabricated by combining
two-dimensional surface modification technologies with

(a)

(b)

Figure 1. Aligned electrospun polylactic acid nanofibers for pro-
moting neural stem cell differentiation and guiding neurite out-
growth in vitro. (a) Light microscopy image of neural stem cells
(C17.2 neonatal mouse cerebellum stem cells) after 1 day of cul-
ture on 300-nm diameter aligned nanofibers (scale bar, 20mm). (b)
Fluorescent microscopy image of neural stem cells immuno-
stained for neurofilament 200 kD after 2 days of culture on
aligned nanofibers. Arrows denote neurites (scale bar, 40mm).
Reprinted from Yang et al. (33) with permission from Elsevier.
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fiber-templating processing to create hydrogel guides with
multiple longitudinal subchannels (40) (Fig. 2). To do this,
poly(hydroxyethyl methacrylate-co-aminoethyl methacry-
late) or poly(HEMA-co-AEMA) was polymerized in a cy-
lindrical mold (B4–5 mm diameter) around
polycaprolactone fibers (B200mm diameter). The polyca-
prolactone was dissolved with acetone, leaving roughly

100 fiber-free subchannels in the gel. After surface mod-
ification with laminin-derived cell-adhesive peptides (e.g.,
YIGSR and IKVAV), these guides were shown in vitro to
guide dorsal root ganglion neuron adhesion and out-
growth along the length of the subchannels.

In summary, new techniques to develop well-controlled
physical environments are permitting advancements in
guiding neural and glial cell behaviors in vitro. Further-
more, these engineered microenvironments may prove to
be powerful means of directing coordinated cell behaviors
toward improved tissue-level outcomes such as regenera-
tion. Future implant studies will verify whether these ad-
vanced materials can further improve current success
rates of nerve repair in vivo.

3.2. Three-Dimensional Neural and Glial Culture Systems

As discussed in the previous section, three-dimensional in
vitro studies play a key role in developing new nerve guide
technologies. Culturing cells in three-dimensional mate-
rials could also elucidate complex spatial interactions
among neurons, glial cells, and the extracellular matrix
or biomaterial environment (41). To this end, researchers
are beginning to develop three-dimensional culture sys-
tems that are designed to be convenient to use, reproduc-
ible, and straightforward to analyze.

For example, Mosahebi et al. screened a variety of
three-dimensional degradable biological matrices (i.e., al-
ginate, collagen, fibrin, hyaluronic acid, and Matrigel) for
their abilities to support Schwann cell viability and dorsal
root ganglion outgrowth (42). The authors concluded that
all materials supported Schwann cell viability, but that
gels containing both alginate and Schwann cells were as-
sociated with the fastest rate of neural outgrowth.

In a similar study, Lin et al. also compared several
hydrogels (e.g., agarose, collagen, fibrin, and collagen/fi-
brin mixtures) and found that collagen/fibrin mixtures
were associated with extended neuronal survival (43
weeks) and longer neurites than in agarose cultures, but
that fibrin supported the highest neuron survival rate
(37). By simultaneously screening several three-dimen-
sional culture systems at once, these studies may reveal
insights of how complex co-cultures and scaffold-based
cues may be used to elicit specific regenerative responses.

Other studies have taken three-dimensional culture
systems a step further and designed in vitro model sys-
tems that attempt to reproduce the physiology of periph-
eral nerve regeneration. For example, Gingras et al. co-
cultured embryonic mouse dorsal root ganglion neurons,
human endothelial cells, and human skin fibroblasts in a
collagen sponge for up to a month (43). In this model, the
fibroblasts produced a connective tissue matrix similar to
normal tissue that supported extensive neurite out-
growth. The endothelial cells formed capillary-like net-
works that were closely associated with the growing
neurites. This is a key advance as potential sources of
blood supply are a major limitation to many current tissue
engineering designs.

In related work, Kelm et al. developed a hanging drop
technique to allow self-assembly of mouse embryonic fib-
roblasts and dorsal root ganglion cells into three-dimen-

(a)

(b)

Figure 2. Fiber-templated longitudinal channels for guided cell
adhesion and outgrowth. Yu and Shoichet combined fiber tem-
plating with a peptide surface modification technique to create a
new nerve guide design featuring B100 aligned cell-adhesive
channels within a hydrogel scaffold. A poly(HEMA-co-AEMA)
scaffold (a) longitudinal section stained with Giemsa methanol
and imaged under light microscopy and (b) horizontal section
viewed by scanning electron microscopy. Reprinted from Ref 40
with permission from Elsevier.
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sional ‘‘microtissues’’ (44). Within 24 hours, the cells reas-
sembled into a core of fibroblast feeder cells surrounded by
a shell of dorsal root ganglion cells. Over time, myelinated
sensory neurons polarized into a ganglion-like cap struc-
ture and coordinated neurite outgrowth toward the oppo-
site pole of the spheroid. These novel culture systems are
valuable efforts to identify complex environments that
mimic the function of regenerating nerve in vivo. A finer
level of understanding and control over the three-dimen-
sional interactions between cells and scaffolds may inspire
new approaches to treat nerve injury.

3.3. Controlling Stem Cell Differentiation

Stem cells provide opportunities to revolutionize current
tissue engineering strategies (12,45). For example, grafted
stem cells could provide templates for regenerating axons
and augment natural regenerative mechanisms. Unfortu-
nately, a limited number of studies have yet investigated
stem cell transplants as therapies to augment peripheral
nerve regeneration (12). Among these, Murakami et al.
implanted neural progenitor cells from fetal rat hippo-
campus with collagen gel into a 15 mm rat sciatic defect
(46). The transplanted cells differentiated into various
glial cell types, including Schwann cells, and were associ-
ated with improved axonal outgrowth and functional re-
generation. The authors suggest, however, that more
detailed studies of the fate and impact of grafted cells
are required to clarify their impact on regeneration in
vivo.

Stem cell growth and differentiation in culture are pro-
foundly influenced by their three-dimensional context
(41,47). With this in mind, Hayman et al. developed
three-dimensional polystyrene-based matrices for study-
ing neural stem cell behavior (48). When coated with
polylysine or laminin, these highly porous nondegradable
matrices supported human stem cell-derived neurons and
their axonal growth. As mentioned, degradable polylactic
acid nanofibers have also been shown to support stem cell
differentiation and to direct neurite outgrowth (33). Taken
together, these findings signify important advances to-
ward controlling the stem cell microenvironment and en-
abling their ability to support nerve regeneration.

3.4. Microtechnologies

On uniform substrates, neurons and glial cells form com-
plex and heterogeneous structures. Functional studies
have therefore been hindered by these ill-defined arrange-
ments that do not accurately capture in vivo geometries
and connectivities (49). To address this need, researchers
have adapted microtechnologies for engineering sub-
strates with defined biochemical patterns and topograph-
ical features. These innovations have proven to be
effective at directing cell morphology, cell patterning,
and cell–cell contacts. As such, these technologies may
be used in future investigations to establish design tem-
plates for engineering nerve guides with improved in vivo
performance.

3.4.1. Micropatterned Cues. Many methods exist for
patterning substrates with biochemical cues (49). Micro-

contact printing is a common technique used to pattern
substrates with a silicone rubber stamp ‘‘inked’’ with pep-
tides, proteins, or other cell adhesion-promoting factors.
The stamps are created using photolithography and mi-
crofabrication technologies. Schmalenberg and Uhrich im-
plemented microcontact printing to lay 10–50 -mm wide
stripes of laminin onto poly(methyl methacrylate) sub-
strates and demonstrated that Schwann cells seeded on
these materials maintained highly aligned monolayers up
to 5 days in culture (50). In similar work, Thompson and
Buettner also created ordered Schwann cell monolayers
on glass substrates that were patterned with 20-mm
stripes of laminin using a photolithography approach (de-
scribed in more detail below) (51,52). These studies illus-
trate a new high level of morphology control and could, for
example, be used in future in vitro investigations of in-
teractions between neurons and highly ordered Schwann
cell matrices.

In addition to patterning adhesive features, microcon-
tact printing can also be used to pattern regions that resist
cell adhesion. For example, Yang et al. patterned cell ad-
hesion-resistant copolymers into stripes (60 mm wide and
10–30 mm apart) onto tissue culture polystyrene; the neg-
ative space left on the substrate (stripes 10–30 mm wide
and 60 mm apart) supported patterned human neuroblas-
toma cell adhesion and neurite outgrowth (53) (Fig. 3). In
a similar effort, Zhang et al. used microcontact printing to
pattern a nonfouling comb polymer onto glass substrates
(54). The open areas in the comb polymer pattern were
then backfilled with covalently bound fibronectin. The re-
sulting pattern was a series of 10–160-mm-wide lines of
fibronectin separated by areas resistant to cell adhesion.
This method creates exceptionally stable patterns that
were shown to direct dorsal root ganglion outgrowth (54)
and support selective cell geometries for up to a month
(55).

Photolithography (mentioned briefly above) is another
powerful technique for patterning surfaces. In this ap-
proach, a substrate is patterned with photoresist and then
adhesive biomolecules are adsorbed or reacted onto the
negative space of the photoresist pattern. Next, the pho-
toresist is washed away with acetone or another solvent
and a biomolecule pattern persists. Song et al. used pho-
tolithography to pattern the electrically conductive poly-
mer polypyrrole with positive guidance cues such as
polylysine and laminin (56). Dorsal root ganglia neurons
were shown to only attach and extend neurites within the
patterns of cues.

Microfluidic networks as well can be used to create
patterns of biomolecules on surfaces. To do this, a micro-
fluidic device is fashioned out of silicone rubber and then
brought into conformal contact with a substrate such as
glass. Channels in the microfluidic device direct solutions
to pass over the substrate and allow adsorption of biomol-
ecules from the solution onto the surface. The microfluidic
device is then peeled off, exposing the patterned area for
characterization and cell studies. Romanova et al. used
this method to pattern polylysine and type IV collagen on
activated glass substrates (57). The patterns directed
changes in the morphology (i.e., orientation, neurites per
cell, neurite length, and branching) as well as electro-
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physiology of cultured Aplysia (sea slug) neurons. (Aplysia
were selected because they have relatively homogeneous
neurons that extend neurites in vitro without exogenous
stimulatory factors, such as serum and growth factors.)

Microfabrication and photolithography require com-
plex and expensive equipment to which not every re-
searcher may have access. With this fact in mind, Welle
et al. developed an Ultraviolet (UV) patterning technique
for creating 1–25-mm laminin features on tissue culture
polystyrene substrates (49). Briefly, a chromium mask
pattern was placed onto the substrate and then exposed
to UV light via a low-pressure mercury lamp. The UV light
treatment exposed a pattern of surface carboxyl groups,
which preferentially adsorbed laminin. NGF-stimulated
PC12 cells grew and maintained patterned neurite struc-
tures on the laminin features for over 2 weeks. All to-
gether, these micropatterning examples of ordered,
repeatable cell-substrate patterns provide valuable tem-
plates for future mechanistic studies. Upcoming work may
also focus on translating these microtechnologies for use
with degradable materials so that these tools may also be
used to synthesize new implantable nerve guide designs.

3.4.2. Chemotactic and Chemical Gradients. During de-
velopment, nerves are patterned by molecular gradients of
soluble and insoluble cues. It is also believed that such
cues may guide regenerating nerves as well. Rosoff et al.
developed a sensitive quantitative technique that assays
the response of dorsal root ganglia neurons to gradients of
soluble growth factors within a three-dimensional gel (58).
The authors further reported that neurons are extremely
responsive to the type of gradient and the absolute con-
centration of soluble cue. Li et al., on the other hand, im-
plemented a UV grafting approach to graft a gradient of

varying polyacrylic acid density, yielding a gradient in
carboxyl group density (59). The carboxyl groups served as
negative cues toward C17.2 neurite outgrowth; therefore,
the researchers could direct neurite outgrowth on a gra-
dient of decreasing carboxyl group density. These gradi-
ent-generating techniques, if applied using natural cues,
could shed valuable insights into how neurites are pat-
terned during development and how to effectively guide
neuronal growth during regeneration.

3.4.3. Contact Guidance through Microchannels. Cell
migration and neurite outgrowth can be directionally con-
trolled by contact guidance along topographical features.
Several groups have implemented photolithography and
microfabrication techniques to create microchannels or
microgrooves in culture substrates. For example, Mahon-
ey et al. deposited polyimide walls (11 mm in height, 10 mm
wide, spaced 20–60 mm apart) onto glass using photoli-
thography (60). They subsequently found that neurites
grown from NGF-stimulated PC12 cells were most
strongly guided by grooves 20–30 mm wide. Similarly,
Goldner et al. fashioned silicone microchannels (60mm
wide, 50mm deep, spaced 60 mm apart) for studying the
morphology of dorsal root ganglion cells in grooved sub-
strates (61). Interestingly, the authors found that a sub-
population of cells could develop neurites that bridged the
channels, spanning 60 mm without an underlying support.
They speculated that in these cases, a neural cell at the
bottom of the groove extends neurites that first contact the
wall and then continue to extend vertically up the wall.
Tension on the neurite allows the cell body to detach from
the substrate and form a bridge across the groove. Current
research is underway to try to understand the cytoskeletal

(a) (b)

(c)

Figure 3. Micropatterned surfaces for guided
neural growth in vitro (53). Cell and protein
adhesion-resistant copolymers were micropat-
terned onto tissue culture polystyrene (60-mm-
wide lines spaced 10–20mm apart; arrows de-
note examples of the approximate location and
length of a copolymer line). Serum protein ad-
sorbed onto the negative space left by the co-
polymer pattern, where SH-SY5Y cells (a
human neuroblastoma cell line) could adhere
and proliferate. Cells were cultured for 5 days
on the patterned surfaces with cell-adhesive
lines (a) 10mm or (b) 20mm wide. Cells are
spread and randomly oriented on unpatterned
tissue culture polystyrene (c). Scale bar, 50mm.
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dynamics that would give rise to this unexpected re-
sponse.

In addition to micro-channels and -grooves, neurites
respond to nano-sized features as well. Foley et al. created
collagen-coated silicon substrates with grooves 70–
1900 nm wide, separated by 40–4000 nm (62). The dose
response of PC12 cells to NGF stimulation was examined
as a function of groove dimensions. In contrast to larger
feature sizes, neurite sprouting was greatly inhibited on
grooves with the smallest feature sizes (70 and 250 nm
width). Guided neurite outgrowth, however, was not cor-
related with groove size. The authors conclude that NGF
and topographical signals work cooperatively in control-
ling neurite outgrowth. Multiple types of cues, such as
these, may play roles in directing functional neural archi-
tectures during regeneration in vivo.

3.5. Advanced Materials

The microtechnologies discussed above provide powerful
opportunities for guiding and studying neural behavior in
vitro. Most work in this area, however, has been conducted
with nondegradable substrates (e.g., glass and silicon)
presenting only one type of guidance cue (e.g., patterned
lines or grooves). Several approaches have sought to le-
verage multiple cues by simultaneously combining guid-
ance technologies with materials that more closely mimic
in vivo microenvironments (63). For example, Miller et al.
focused on synergistic physical, chemical, and cellular
cues in designing degradable polylactic acid substrates
with microgrooves (1–4 mm deep, 10 mm wide, and spaced
10–20 mm apart), which were treated with laminin and
then seeded with rat sciatic Schwann cells (64). To dem-
onstrate their use, whole and dissociated dorsal root gan-
glion neurons were seeded on the substrates and neurite
behavior (e.g., outgrowth and alignment) was character-
ized for up to 5 days in culture. This combination of syn-
ergistic cues enabled greater than 98% alignment of the

neurites and resulted in more rapid neurite outgrowth
along the microgrooves.

In a three-dimensional system, Luo and Shoichet pho-
topatterned the adhesive peptide sequence RGD in se-
lected cylindrical volumes of agarose hydrogels (38,39).
These channels supported three-dimensional neurite
growth from dorsal root ganglion neurons embedded on
top of the gel. This approach is a key advance toward bulk
materials that mimic tissue physical properties (i.e., hy-
dration and pliability) as well as provide three-dimen-
sional cues to direct cell response (e.g., innervation).

3.6. Enabling Imaging Technologies

Despite the remarkable advances presented above, for-
ward progress is slowed by insufficient tools to quantita-
tively assess cellular behaviors over the complete time
course of regeneration. Imaging technologies, however,
are improving and await widespread adaptation in neuro-
biology and bioengineering laboratories. Ozturk and Er-
dogan, for example, demonstrated the use of
multidimensional long-term time-lapse microscopy for
monitoring nerve regeneration processes in vitro (65). In
collagen gel cultures of mouse dorsal root ganglion ex-
plants, cell type and the speeds of migration and neurite
outgrowth were tracked over 13 days. In addition to char-
acterizing cell–cell interactions over this time period, the
authors describe the specific time course of cellular activ-
ities, including rates of cell migration and neurite out-
growth from the explant (Fig. 4).

With regard to implantable materials, the success of
regeneration in vivo could also benefit from a more de-
tailed understanding of the physical structure of nerve
guides before and after implantation. To this end, Blacher
et al. devised a novel image analysis approach to quanti-
tatively correlate three-dimensional guide architecture
with the success of axonal ingrowth in vivo (66). Struc-
tural anisotropy and porosity were confirmed to be key
factors in impacting neurite orientation, length, and den-

(a1) (a2) (b) (c)

Figure 4. Multidimensional long-term time-
lapse microscopy of dorsal root ganglion explant
cultures reveals the time course of cellular ac-
tivity during regeneration in vitro. Extending
Schwann cell processes and growing axons
share morphological similarities that may lead
to misidentification in light microscopy studies.
By studying the time course of cell behaviors
over 13 days, Ozturk and Erdogan (65) noted
that Schwann cell extensions (arrowheads) look
much like axons but are clearly identified as
Schwann cells after their cell bodies (straight
arrows) appear. Moreover, in comparison with
neurites (wavy arrows), Schwann cell processes
grow more rapidly and with characteristic peri-
ods of extensions and retractions. Panels a, b,
and c depict separate mouse dorsal root gan-
glion explants (d, dorsal end; p, proximal end),
with a1 and a2 depicting the same explant at
two subsequent time points (190 min elapsed
between images). Reprinted with permission
from Wiley.
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sity within the scaffold. These two reports are key exam-
ples of new ‘‘four-dimensional’’ imaging technologies ap-
plied to nerve regeneration that may allow a deeper visual
understanding of dynamic cell behaviors and nerve guide
remodeling.

4. FUTURE DIRECTIONS

The growth of specific nerve fibers to their appropriate
targets remains a critical challenge barring improved pe-
ripheral nerve regeneration in the clinic (67,68). Misdi-
rected axonal growth is common in nerve cables
containing both sensory and motor neurons and can re-
sult in incorrect connections between motor and sensory
axons and their respective targets. Neurobiologists are
beginning to identify Schwann cell and extracellular ma-
trix factors that selectively promote either motor or sen-
sory axonal growth (67,68). Moreover, collaborative efforts
between bioengineers and neuroscientists are creating
new tools for studying axonal injury and regeneration in
vitro. For example, Taylor et al. reported a microfluidic
platform for the long-term culture and spatial compart-
mentalization of polarized primary neurons (69). Tissue
engineering approaches may provide new tools and tech-
nologies for incorporating these sophisticated cues into
new nerve guide designs to promote improved functional
recovery and regeneration.

5. CONCLUSIONS

Significant advances in nerve guide design and biomate-
rial substrate engineering have enabled a deeper under-
standing of how to promote specific neuronal and glial cell
behaviors. Similar advances in neurobiology, developmen-
tal biology, regenerative medicine, drug delivery, gene
therapy, and cell-based therapies will continue to drive
forward progress in this field. It is anticipated that future
advances in engineering multiple synergistic guidance
cues into more sophisticated tissue-mimetic devices will
allow dramatic successes in clinical peripheral nerve re-
generation.
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1. INTRODUCTION

Titanium was first discovered by William Gregor in Corn-
wall, England in the early 1790s and rediscovered and
named menachite by a German scientist, Franz Joseph
Muller (1). Because of the difficulty in extracting titanium
from the ore, it was not until 1910 that Matthew Hunter
was able to prepare commercially pure titanium (99.9%
titanium). However, it was not until 1946 that titanium
became commercially available. Titanium undergoes an
allotropic transformation at 8831C. The high -temperature
phase (b) is BCC, while the lower temperature phase (a)
has an HCP crystal structure. For titanium alloys, de-
pending upon the alloying elements present and the
thermo-mechanical treatment, the a phase, b phase, or
both the a and b phases may be found at room tempera-
ture. Near-a alloys contain a small amount of retained b,
but not an amount that is sufficient to allow the material
to be heat¼ - treated to alter properties. The main a
stabilizers found in implant materials are Al and inter-
stitial O2, N, and C. The main b stabilizing elements in
implants are V, Mo, Nb, and Ta (2). Different titanium
alloy classes are described later in the chapter. For
example, alloys covered by ASTM standards ASTM F136
(3) and F1472 (4) are a/b alloys, ASTM F2146 (5) is a near-
a alloy and ASTM F2066 (6) is a b alloy.

For many years the only titanium-base materials used
to make implants were commercially pure Ti and Ti-6Al-
4V ELI. Pure Ti used for implant applications (ASTM
Standards F67 and F1341) (7) is classified according to
four different grades depending upon the maximum
amounts of Fe and interstitial elements (O, N, C, and H)
that the material may contain. As the oxygen concentra-
tion increases from Grades 1 to 4, the strength of the
material increases, and the ductility decreases. Biocom-
patibility concerns raised about the V content in Ti-6Al-
4V (8–11) have led to the development, in recent years, of
Ti alloys with lower concentrations of V, and in some cases
lower concentrations of Al for implant use. These newer
alloys may contain various other primary alloying ele-
ments such as Nb, Mo, Zr, O, and Fe. The alloying
elements are classified according to whether they promote

stability of the a phase (a stabilizers) or the b phase (b
stabilizers).

2. EFFECTS OF COMPOSITION

2.1. a-Titanium Implant Alloys

As previously mentioned, Grades 1 through 4 commer-
cially pure (CP) titanium for implant applications achieve
their mechanical properties primarily through the addi-
tion of oxygen and are classified according to their tensile
strength. Table 1 gives the composition ranges for these
four grades as specified by ASTM F67 (12). The level of
hydrogen is rigidly controlled due to its embrittling effect
(hydrogen embrittlement). In addition to increasing the
oxygen level, these grades may also be strengthened by
work hardening. Grade 4 CP Ti is sometimes used in this
condition when extra strength is required for specific
applications. CP titanium in the annealed condition has
an equiaxed microstructure, as shown in Fig. 1a. With cold
working, the microstructure becomes twinned (Fig. 1b).

The two Ti-6Al-4V alloys, ASTM F136 ELI (extra low
interstitial) and ASTM F1472, differ primarily in the level
interstitial impurity elements that are permitted since
interstitials tend to have an embrittling effect, which is
particularly true in the case of hydrogen (13). Another of
the a/b alloys, which was developed to eliminate the V, is
Ti-6Al-7Nb (ASTM F1295 (14)). Again, as with all the Ti -
based alloys, the oxygen and hydrogen levels are carefully
controlled (Table 2). Since both the HCP and BCC phases
are present, the microstructure of these alloys is substan-
tially different than for CP titanium. Representative a/b
microstructures are shown in Figs. 2a and 2b.

A number of stable and meta-stable b-titanium alloys
that are being used for implant applications have been
developed over recent years specifically for that purpose.
Among the b-titanium alloys are Ti-13Nb-13Zr (15), Ti-
12Mo-6Zr-2Fe (16) (ASTM F1813 (17)), Ti-15Mo (ASTM
F2066 (13)). and Ti-35Nb-7Zr-5Ta (18). While this list is
not all inclusive, it is meant to represent the broad
spectrum of available alloys. The composition limits for
these alloys are also given in Table 2. As with the other
titanium alloys, these alloys as well as other b-titanium
alloys not mentioned have excellent corrosion resistance
and biocompatibility, good single cycle mechanical proper-
ties, including a lower modulus of elasticity, excellent
corrosion fatigue, and stress corrosion cracking resistance
(11,19–21). Figs. 3a and 3b show representative micro-
structures for these alloys, which have an equiaxed b
microstructure in the annealed condition and upon cold
working, the presence of twinning becomes obvious.

Table 1. Composition Values for Commercially Pure (CP) Titanium

Alloy and ASTM Specification N C H Fe O Ti

CP Titanium Grade 1 ASTM F67/1341 0.03 (max) 0.10 (max) 0.0125 (max) 0.20 (max) 0.18 (max) Balance
CP Titanium Grade 2 ASTM F67/1341 0.03 (max) 0.10 (max) 0.0125 (max) 0.30 (max) 0.25 (max) Balance
CP Titanium Grade 3 ASTM F67/1341 0.05 (max) 0.10 (max) 0.0125 (max) 0.30 (max) 0.35 (max) Balance
CP Titanium Grade 4 ASTM F67/1341 0.05 (max) 0.10 (max) 0.0125 (max) 0.50 (max) 0.40 (max) Balance
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An Ni–Ti shape memory alloy may be used for various
dental, orthopedic, and cardiovascular applications (wires
for braces, pace-maker leads, etc.). This material is based
on the Ni –Ti binary alloy containing 54.5%–57.0% Ni and,
and the shape memory is based upon formation of a
martensitic phase and the reverse transformation. The
desired final shape of the material is set at a temperature
above the Ms (martensite start temperature). The mate-
rial is then deformed to its temporary shape below the As

(the reverse transformation temperature). Upon subse-
quent heating above the As, the original shape is restored.
For pure Ni-Ti alloy, the transformation temperatures are
too high (As¼ 165.61C) for direct use in the oral cavity, but
alloying with Ti and Co (As¼ � 237.21C) can provide a
practical dental material. Recently an ASTM standard has
been developed (ASTM F2063 (22)) that provides guide-
lines for the material quality of Nitinol used for fabrica-
tion of surgical implants. Composition requirements are

given in Table 2, and a representative microstructure in
the annealed condition is shown in Fig. 4.

3. MECHANICAL PROPERTIES

Single -cycle mechanical properties of the titanium alloys
vary significantly with implant quality, Grade 1 CP tita-
nium having the lowest values and the a/b alloys having
the highest values. However, the modulus of elasticity is
lowest for the b-titanium alloys and highest for the a/b
alloys. The property ranges as defined by the appropriate
ASTM specification as a function of their metallurgical
condition, or from the literature for these alloys, are given
in Table 3 and Table 4. While CP titanium may be used in
the cold worked condition, the alloys are usually, but not
always, used in an annealed condition. The specified
mechanical properties do, however, depend upon diameter
or thickness. For conditions where the strength values are
the same, the specification for the most ductile condition is
listed in the table. The original ASTM standards have
mechanical property specifications for other sizes, work-
ing conditions, and heat treatments. The strength and
ductility properties of the a/b titanium alloys are roughly
comparable to the cold worked implant quality stainless
steels with the exception of the low nickel alloy covered by
ASTM F2229, but the stainless steels with the same
strength generally have greater ductility, while the tita-
nium alloys are about 50% lighter in weight (Ref 34). Also,
the elastic modulus of titanium alloys is less than that of
Co-base alloys and stainless steel.

The property requirements for the Nitinol shape-mem-
ory alloy are quite different in nature than for the other
implant -quality titanium alloys. While the minimum
requirements for annealed material are given in the
specification, changes in composition within the ranges
specified, as well as cold-working will alter the properties.
These differences provide the ability of the material to
perform the requirements for it’s unique applications.

One of the primary if not the primary mechanism of the
failure of implants made from titanium and its’ alloys is
fatigue. This observation is especially true for temporary
devices used for internal fixation and certain long -term
devices such as pace maker leads. One of the major
deficiencies in the comparison of the fatigue properties of
these alloys is that investigators have chosen a wide
variety of testing modalities and solutions making direct
comparisons impossible. The methodologies include bend-
ing (cantilever, three and four point), tension-tension,
rotating beam and tension-compression with no consis-
tency in frequency (1Hz to 450Hz) (15,16),(23–27). Solu-
tions include air at ambient temperature, glycerin at
ambient temperature, distilled de-ionized water at 371C,
Ringers solution at 371C and others. Since many of the
devices made of titanium alloys are porous coated to
provide bone in-growth, many investigators have per-
formed fatigue on porous coated samples using varying
techniques. Other investigators have chosen to evaluate
devices such as hip stems made of varying alloys and with
varying designs which provide information under those
particular conditions and not information on the alloy

250 µµm

(a)

(b)

25 µm

Figure 1. (a) Annealed Grade 4 CPTi Grain Structure @ 100x

(b) Cold Worded Grade 4 CPTi Grain
Structure @ 500x.
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Table 2. Composition Values for Implant Quality Titanium Alloy (Balance¼Titanium)

Alloy and ASTM
Specification N C H Fe O Al V Nb Ta Y Mo Zr Ni Co Cr Cu

Ti-6Al-4V ELI ASTM
F136

0.05
max

0.08
max

0.012
max

0.25
max

0.13
max

5.5–
6.50

3.5–4-
5

– – – – – – – – –

Ti-6Al-7Nb ASTM F1295 0.05
max

0.08
max

0.009
max

0.25
max

0.20
max

5.50–
6.50

– 6.50–
7.50

0.50
max

– – – – – – –

Ti-6Al-4V ASTM F1472 0.05
max

0.08
max

0.015
max

0.30
max

0.20
max

5.5–
6.75

3.5–
4.5

– – 0.005
max

– – – – – –

12Mo-6Z-2Fe ASTM
F1813

0.05
max

0.05
max

0.020
max

1.5–
2.5

0.008–
0.28

– – – – – 10.0–
13.0

5.0–
7.0

– – – –

b-Ti15Mo ASTM F2066 0.05
max

0.10
max

0.015
max

0.10
max

0.20
max

– – – – – 14.00–
16.00

– – – – –

Ti-3Al-2.5V ASTM F2146 0.020
max

0.050
max

0.015
max

0.30
max

0.12
max

2.50–
3.50

2.00–
3.00

– – 0.005
max

– – – – – –

Ni-Ti Shape Memory
ASTM F2063

– 0.070
max

0.005
max

0.050
max

0.050
max

– – 0.025
max

– – – – 54.5–
57.0

0.050
max

0.010
max

0.010
max

(a)

(b)

100 µm

100 µm

Figure 2. (a) Annealed Ti-6AI-4V ELI Grain Structure @ 200x
(b) Annealed Ti-6AI-7Nb Grain Structure @ 200x.
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Figure 3. (a) Annealed b-Ti-15Mo Grain Structure @ 100x (b)
Annealed b-Ti-35Nb-7.5Zr-5.5Ta Grain Structure @ 100x.
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itself (28). In light of this situation, ASTM F1801 (29) has
been only recently developed to provide a guideline for
fatigue testing which might facilitate comparison of dif-
ferent implant quality alloys.

Recent research by Roach et al. (19) investigated the
fatigue behavior of a series of Ti-based implant alloy
materials including a, a/b, and b alloys using the same
testing methodology and conditions. They tested notched
and smooth samples in 371C distilled de-ionized water and
Ringer’s solution at 5Hz according to ASTM F1801. No
difference was found in fatigue strength values between
the two test environments, indicating the presence of

chloride in this case did not adversely affect the fatigue
resistance. However, they did determine that there was a
pronounced weakening due to the presence of the notch.
The fatigue curves for notched and smooth samples as a
function of solution are seen in Figs. 5a and 5b, and the
fatigue notch factors, for the various alloys tested are also
shown. These results indicate that of the alloys evaluated,
Ti-6Al-7Nb exhibited the greatest fatigue resistance in
smooth sample, while b-Ti-15Mo showed the least fatigue
resistance in smooth samples. The trend was reversed for
notched samples with Ti-6Al-4V ELI showing the greatest
notch sensitivity in fatigue, while b-Ti-15Mo alloy showed
the least notch sensitivity.

Morphologically, the appearance of titanium alloy fati-
gue fracture surfaces is more complex than for the stain-
less steels (30–32). Since there are fewer operative slip
systems in the HCP lattice structure, cross slip is limited
and depending upon the local stress intensity and the
crystallographic orientation, regions of widely varying
striation density can be found in close proximity and a
variety of additional features, such as terraces, tearing

ridges, and dimples, may be present (19,27). Examples of
these fracture morphologies are shown in Figs. 6a through
6d.

Over the years, a plethora of research on the stress
corrosion cracking (SCC) behavior of CP titanium and the
titanium implant alloys has been performed. Because of
the use of CP titanium and alloys such as Ti-6Al-4V for
applications other than implants, much of the research
has been performed in media and at temperatures other
than those found in vivo. This research has resulted in the
determination that Grades 1, 2, and 3 CP titanium, as well
as the implant alloys, are immune to SCC in Cl- contain-

Table 3. Minimum ASTM Mechanical Property Requirements for Commercially Pure Titanium*

UTS (MPa) YS (MPa) El (%) ROA (%) EHardness Annealed

Alloy and ASTM Specifications ASTM Requirements Representative Values

CP Ti Grade 1 (a) ASTM F67/1341 240 170 24 30 88 HRB
CP Ti Grade 2 (a) ASTM F67/1341 345 275 20 30 96 HRB
CP Ti Grade 3 (a) ASTM F67/1341 450 380 18 30 96 HRB
CP Ti Grade 4 (a) ASTM F67/1341 550 483 15 25 100 HRB

*(a) annealed

Table 4. ASTM Mechanical Property Requirements* for Implant Quality Titanium Alloys

Alloy and ASTM Specifications
UTS (MPa) YS (MPa) El (%) ROA (%)

ASTM Requirements

Ti-6Al-4V ELI (a) ASTM F136 860 795 10 –
Ti-6AI-7Nb (a) ASTM F1295 900 800 10 25
Ti-6AI-4V (a) ASTM F1472 930 860 10 25
12Mo-6Z-2Fe (a) ASTM F1813 931.5 897 12 30
b-Ti15Mo (a) ASTM F2066 690 483 20 60
Ti-3AI-2.5V (a) ASTM F2146 621 517 15 –
Ti-3AI-2.5V (cw) ASTM F2146 862 724 10 –
Ni-Ti Shape Memory Alloy (a) ASTM F2063 551 – 10o50mm dia. 5>50mm dia. –

*(a)¼ annealed �(cw)¼ typical cold worked value

25 µµm

Figure 4. Annealed Ni-Ti (Nitinol) Shape Memory Alloy Grain
Structure @ 500x.
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ing solutions at levels found in vivo and at in vivo
temperatures. However, it is possible, although not prob-
able, that in cases of severe infection or where for other
reasons, the pH at the metal surface is very low, and the
stress on the implant is quite high, SCC could occur. A
number of studies have been performed to examine the
SCC behavior of CP titanium with higher oxygen concen-
trations in seawater and 3.5% NaCl solutions at elevated
temperature (33–35). These as well as numerous other
studies have determined that under certain conditions, CP
titanium with an oxygen concentration greater than
0.25% may be susceptible to SCC. Other research has
suggested that SCC crack propagation rates may be
increased in Grade 4 CP titanium under certain in vivo
conditions (36,37). Some investigators have shown no
difference in SCC behavior in samples tested at 371C in
de-ionized distilled water and Ringers solution using the
slow strain rate method (38,39). Additionally, no evidence
of SCC of devices made from titanium or its alloys has
been reported from retrieval studies. Table 5 gives results

of slow strain rate SCC for representative s, s/b, and b
titanium alloys.

4. CORROSION AND BIOCOMPATIBILITY

One of the major reasons for the use of titanium for
implants is its resistance to corrosion. As with stainless
steel and Co-based implant alloys, these alloys gain their
electrochemical stability from the formation of a thin,
tenacious oxide film (passivation). Anodic polarization
plots of potential (E) vs. current density (i) for several
alloys are seen in Fig. 7 and the values of Ecorr (corrosion
potential), Icorr (corrosion current), Epass (passivation po-
tential), and Epit (pitting potential ) (40,41) are given in
Table 6. These values are indicative of the stability of the
oxide film that results in excellent corrosion resistance.
All of these values, as compared to those of implant -
quality stainless steels, are far superior (42,43), resulting
in a lower probability of corrosion due to breaking down of
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the passive oxide film assuming that the oxide surface of
the implant is not breeched. As relates to these para-
meters governing the corrosion behavior of cobalt-chro-
mium alloys used for implants, not only do these values

compare favorably with titanium but the oxide surface is
more resistant to abrasion and wear (44,45).

There are, however, instances where the corrosion
behavior of the titanium alloys may be compromised.

(a) (b)

(c) (d)

Figure 6. (a) Grade 4 CPTi Fatigue Fracture Surface Morphology – Note Furrows and Striations.
(b) Grade 4 CPTi Fatigue Fracture Surface Showing Fluting and Terraces. (c) Ti-6AI-7Nb Fatigue
Fracture Surface Morphology Showing Fine Striations. (d) Beta Ti-15Mo Fatigue Fracture Surface
Showing Furrowing and Striations.

Table 5. SCC Results for Smooth and Notched Samples (n¼3)

Smooth SCC Samples Notched SCC Samples (Kt¼3.2)

Alloy Composition and ASTM Specification Solution ROA1 (%) Elongation (%) PER2 ROAR3 ROA (%) (%) Notch Elongation PER ROAR

CP Ti Grade 4 ASTM F67 DI4 56.872.2 26.370.4 1.01 1.02 16.271.5 43.975.5 0.92 0.95
Ringers 58.071.1 26.570.5 15.471.7 40.371.9

Ti-6Al-7Nb ASTM F1295 DI4 71.571.7 18.570.6 1.00 1.00 34.671.3 68.872.1 0.95 1.03
Ringers 71.371.4 18.570.2 35.670.2 65.779.2

Ti-6Al-4V ELI ASTM F136 DI4 55.870.8 14.070.2 0.97 1.00 13.170.0 26.171.8 0.94 0.98
Ringers 55.971.8 13.670.5 12.870.3 24.570.9

b-Ti-15Mo ASTM F2066 DI4 78.971.0 29.670.1 0.98 0.99 60.572.8 10.570.3 0.99 1.00
Ringers 78.571.0 29.270.5 60.772.2 10.470.9 – –

1ROA¼ reduction of area.
2PER¼percentage elongation ratio.
3ROAR¼ reduction of area ratio,
4DI¼distilled/de-ionized water
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Because of the relatively poor resistance of titanium and
its alloys to abrasion and wear, the wear of bearing
surfaces on joints (46) has been documented. Additionally,
fretting and crevice corrosion have been shown to be a
problem especially in joints such as hip prosthesis where
the stem is titanium and the head is another, harder
material such as Co–Cr. Since these components fit to-
gether in a taper joint, fretting and crevice corrosion may
occur (47,48). As previously mentioned in cases of low pH
at the metal surface, corrosion may occur due to break-
down of the passive layer leading to pitting.

All of the titanium implant alloys with ASTM stan-
dards have been evaluated for biocompatibility. These
alloys have been shown to have excellent compatibility
with both hard and soft tissue. Indeed, the surface inter-
action of the passive oxide films is so inert that bone in-
growth into porous surfaces provides the mechanism for
stabilization of many prostheses.

5. SUMMARY

Because of the high level of biocompatibility, low level of
corrosion, and excellent mechanical properties, titanium
and many of its alloys have found extended use as the
metal of choice for many implant applications. In addition,
because of these properties there continues to be research
on the properties of these alloys as well as prolific research
and development of new titanium alloy systems. The

newer b-titanium alloys have shown promise for applica-
tions where a lower modulus of elasticity is desirable.
Newer alloys being developed must meet the primary
requirement of biocompatibility as well as having the
desired mechanical properties.
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Transcranial magnetic stimulation (TMS) (1–3) is a non-
invasive method that activates neurons in the brain. A
brief magnetic field pulse generated outside the head in-
duces weak electric currents within the cranium, leading
to neuronal firing. Behavioral, electrophysiological, or
metabolic consequences of the stimulation reveal a great
deal about cerebral circuitry and its well-being as well as
mechanisms underlying brain function.

Being safe, quick to apply, and easily interpretable,
TMS is a powerful tool to probe and study cerebral func-
tion and functionality in a direct and objective way. TMS is
increasingly applied to clinical diagnosis, therapy, and re-
habilitation. When combined with accurate targeting and
other neuroimaging tools such as magnetic resonance
imaging (MRI) or electroencephalography (EEG), it be-
comes a sophisticated brain-mapping tool with a vast rep-
ertoire of possible applications. We can, for the first time,
for example, measure local reactivity of the cortex as well
as functional connectivity between different brain areas.

The immediate effect of TMS is to activate neurons in
the brain by depolarizing excitable membranes and
thereby triggering action potentials. However, the method
can be used in a wide variety of ways. First, by measuring
the electrophysiological response of the brain or the mus-
cles to magnetic pulses, one can study the local excitability
of the cortex, area-to-area functional connectivity, or the
integrity of motor pathways. Second, by disturbing ongo-
ing neuronal signal processing in the brain and observing
which functions are affected, one can study cortical areas
that are important for specific tasks. Third, repetitive
TMS is increasingly used in trials to treat patients with
disorders such as depression, schizophrenia, epilepsy, or
tinnitus. Depending on stimulation parameters, repeated
application of TMS may either inhibit or facilitate cortical
excitability or responsiveness Fig. 1.

1. HISTORY OF TMS

Magnetic stimulation of the human brain was attempted
back in 1896 when the French scientist and engineer d’Ar-
sonval placed a volunteer’s head inside a coil that was en-
ergized by a 30-ampere current oscillating at 42 Hz. This
weak stimulation produced in the subject visual sensa-
tions, so-called phosphenes; similar observations were
made later by several other researchers. However, accord-
ing to present understanding, the phosphenes were not
produced by brain stimulation but by the activation of the
retina.

The first successful TMS experiment was performed in
Sheffield, England, in 1985, when Barker et al. (1985) (1)

stimulated the motor cortex, observing muscle responses.
The early use of the technique was limited mainly to stud-
ies of neural conduction from the brain to the periphery:
e.g., when the hand representation area of the motor cor-
tex is stimulated, a twitch of the contralateral thumb may
be observed provided that the cortex is healthy and the
neural pathway is intact. TMS thus became used as a
noninvasive method for the study of neural conduction,
allowing one to diagnose the condition of central motor
pathways.

A new, extraordinary TMS paradigm was introduced by
Amassian et al. (1989) (4): they showed that magnetic
pulses can transiently disturb information processing in
selected portions of the cortex. A subject’s performance in
a character identification task was impaired when single
magnetic pulses were administered between 60 and
140 ms after the onset of the visual stimulus; a temporary

Figure 1. Modern magnetic stimulation. The magnetic pulses
are delivered to target locations in the brain on the basis of in-
dividual MRI images with the help of software that calculates the
induced current distribution in the brain. The EEG cap is used to
record the TMS-evoked potentials, which provide information
about the cortical excitability and area-to-area connectivity.
(Courtesy of Nexstim Ltd., Helsinki, Finland.)
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functional lesion had been created. This lesion paradigm
has been subsequently used in a variety of experiments.
Pascual-Leone et al. (1991) (5) showed that by applying
repetitive TMS (rTMS) to language areas in the dominant
hemisphere, speech production can be arrested. Miller et
al. (1996) (6) showed that the optimal latency for TMS
suppression of visual detection depends on target lumi-
nance, thereby showing the power of magnetic stimulation
in timing sequential processes in the brain. Seyal et al.
(1995) (7) found that parietal-lobe stimulation elevates
contralateral sensory thresholds for detecting tactile stim-
uli. Cohen et al. (1997) (8), on the other hand, disrupted
Braille reading in blind subjects with visual-cortex stim-
ulation, whereas in control subjects tactile processing re-
mained intact during visual-cortex stimulation. Direct
evidence was therefore obtained for the assertion (9,10)
that the brain of the blind is modified so that the visual
cortex performs some nonvisual functions it would not do
in the sighted.

A large number of therapeutic applications of TMS
have been reported after George et al. (1995) (11) treated
medication-resistant depressed patients by applying
rTMS to the left dorsolateral prefrontal cortex. This is
an area where neuronal activity appears to be lowered in
severe depression. After daily sessions of treatment for at
least 5 days, two out of 6 subjects showed robust mood
improvement. Several other authors (e.g., (12,13)) have
subsequently reported positive results on depressed pa-
tients as well as on other patient groups, but it is still too
early to draw final conclusions on the efficacy of TMS
therapy (14–16). In any case, there is hope that rTMS may
replace the inconvenient electroconvulsive therapy (ECT)
at least in some cases of drug-resistant depression. Ziem-
ann et al. (1996) (17) studied effects of epileptic drugs on
motor cortex excitability using TMS, opening the way to a
promising new paradigm. With pharmaceutical studies,
new kinds of information of cellular-level mechanisms in
vivo can be obtained and the efficacy of drugs in individual
patients can be assessed. It has even been suggested that
the testing of epileptic patients with TMS may be very
useful in deciding the antiepileptic treatment.

Therapeutic trials have been performed to try to reduce
auditory hallucinations, chronic pain, tinnitus, and epi-
lepsy with varying results. Scientific and diagnostic ap-
plications are even more variable, and there is a clear need
for controlled studies to elucidate the therapeutic useful-
ness of TMS.

Currently, TMS is used increasingly in combination
with other brain imaging methods such as MRI, PET, or
EEG. It has become possible to target the stimulus quite
accurately to specified cortical sites, and it seems that
techniques will be refined further to make TMS a high-
precision tool for selective activation of functional areas or
subpopulation of neurons. Accurate targeting was essen-
tial in the work of Hannula et al. (2005) (18), who stim-
ulated the somatosensory cortex. When TMS was
administered to the hand area 20 to 100 ms after weak
electrical stimulation of the corresponding skin, the sub-
jective sensation could be abolished, whereas an earlier or
later stimulus did not have an effect. Also, if the stimulus

was delivered 12 mm away from the optimal site, no de-
gradation of sensation was observed.

2. MECHANISMS AND TECHNIQUES OF TMS

Transcranial magnetic stimulation is based on electro-
magnetic induction: a brief but very strong electric cur-
rent is fed to a coil placed over the scalp; this current
produces a transient magnetic field that penetrates the
scalp and the skull, inducing weak electric currents in the
brain. The strength of the magnetic field is up to a few
tesla on the surface of the coil casing and about half of that
in the superficial part of the brain. The induced electric
field is on the order of 100 V/m in the cortical tissue. The
head is transparent to magnetic fields used in TMS, i.e.,
the magnetic field pattern from a coil is not appreciably
altered by the presence of the head in the vicinity. How-
ever, the electric field generated by the changing magnetic
field does depend on the conductivity structure of the head
in a significant way. The most conspicuous consequence of
the volume conductor geometry is that the macroscopic
electric current produced by TMS is always (regardless of
coil orientation) tangential, i.e., parallel to the surface of
the skull.

The magnetic field itself has practically no effect on the
tissue; it is the electric field induced by the changing mag-
netic field that causes ion flow in the brain. The induced
current tends to follow low-resistance pathways within
the cellular matrix. When this electric current passes
through a cell membrane, the transmembrane potential
is altered and the probability of firing of the cell is
changed. It is not known which cortical cell types or which
of their parts are most easily activated by TMS. Excitation
probably takes place best in the soma or at bends of cell
processes or at synaptic terminals (19).

If the hand area of the motor cortex is stimulated with
TMS, one can observe so-called motor evoked potentials or
MEPs by measuring the electromyogram (EMG) from the
corresponding hand muscles. The MEP peaks about 20 ms
after the TMS pulse has been applied. If the affected mus-
cle is in a state of voluntary contraction during TMS, one
can observe the disappearance of high-frequency EMG
signals. This attenuation of EMG for about 100 ms is
called the cortical silent period, meaning that TMS is
able to silence the cortex for a brief moment. Although
TMS activates both excitatory and inhibitory neurons, lo-
cal excitation is quickly suppressed by the influence of the
inhitory neurons. However, if TMS is given at a high rate
such as at 10 Hz, the excitatory influence will dominate.
By varying the pulse frequency, one can emphasize either
the excitatory or inhibitory effect of TMS.

2.1. TMS Equipment

The field strength of up to several tesla required in mag-
netic brain stimulation is achieved by discharging a large
capacitor, charged at several kilovolts, through a coil
placed over the scalp; the resulting current pulse of up
to 10,000 A lasts less than a millisecond, the rise to max-
imum field strength being less than 100ms.
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The focality of stimulation depends on the type of coil
and on its distance from the head, small coils pressed
against the scalp generally producing the most focal stim-
ulation. In early magnetic stimulators, circular coils were
used; better focus can be obtained with the figure-of-eight
coil. While focusing is possible tangentially, it is not pos-
sible to focus in depth even with combined magnetic and
electric fields (20). In other words, the maximum induced
electric field is always at the most superficial part of the
brain.

With proper design of the coils, we can improve the fo-
cality of stimulation, minimize energy usage, eliminate
problems from heating, and minimize the high electro-
magnetic forces giving rise to the disturbing click sound.
For focality and minimal energy usage, the coil should be
brought as close to the head as possible. The use of small
coils to achieve the best possible focality is limited by the
very high currents required.

Although single-channel TMS devices are extremely
versatile and effective, the use of arrays of magnetic stim-
ulators would bring distinct benefits (21–23). By forming
linear combinations of magnetic fields from multiple coils,
one can achieve better focality and especially the possibil-
ity to adjust the hot spot of stimulation without the need to
move the device with respect to the head. Multichannel
stimulators would also provide the possibility for complete
computer control of a stimulation session, allowing pre-
programmed stimulus sequences that may also depend on
feedback from muscle or brain responses.

3. NAVIGATED BRAIN STIMULATION (NBS)

In most TMS studies, the coil is placed over the head by
using external landmarks on the skin or by trial and error
until the desired response (e.g., thumb twitch) is gener-
ated. In contrast, in Navigated Brain Stimulation (NBS),
the stimulator coil is positioned over the target location on
the basis of individual MRI (22,24–29).

Because of the strong dependence of the magnetic field
on the distance from the coil, even millimeter-level
changes in the position or small changes (even 10 degrees)
in its orientation may change the induced field consider-
ably. Therefore, stimulation amplitudes are typically se-
lected on the basis of muscle response thresholds, but this
is not satisfactory when other than motor areas are stud-
ied. An alternative is to use stereotactic or navigated TMS
to select the level of the induced field instead of selecting
stimulus amplitude as a percentage of the maximum stim-
ulator output or on the basis of the individual motor
threshold or cortical response.

4. TMS COMBINED WITH PET

Paus et al. (1997) (26) combined TMS and positron-emis-
sion tomography (PET), introducing a new technique per-
mitting the mapping of neural connections in the living
human brain. While stimulating a selected cortical area,
they simultaneously measured changes in cerebral blood
flow. The exact location of the stimulation site was
achieved by frameless stereotaxy. They found significant

correlations between cerebral blood flow and the number
of TMS pulse trains, demonstrating functional connectiv-
ity from the left frontal eye field (FEF) to visual areas in
the superior parietal and medial parieto-occipital cortex.

Fox et al. (1997) (30) stimulated the hand area of the
left primary motor cortex (M1) with TMS while blood flow
was recorded with PET. At the stimulated site, TMS in-
creased blood flow by 12–20%. Remote increases in blood
flow were observed in ipsilateral primary and secondary
somatosensory areas, in ipsilateral ventral, lateral premo-
tor cortex, and contralateral supplementary motor area.
Reduced blood flow was observed in contralateral M1.

5. TMS COMBINED WITH EEG

Electrophysiological cortical responses elicited by TMS
were first measured with EEG by Cracco et al. (1989)
(31) and by Amassian et al. (1992) (32). The early mea-
surements were difficult because of the huge artefacts
produced by the strong TMS pulses. Recently developed
methods have succeeded in eliminating these artefacts,
allowing the recording of EEG in the presence of the TMS
pulses (19,33,34).

NBS combined with EEG allows the direct measure-
ment of the local excitability and area-to-area functional
connectivity of the cortex (33,35). This provides new ways
to study the functional state and well-being of the cortex
and its circuits.

A key feature in avoiding the stimulus artefact is a
sample-and-hold circuit that keeps the amplifier output at
a constant level during the pulse. Although the stimulus
artefact can be dealt with by a hold period of just 1 ms, one
often observes artefacts from muscles activated by the
TMS pulse, in particular when the lateral aspect of the
head is stimulated. These can often be handled with by a
longer hold period, although at the expense of losing data.

Although the TMS-evoked responses are quite strong,
averaging is required to obtain a good signal-to-noise ra-
tio. High-quality curves can be obtained by averaging 50–
100 individual responses. One should keep in mind that
we do not yet know how many stimuli can be delivered in
the same cortical location without risk; therefore, one
should limit the number of pulses to the minimum re-
quired in a given experiment. By recording the cortical
response just milliseconds after a TMS pulse, one can ob-
tain an index of the local reactivity of the cortex; subse-
quent millisecond-to-millisecond activity reflects also
corticocortical and transcallosal connectivity.

In one set of experiments, motor and visual cortices of
volunteers were stimulated (33). The stimulation of the
left sensorimotor hand area elicited an immediate strong
response at the stimulated site. The activation spread to
adjacent ipsilateral motor areas within 5–10 ms and to
homologous regions in the opposite hemisphere within
20 ms. Similar activation patterns were generated by mag-
netic stimulation of the visual cortex: after the immediate
ipsilateral response, the contralateral response was ob-
served at about 20 ms. To locate the activity underlying
the observed signals, various source modeling techniques
can be used. When only one area of the cortex is active,

TRANSCRANIAL MAGNETIC STIMULATION 3



which may be a reasonable approximation in many cases,
dipole modeling is appropriate. In more complicated cases,
continuous current estimates are more reliable in indicat-
ing the active areas. Minimum-norm estimation (36) can
be used to observe the evolution of TMS-evoked brain ac-
tivity, although original data and potential maps must al-
ways be carefully studied, in order to evaluate the quality
of the data and to detect possible artefacts. One advantage
of EEG is that it provides direct information about the
timing of signals transmitted from the stimulated site to
other areas. It is also possible to combine sensory evoked
potential and TMS studies (37). A potentially useful ap-
plication of EEG might be the early detection of approach-
ing seizures during rapid-rate TMS treatment.

New ways to use of TMS–EEG include that of Nikulin
et al. (2003) (38), who proposed that the TMS-evoked com-
ponent N100 reflects inhibition and could be used to map
the excitation state of the cortex. When measured from the
motor cortex, N100 was found to be reduced markedly
when the subject was about to perform a visually timed
finger movement. Another new proposal comes from Ko-
mssi et al. (2004) (39), who deliberated on how the EEG
response amplitude depends on TMS intensity. At small
intensities, only those neurons are triggered that are al-
ready near the firing threshold. As the intensity is in-
creased, neurons further away from the threshold are
activated as well. Based on this analysis, they conclude
that the measured intensity–amplitude curve can reveal
significant information about the distribution of mem-
brane potentials in the area under study. This may be
useful, for example, in the study of the efficacy of new
pharmaceuticals in humans provided that these sub-
stances change the distribution of membrane potentials.

6. SAFETY

Safety of TMS is of key importance to the patients, to the
volunteer subjects, and to the success of the field in gen-
eral. There is a significant risk of an epileptic seizure
when rapid-rate TMS (stimulus rate 5/second or more) is
used. Several guidelines for minimizing such risks have
been suggested, for example by IFCN (International Fed-
eration for Clinical Neurophysiology). Even when the
guidelines are followed, patients or subjects who are sen-
sitive to brain stimulation or who have a history of sei-
zures may be at increased risk during a TMS session.
However, these risks have not been properly quantified.

We give here only a brief, partial list of precautions;
consult the literature to obtain more thorough recommen-
dations (e.g., (40–42). (1) Avoid large numbers of stimuli
per subject and cortical area, (2) avoid unnecessarily high
stimulation rates or amplitudes, (3) make sure that com-
petent personnel is available in the case of a seizure or
other hazards, (4) do not perform TMS to people with in-
tracranial metallic or magnetic materials, (5) protect the
ears of the patient and yourself from the click produced by
the stimulator, (6) in EEG studies, use slitted electrodes to
avoid their excessive heating, (7) document and report to
the TMS community any ill effects from TMS with the ex-
perimental paradigm used.

Note also that magnetic stimulation may disturb
nearby electronic devices such as cardiac pacemakers,
hearing aids, or any other implanted electrical devices.

7. FUTURE DEVELOPMENTS AND CHALLENGES

In the future, state-of-the-art TMS systems may incorpo-
rate mechanisms to automatically move the stimulus from
one location to another. A straightforward way to achieve
this would be to build programmable, computer-controlled
robots that move the coil. A more versatile, but more ex-
pensive way would be to stimulate the brain by means of
superposed fields from an array of small coils in a helmet-
like arrangement (21,23). The current amplitude in the
coils would be individually controlled, making it possible
to move the stimulated spot electronically to any desired
location without moving the coils themselves. This kind of
electronic targeting could give a dramatically improved
accuracy and specificity of stimulation. The activating
field can be focused on a smaller volume of critical tissue
with an array of coils than with the traditional single-coil
equipment.

TMS offers a new modality in brain mapping. While CT
and MRI give us information on anatomy, MEG and EEG
about electrical events, fMRI and PET about hemodynam-
ics, PET and SPECT about metabolism and transmitter
distribution, TMS can provide maps of reactivity and con-
nectivity. Magnetic stimulation can be used to influence
the brain in order to test scientific hypotheses or to obtain
diagnostic information. TMS appears to become also a
major therapeutic modality, although much work needs to
be done to verify results obtained so far. With many new
paradigms to come, the future of TMS as a brain mapping
tool seems very bright.
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1. INTRODUCTION

Since the invention of the first implantable pacemaker in
1958 (1), wireless implantable microelectronic devices
(IMDs) have been significantly improved by going through
many generations. They have made it possible to treat a
wide range of ailments and disabilities from bradycardia
(2,3) and chronic back pain (4) to epilepsy (5) and deafness
(6–11). IMDs have the potential to alleviate more challen-
ging types of disabilities such as blindness (12–18) and
paralysis (19–23). These devices need to transmit and
receive information wirelessly across the skin barrier as
breaching the skin with interconnect wires would be a
source of morbidity for the patient and significantly in-
creases the risk of infection.

IMDs can be divided in autonomous and sensory de-
vices which, in turn, results in different requirements for
the wireless telemetry system. Autonomous devices such
as pacemakers, cardioverters, and deep-brain stimulators
usually have a small number of stimulating sites (o5),
low stimulus pulse rates (o500/s), and low power require-
ments. The anatomical location of implantation for most
autonomous devices in the body allows them to be large
enough to contain an energy source that would last for
several years. Their autonomous operation limits the need
to communicate with the external world to only occasional
adjustments and interrogations, which can take place at
low data rates. On the other hand, in sensory prosthetic
devices—those that interface with the central nervous
system (CNS) to restore a sensory function such as hear-
ing or vision—the quality of perception enhances with the
number of stimulating sites/electrodes and the rate of
stimulation (6–10,24–26). These latter devices may stimu-
late the neural tissue by means of tens to hundreds of
stimulating channels and, consequently, they generally
require considerably more power and communication
bandwidth than autonomous devices. Future visual pros-
theses might even go beyond one thousand sites to better
provide the most important visual functions to the blind
such as mobility without a cane, face recognition, and
reading (12,27–29). Thus, sensory prosthetic devices
usually require an inductive link between two (or more)
magnetically couple coils for the transmission of power
and data to the implanted device.

The following article focuses on the fundamental prin-
ciples of wireless telemetry and provides insight relative
to the choice of design parameters, frequencies of opera-
tion, modulation schemes, methods of analysis, and elec-
tromagnetic safety.

2. PHYSICAL PRINCIPLES

The main physical principle behind the operation of tele-
metry coils is based on Faraday’s law, which states that
when the total magnetic flux through a loop, defined as the
integral over the surface enclosed by the loop of the
magnetic flux, varies with time, a current is induced in
the loop itself, which, in turn, results in an electromotive
force (EMF) induced in the loop. Thus, a primary loop will
generate the varying magnetic field that concatenates
with the secondary loop, resulting in an induced current
in the secondary loop.

For the design of a telemetry system, a number of
parameters directly associated with the coupling de-
scribed above must be considered. In particular, the con-
cepts of self- and mutual inductances are the basis for the
design of an inductive telemetry system. In the following,
some analytical approximations of self- and mutual in-
ductances for common coil configurations and their role in
the design of the telemetry system will be briefly provided.
Detailed theory of coil coupling can be found in a number
of sources, including Refs. 30–32.

2.1. Inductance and Inductive Coupling

Self-inductance is the ratio of the magnetic flux generated
in an area enclosed by a conductor loop to the current
passing through the loop. According to Ref. 33, for the
condition of r/R{1, where r is the radius of the wire, the
self-inductance of a circular loop with radius of R is
approximately

L R; rð Þ � m0R ln
8R

r

� �

� 2

� �

: ð1Þ

For the case of circular coils with N turns, if d, the coil
length is much smaller than R, the self-inductance is
approximately equal to N2L, where L is the self-induc-
tance of a single-turn loop derived in Equation 1. Whereas
for the case of planar spiral coils having N turns with
different radii Ri (i¼ 1, 2, y N), the overall self-induc-
tance should be calculated from

L¼
X

N

i¼ 1

L Ri; rð Þþ
X

i¼N

i¼ 1

X

j¼N

j¼ 1

Mij Ri;Rj;dr¼ 0
� �

1� ai;j
� �

; ð2Þ

where aij¼ 1 if i¼ j, and ai, j¼ 0 otherwise (33).
Mij is the mutual inductance between two conductor

loops, which depends on the proportion of the magnetic
flux generated by one loop that passes through the other
loop (flux coupling). Therefore, it highly depends on their
geometries, relative orientation, and magnetic properties
of the medium. In a simplified case for two parallel coaxial
circular coils in the air with radius and number of turns of
the transmitter coil to be Rt and Nt, and those of the
receiver coil, Rr and Nr, and their relative distance dr,

MtrðRt;Rr;drÞ ¼
pm0 NtR

2
t NrR

2
r

2
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ðR2
t þd2

r Þ
3

q : ð3Þ
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In order to more accurately calculate self- and mutual
inductances of coils with various geometries, one should
either use tabulated parameterized equations (34,35) or
coil analysis software such as FastHenry (36).

In addition to distance and geometry, alignment of the
coils has a significant effect on their mutual inductance.
Soma et al. analyzed the effects of coils misalignments in
Ref. 37. For example, if one of the coils is tilted by an angle
y, their mutual inductance reduces by a factor of cos(y)

Mtrðdr; yÞ¼Mtrðdr; 0Þ cosðyÞ: ð4Þ

One can normalize the mutual inductance between two
coils to get a qualitative sense of how strongly they are
coupled and compare the coupling between different pairs
of coils. The coupling coefficient, k, between two coils with
self-inductance, Lt and Lr, is defined as

k¼
Mtr
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

Lt�Lr

p 0 � k � 1: ð5Þ

Assuming RroRt, the coupling coefficient in this case
can be approximated by (38)

k0ðdrÞ ¼
R2

t R
2
r

ffiffiffiffiffiffiffiffiffiffiffi

RtRr

p ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

ðR2
t þd2

r Þ

q

� �3
: ð6Þ

As a result of Equation 4, k also depends on coils
orientation and alignment

kðdr; yÞ¼ k0ðdrÞ cosðyÞ: ð7Þ

According to Equation 7, in order to minimize k between
two planar coaxial coils at a certain distance dr, their
plains should be at right angles. On the other hand,
parallel, perfectly aligned coaxial coils would provide
maximum k.

3. POWER TRANSMISSION

3.1. Implantable Power Receiver

In the most simplified case of transcutaneous power
transmission across an inductive link, shown in Fig. 1, a
time-variant current it(t) in the external (transmitter) coil
Lt generates a time-variant magnetic field, part of which
passes through the implanted (receiver) coil Lr. This part
of the time-varying magnetic field generates voltage Vtr

across Lr because of its mutual inductance M with Lt. Vtr

passes current ir(t) through RL, which represents the IMD
circuitry power consumption as a load resistor. ir(t) also
causes some voltage drop across the secondary coil para-
sitic resistance Rr. For sinusoidal waveforms, part of Vtr¼

joM � it that appears across the load VL can be calculated
from

VLðjoÞ¼ joM � it � joLr � ir � irRr: ð8Þ

Substituting ir with Vtr/RL gives VL as a function of it
and other circuit parameters

VLðjoÞ¼
joM � it

1þ joLr þRr

RL

: ð9Þ

The IMD received power can be derived from

PL¼
V2

L

RL
: ð10Þ

Therefore, to increase the power transmission efficiency
for a constant RL, VL should be maximized. To signifi-
cantly increase VL, a capacitor Cr is usually added in
parallel to Lr to form a parallel resonance LC-tank circuit.
The resonance frequency of the implant LC-tank circuit is
tuned to match that of the external transmitter carrier
frequency fC

fres¼
1

2p
ffiffiffiffiffiffiffiffiffiffiffiffiffiffi

Lr � Cr

p ¼ fC: ð11Þ

In choosing Cr, one should also consider the parasitic
capacitance of the implant coil, interconnects, and the
input capacitance of the stage following the LC-tank
circuit, which is usually a rectifier block. If the sum of
all these parasitic capacitors is represented by Cp, then Cr

¼CpþCL, where CL is the capacitance that is physically
added to the circuit. Figure 2 shows the equivalent circuit
of an inductively powered IMD system. By substituting RL

with RL||Cr in Equation 9

VLðjoÞ¼
joM � it

1þðjoLrþRrÞ
1
RL
þ joCr

� � : ð12Þ

Figure 3 (38) compares the magnitude of the received
voltage for a coil alone Equation 9 and a resonance circuit
Equation 12 in a wide range of frequencies. It can be seen
that at frequencies well below fres, received voltages are in
the same range. However, at resonance, the LC-tank
circuit produces a voltage that is about one order of
magnitude larger than a pure inductive circuit.

To understand the effects of other receiver circuit
parameters in Fig. 2, including Rr, RL, and Lr, the receiver

Figure 1. A simplified wireless link circuit diagram between two
inductively coupled coils. RL represents the implantable device
loading on the receiver coil.
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circuit quality factor (Q-factor) can be defined as follows
(38):

Qr¼
1

Rr �

ffiffiffiffi

Cr

Lr

q

þ 1
RL
�

ffiffiffiffi

Lr

Cr

q ¼
1

Rr

oLr
þ oLr

RL

: ð13Þ

Qr indicates the range of frequencies over which the
receiver circuit exhibits resonance. 1/Qr or the circuit
damping is proportional to the fraction of the stored
energy in the LC-tank circuit that is lost in the resistive
components in every carrier cycle. Therefore, it can be
concluded that a higher Qr can result in a larger VL and
higher efficiency. It can be seen from Equation 13 that for
Rr-N or RL-0, Qr tends to be very small. For any other
pair of (Rr, RL) parameters, Equation 13 can be used as a
good guideline in selecting Lr such that Qr would be
maximum (38). Figure 4 shows how Qr varies with Lr

when (Rr, RL)¼ (1O, 1 kO) at f¼ 1MHz.

3.2. External Power Transmitter

In the simple analysis provided above, only the implan-
table receiver circuit on the right side of Fig. 2 was
considered. In a more detailed analysis, the entire trans-
mitter circuitry on the left side of Fig. 2, which is often a
series LC resonant circuit, should be included in the
analysis. In this figure, Rt corresponds to the primary
coil ohmic losses because of wire resistance of the trans-
mitter coil, Lt. The voltage across the pure inductive part
of the transmitter coil, Lt, has two components. First is VLt

¼ joLt � it, which results from the self-inductance of Lt

when it passes through it. Second is Vrt¼ joM � ir, which
represents the effect of the secondary current, ir, on the
primary side as a result of the coils mutual inductance, M.

PA is a power amplifier that converts the DC power of
an external battery to an AC signal at the carrier fre-
quency fC. Since the higher harmonics of the PA output
will be significantly damped by the LtCt resonant circuit,
the PA output signal can be considered a pure sinusoid.
Several well-known topologies exist for the PA, which are
designated by classes A to F. Each of these amplifier
classes has certain advantages and limitations for specific
applications. For transcutaneous power transmission,
class-E amplifiers are the most popular because of their
high power efficiency (which can theoretically be up to
100%), their self-oscillating capability, and small number
of components. In this article, discussion is limited to the
transmitter LC resonance circuit because all of the afore-
mentioned amplifier classes, including class-E, have been
broadly covered in the literature (39–46).

As the secondary coil voltage VL was found in Equation
9 as a function of the primary coil current it, it would be
instructive to find the relationship between it and the PA
output voltage, VPA.

VPAðjoÞ¼VCtþVRtþðVLtþVrtÞ

¼
1

joCt
� itþ itRtþ ðjoLt � it � joM � irÞ:

ð14Þ

At resonance, VCt and VLt cancel out, and if the effect of
the secondary coil (Vrt¼ 0V) is temporarily ignored then
itEVPA/Rt. Therefore, even though VPA is limited by the

Figure 3. A comparison of the received voltage magnitude across
the load resistance (VL) between a receiver coil alone (Fig. 1) and a
resonance circuit (Fig. 2) when the same current it passes through
the primary coil (RL¼5kO, Rr¼1O, Lr¼10mH, Cr¼27pF) (38).

Figure 4. Variation of the receiver quality factor vs. receiver
inductance when Rr¼1O, RL¼1kO, and f¼1MHz.

Figure 2. A wireless link circuit diagram with series
and parallel resonance circuits on the transmitter and
receiver sides, respectively. In this diagram, Cp repre-
sents parasitic capacitance and CL is a physically
added capacitor to form the resonance circuit (Cr¼Cp

þCL).
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battery voltage, depending on the amplifier topology, if Rt

and the PA output resistance are small enough, it can be
quite large. A large it results in large voltages in the order
of several hundred volts across Ct and Lt, as well as large
VL according to Equation 12. Similar to the receiver circuit
in Equation 13, a small Rt corresponds to a large Qt factor.
Qt also depends on the PA output impedance. Ko et al.
showed that in an inductively powered IMD system, such
as the one shown in Fig. 2, the maximum wireless link
power transmission efficiency at resonance, which is de-
fined as the ratio of the power delivered to the implant
(PL) to the power amplifier output power (PPA), has a
strong dependency on k, Qt, and Qr (47):

Zopt¼
PL

PPA
¼

k2QtQr

1þ
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

1þ k2QtQr

p

� �2
: ð15Þ

Considering the effect of the implanted receiver circuit,
from Fig. 2 and Equation 12, ir can be replaced by VL/
(RL||Cr):

irðjoÞ¼
VLðjoÞ
RL Crk

¼
joM � it

Rrþ joLrþ
RL

1þ joRLCr

� � : ð16Þ

Substituting ir from Equation 16 in Equation 14 gives
the relationship between it and VPA:

VPAðjoÞ¼
1

joCt
þ joLtþRtþ

o2k2 � Lt � Lr

Rrþ joLrþ
RL

1þ joRLCr

� �

0

@

1

A

� it:

ð17Þ

Note that in Equation 17 M2 is replaced by k2LtLr from
Equation 5.

3.3. Coil/Antenna Design

An important design parameter that affects k is the outer
diameter of Lt and Lr coils with respect to their relative
distance, dr. According to Equation 6, increasing Rr in-
creases k. However, a size constraint over Rr exists, which
is imposed by the maximum allowable size of the implant.
Therefore, the first guideline is to choose Rr (Rrmax in
spiral coils) as large as the implant size allows. For a
specific pair of (Rr, dr) parameters, if Equation 6 is
differentiated with respect to Rt, the optimum value for
Rt that maximizes k is found to be Rt ¼ dr, which is a first-
order approximation for choosing Rt. However, in order to
optimize coil dimensions more accurately, either parame-
terized calculations in tabular format (34,35) or 3-D quasi-
static or full-wave electromagnetic (EM) modeling tools
should be used.

Among the available modeling tools, methods based on
the partial inductance method [e.g., FastHenry (36)] can
reveal quite useful for quick and accurate determination
of self- and mutual inductance of arbitrarily shaped coils.
These methods allow varying essentially all geometric
parameters, including misalignment between coils. As an
example, Fig. 5 shows the dependency of the coupling
coefficient upon the radius of the external coil Rt and the
distance between coils dr, with an internal coil of radius Rr

¼ 10mm.
To increase k without affecting the outer diameter or

thickness of the coils, it is possible to add more turns to Lt

and Lr inside their original loops and create planar spiral
coils. Zierhofer et al. showed how to optimize the spiral
coils geometry (1). Rmax is the outer radius, Rmin is the
inner radius, and D is the spacing between every two
adjacent turns of the coil. Obviously, D should always be
greater than the diameter of the wire, 2r. The number of

Figure 5. Finding the optimal radius Rt to
maximize the coupling coefficient between
two single-turn coils with Rr¼10mm at dr
changing from 5mm to 8mm.
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turns in a spiral coil can be calculated as

N¼
Rmax � Rmin

D
þ 1: ð18Þ

To observe the effect of N on the coupling coefficient
between two identical spiral coils separated by dr¼5mm,
Rmax was kept constant equal to 10mm and new turns
were added toward the center of the coil by decreasing
Rmin. Figure 6 illustrates how k changes as a function ofN
when D¼ 0.3mm and rE0.1mm.It can be seen that the
highest k can be achieved with N¼ 23, which corresponds
to Rmin/Rmax¼ 0.34 (33).

At high carrier frequencies, the skin effect on the
transmitter coil that should carry high current levels
can increase Rt and reduce Qt, which can result in lower
power transmission efficiency. One solution is to use Litz
wires, which consist of individually insulated strands of
thin wire that are twisted in a circular bundle. The
optimum number of turns for Lt using Litz wire depends
of the desired volume of the coil and Litz wire parameters
such as the number and diameter of individual strands
(43,48,49).

3.4. Power Absorption in Tissue

The design of coils should be performed by considering
simultaneously the electromagnetic power induced in the
human body to ensure that it meets international safety
standards and does not pose health hazards (50). Guide-
lines for suggested maximum absorption of electromag-
netic energy have been issued by numerous organizations.
As an example, IEEE has published a revised electromag-
netic safety standard in 1999 [‘‘Standard for Safety Levels
with Respect to Human Exposure to Radio Frequency
Electromagnetic fields, 3 kHz to 300GHz’’ (51)] and the
reader is encouraged to consult this and other standards
to appreciate the rationale and suggested guidelines for
electromagnetic field absorption in the human body. These

guidelines are either expressed in terms of currents or
specific absorption rate (SAR) of power induced in the
human body, with the latter defined for a sinusoidal
excitation as

SARðx; y; zÞ¼
sðx; y; zÞE2ðx; y; zÞ

2rðx; y; xÞ
; ð19Þ

expressed in Watts/kg, where r is the tissue density (in kg/
m3), s is the conductivity (S/m), and E is the electric field
amplitude (V/m) at point of coordinates x, y, and z. Full-
wave electromagnetic computational methods or experi-
mental methods with phantoms can be used to determine
the field induced by telemetry devices in the human body
and compare these with safety standards (51).

4. FORWARD DATA TRANSMISSION

The majority of modern IMDs have several adjustable
parameters that can be fine-tuned after implantation for
every individual patient according to his/her needs. In
addition to those parameters, sensory devices require a
continuous flow of stimulation commands from the exter-
nal artificial sensor and signal processing units of the
system. Sending adjustment and control commands wire-
lessly from the external unit to the implanted unit across
the skin and intermediate tissue is known as transcuta-
neous forward data transmission. This information is
primarily sent as a serial data bit stream. Most IMDs
are also equipped with synchronization circuitry between
the two units to correctly detect the data bits, which can be
fulfilled by extracting the IMD clock from the carrier (50–
55), or encoding the timing information within the serial
data bit stream with simple methods such as Manchester
encoding (56).

Two options in forward data transmission exist. The
simpler option, which has been used in most IMDs, is to
modulate the same carrier that has been used for power
transmission for transmitting data (50–65). The advan-
tage of this method is less complexity on both external and
implantable sides, which can result in lower power con-
sumption and smaller size. However, because the power
carrier has a high magnitude, it imposes an upper safety
limit on the carrier frequency (see previous section), which
in turn limits the data transmission bandwidth. In ad-
vanced sensory devices that need high-rate data transmis-
sion, a second option, which uses an individual carrier for
forward data transmission, has been adopted. Interfer-
ence between power and forward data carriers can com-
plicate the implementation of this method. However,
because the data carrier does not need to have high
amplitude, its frequency can be selected to be much higher
than the power carrier (66,67).

In the following, three major modulation techniques for
transcutaneous data transmission through magnetic cou-
pling are discussed.

Figure 6. Plot of coupling variations between two identical
planar spiral coils vs. number of turns.
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4.1. Amplitude Shift Keying

The majority of the IMDs use amplitude shift keying
(ASK) for forward data transmission because of its sim-
plicity on both transmitter and receiver sides (56–65). In
this method, shown in Fig. 7a, the external data modu-
lates the amplitude of the power transmission carrier,
known as the carrier envelope, which can be easily done by
changing the supply voltage and consequently, the output
swing of the power amplifier (VPA) based on the modulat-
ing signal (43,46,57). The ASK carrier frequency should be
several times higher than the data rate to provide the
receiver with enough cycles to detect the change in
envelope amplitude. The difference between data rate
and carrier frequency also depends on Q1 and Q2. The
higher the Q-factor, the longer it takes for the transmitter
or receiver LC tank circuits to change or follow the carrier
amplitude, and therefore, the smaller the data transmis-
sion bandwidth. Considering Equation 15, it can be con-
cluded that in single-carrier systems, a compromise
between the inductive link power efficiency and data
bandwidth is inevitable.

One way to demodulate the ASK signal on the receiver
side is to use an envelope detector. The ASK signal passes
through a low-pass filter in which cutoff frequency is
somewhere between the carrier frequency and data band-
width. The filter rejects the higher frequency carrier from

the carrier envelope, which can then be easily converted
back to a serial data bit stream by passing through a high-
pass filter and a comparator. One factor that affects
forward data rate in ASK is the percentage of change in
carrier amplitude when transmitting logic ‘0’ and logic ‘1’.
This parameter, which is known as the ASK modulation
index, has a direct relationship with the data bandwidth
(68). However, because carrier power is proportional to the
second power of its amplitude (VPA2 ), a higher modulation
index means less average power in the carrier signal.

Another limitation of the ASK method in this applica-
tion is its susceptibility to noise, interference, and motion
artifacts, all of which mainly affect the carrier amplitude.
Equation 3 shows that the mutual coupling, M, between
coils highly depends on their relative distance, dr. There-
fore, the voltage across the receiver coil (Vr) is also
strongly dependent on dr (Vrp1/dr

3). When a patient wears
an inductively powered implantable device and walks, the
motion artifacts and vibrations affect dr and, consequently,
the amplitude of the received signal. Even when dr is
constant, because the received power is also constant (Vr

� Ir), any instantaneous changes in the IMD current
consumption, because of stimulation for example, directly
results in Vr variations, and deteriorates the quality of the
ASK signal (69–71). Hence, the ASK demodulator should
be able to distinguish the amplitude variations that are

(a)

(b)

(c)

Figure 7. (a) Amplitude shift keying – ASK,
(b) Frequency shift keying – FSK, (c) Phase
shift keying – PSK.
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resulted from noise, interference, and artifacts from those
that represent the received data bits. Using subcarriers is
one of the methods to get around aforementioned pro-
blems in ASK (38).

4.2. Frequency Shift Keying

Frequency shift keying (FSK), which is a popular modula-
tion technique in high-fidelity (HiFi) audio transmission
as well as digital communications, has not been widely
used in IMDs because of the complexities in implementa-
tion of the FSK modulation and demodulation circuits. In
this method, shown in Fig. 7b, the external data modu-
lates the frequency of the power transmission carrier and
the carrier amplitude remains constant. Therefore, logic
‘0’ and logic ‘1’ are transmitted by sinusoid signals at
frequency f0 and f1, respectively. As a result, the carrier
power stays constant regardless of the data contents,
which is an advantage of the FSK compared with ASK.
In addition to constant power, the superior robustness
against various noise sources and interference of FM over
AM has been known since the early stages of radio
engineering. In FSK, it is very unlikely that dr or IMD
current variations would affect the frequency of the in-
duced signal. Phase noise is the main noise source in FSK,
which depends on the stability of the FSK modulator on
the transmitter side.

For FSK modulation, the PA input can be switched
between two oscillators operating at f0 and f1 depending
on the serial data bit stream. Another method is changing
the oscillation frequency of a single oscillator by changing
its time constant, which is usually done by a voltage-
controlled capacitor also known as a varactor. This type of
circuit is called a voltage-controlled oscillator (VCO),
which is an essential component of many radio-frequency
(RF) circuits. The oscillation frequency of a VCO alone
drifts over time or changes with temperature variations.
To stabilize the FSK modulator frequency, the VCO is
usually used in a closed loop and referenced to a local
oscillator, in which frequency is stabilized by a crystal (low
phase noise). This type of circuit, which is shown in Fig. 8,
is called a phase-locked loop (PLL) (72).

One limitation of the FSK technique for transcuta-
neous data transmission is that its frequency spectrum
occupies a wider bandwidth compared with ASK at the
same data rate. Therefore, the Q-factor of both transmit-
ter and receiver tank circuits should be lowered to provide
enough bandwidth to pass major FSK carrier frequency
components at the expense of lowering the power trans-
mission efficiency. According to Carlson’s rule, the band-
width BW required to include 98% of the total power of an
FM signal is

BW � 2ðdmaxþ fimaxÞ; ð20Þ

where dmax is the maximum frequency shift caused by
modulation (depends on the VCO gain and amplitude of
the modulating signal) and fimax is the maximum fre-
quency content of the modulating signal (72). To provide
enough bandwidth and improve the inductive link robust-
ness against coupling variations, Galbraith et al. designed
a stagger tuned circuit (73). Also, Troyk et al. proposed a
variation of the class-E power amplifiers, which can
switch the carrier frequency by switching the LC-tank
capacitive component (74).

Several traditional methods for FSK demodulation
exist. One of the basic methods involves a limiter to
eliminate noise and interference on the received signal
amplitude, a discriminator to convert the FSK signal to an
ASK signal, and an envelope detector to demodulate the
ASK signal. PLLs can also be used for FSK demodulation
(72). For high-bandwidth forward data transmission, how-
ever, these methods might require high-order analog
filtering down the signal path, which would consume a
large chip area or off-chip components in the low-end RF
application of interest (IMD).

To achieve a high data rate along with synchronization
between the transmitter and receiver without filtering,
Ghovanloo et al. proposed a phase-coherent FSK (pc-FSK)
protocol that is shown in Fig. 7b. In pc-FSK protocol,
binary symbols ‘1’ and ‘0’ are transmitted by one and two
carrier cycles at f1 and f0, respectively. Choosing f0¼ 2 � f1
provides a constant bit length, which helps extracting a
synchronous sampling clock directly from the pc-FSK
carrier. The FSK demodulator manages the received
carrier as a base-band signal, and directly measures the
duration of each received carrier cycle. The measured
duration is then compared with a predefined value to
indicate its associated binary symbol. Therefore, every
single carrier cycle can transfer a data bit, resulting in a
high data rate to carrier frequency ratio close to one,
which is higher than the same ratio in many wide-band
wireless communication techniques that are currently in
use (75).

4.3. Phase Shift Keying

In PSK, shown in Fig. 7c, the serial data bit stream
modulates the phase of the power transmission carrier
and both carrier amplitude and frequency remain con-
stant. Therefore, PSK has the highest spectral efficiency
compared with the other techniques, which means that
using PSK, it is possible to transmit higher data rates per

Figure 8. FSK modulator block diagram using a phased-locked
loop (PLL) (72).
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unit available wireless link bandwidth. PSK is the basis
for vector modulation. In binary PSK (BPSK), each phase
transition transmits one bit, and logic ‘0’ and logic ‘1’ are
1801 out of phase, as shown in Fig. 7c, which is equivalent
to multiplying the original carrier with a bit stream of ‘1s’
and ‘� 1s’ to represent logic ‘0’ and logic ‘1’, respectively
(76).

It is also possible to send more than one bit per phase
transition by using smaller phase shifts. For example, in
quadrature PSK (QPSK), by using four different phases
that are 901 apart, it is possible to transmit four symbols
(i.e., two bits per phase). As a result of these capabilities,
PSK is a popular modulation technique in wide-band
digital communications and wireless local area networks
(WLAN), which is the case especially when PSK is com-
bined with ASK to further increase the number of bits per
phase/amplitude transition. This method is yet another
type of modulation that is known as quadrature amplitude
modulation or QAM. QAM, however, has not been widely
used in IMDs because it requires very stable and accurate
local oscillators on both transmitter and receiver sides.

PLLs can be used for both PSK modulation and demo-
dulation by slightly modifying the loop shown in Fig. 8
(72). Regular PLLs require accurate local oscillators,
which in turn require crystals. The intense size con-
straints in many implantable devices do not allow inclu-
sion of a crystal, which is a relatively large component
that is not scalable. Therefore, researchers have tried to
either use specific types of PLLs that do not need crystals
(76) or extract the phase transitions directly from the
incoming carrier signal (77).

4.4. Data Integrity

As discussed previously, many factors such as coils mis-
alignment, relative distance, size, and geometry affect the
coupling coefficient between the external and implanted
units (37). Some of these factors such as coils distance and
alignment may even vary as the implant is being used.
Sometimes too strong coupling results in saturation, non-
linearity, and waveform degradation. As a result, the
forward data transmission and quality of the received
data signal might also be affected by these factors.

Even with appropriate coupling between the external
and implanted units and adoption of robust modulation
and demodulation protocols for transcutaneous data
transmission, it is likely that noise, external electromag-
netic interference, and different types of artifacts cause
errors in the received data. Some of these errors may have
serious consequences and put the IMD user’s health and
safety at risk. Therefore, it is imperative to exploit appro-
priate procedures to ensure data integrity on the receiver
side before executing commands. One possible solution is
to apply a checksum procedure on the received data
packets. The checksum procedure is expected to detect
data transmission errors and initiate corrective measures
such as requesting the external unit to retransmit the
erroneous data packet. The most common checksum pro-
cedures in the order of lower to higher complexity are
parity checking, longitudinal redundancy checking (LRC),
and cyclic redundancy checking (CRC) (38).

5. BACK TELEMETRY

Back telemetry can be implemented either passively by
relying on the mutual coupling (k) between the power coils
or actively by adding a transmitter and an antenna to the
IMD. Each method has its own advantages and limita-
tions, which are explained in the following.

5.1. Passive Back Telemetry

Load Shift Keying (LSK) is a common passive back tele-
metry method in RFID applications (38,69–71), which has
also been used in many implantable biomedical devices
(43,65,76,78–80). In this method, also known as impe-
dance modulation or load modulation, changing the load-
ing of the implant secondary coil based on the modulating
back telemetry signal affects the current in the external
primary coil because of their mutual coupling. Equation
17 shows that with a constant VPA, a change in RL or Cr

can result in it variations, especially if k is large enough.
By detecting these primary current variations, which also
affect VLt according to Equation 14, the external part of
the system can demodulate and recover the back teleme-
try signal. Therefore, the LSK signal on the primary coil
should always be picked up and demodulated as an ASK
signal and everything discussed in the previous section
applies to LSK as well.

The main advantage of the LSK is its simplicity,
especially on the implantable unit where the size matters
the most. On the other hand, LSK affects the power
transmission efficiency by disturbing the resonance circuit
or by cutting the power off the main load for short periods
of time. LSK requires strong k and is only applicable in the
near field. The back telemetry data rate that is achievable
through LSK highly depends on k and power carrier
frequency, fres. It also depends on many other factors
including Qt, Qr, load variations during normal operation,
sensitivity of the current or voltage sensor on the external
primary side, the amount of noise and interference that is
affecting the primary coil, and the type of coding technique
that is usually being combined with LSK. Most RFID
systems that use LSK have data rates that are less than
100kb/s (38). However, biomedical applications exist that
have achieved data rates as high as 222kb/s using a
4MHz carrier frequency (1:18 ratio) (78).

Three possible configurations for LSK exist as shown in
Fig. 9. Two of them are ohmic and the third one is
capacitive. In the series ohmic load modulation, Fig. 9a,
the secondary loading is changed between ZL and open
circuit (infinity) by a series switch based on the back
telemetry data. In the parallel configuration, on the other
hand, Fig. 9b, the secondary loading is changed between
ZL and short circuit (close to zero) by a parallel switch. As
a larger change in the secondary loading results in easier
detection of the back telemetry signal in the primary coil,
the series and parallel configurations are suitable for large
and small loads (ZL), respectively. Most RFID devices have
very small power consumption and therefore use the
parallel configuration (38,69–71). However, implantable
microstimulators may have much higher power consump-
tions, especially when the stimulation is active. Therefore,
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the series ohmic configuration or a combination of both
would be a better choice.

In capacitive load modulation, an additional capacitor,
Cmod in Fig. 9c, is switched in and out in parallel to Cr

based on back telemetry data bits. This action would
result in detuning the receiver LC tank circuit from its
original resonance frequency, fres, which in turn affects the
transmitter current it according to Equation 17.

5.2. Active Back Telemetry

Considering that neural signals have a bandwidth of
about 10kHz, a wide-band telemetry link in the order of
several MHz is needed to wirelessly record from a large
number of sites simultaneously. Therefore, the small
bandwidth provided by the passive back telemetry method
is not enough for IMDs that are dedicated to multichannel
neural signal recording. These IMDs are usually equipped
with active low power transmitters for active back tele-
metry and use a separate carrier that is significantly
higher in frequency than the power carrier. The major
challenges in active back telemetry are reducing the
power consumption while getting enough range, small
size of the IMD transmitter, and miniaturization of its
antenna for establishing an effective wireless link. Design
of the external receiver would be less challenging because
of more relaxed size and power constraints outside of the
body.

Several research groups have implemented active back
telemetry links for neural recording systems using com-
mercial components (81,82) or custom ASICs (83–86). In
most of these designs, the IMD transmitter is significantly
simplified to reduce the size and power consumption at the
expense of more complexity in the external receiver. Use of

the high-frequency band known as Industrial, Scientific,
and Medical (ISM) band along with inductive power has
also been recently proposed (87,88). Among these groups,
Gosalia et al. developed microstrip and microwire anten-
nas for implantable and external parts of a retinal pros-
theses system that operate at 0.9, 1.45, and 2.45GHz (89).

6. CONCLUSIONS

In this article, the fundamental principles, design con-
straints, and practical techniques of wireless telemetry by
means of transcutaneous magnetic coupling of data and
power have been described. The fundamental equations
governing self- and mutual inductance between magneti-
cally coupled coils have been reviewed. Also, the impor-
tant geometrical and circuit parameters that can affect the
coupling coefficient and power transmission efficiency of
an inductive link on both external and implantable units
of a wireless implantable microelectronic system have
been specified. It can be concluded from the power trans-
mission discussion that k has the most significant effect of
the efficiency follower by the receiver and transmitter
quality factors, Qr and Qt, as well as the carrier frequency,
f.

Safety is a significant factor in design of every medical
instrument, especially the implantable ones. In design of
transcutaneous power transmission link, the intensity of
the magnetic field and its frequency of operation are the
key factors that need to be chosen based on the electro-
magnetic safety standard guidelines expressed in terms of
SAR of power induced in the human body.

Three major carrier modulation techniques for trans-
cutaneous data transmission, ASK, FSK, and PSK, have
been discussed and evaluated while considering the spe-
cific requirements and limitations of the implantable
device application. It can be concluded from the discussion
that ASK provides the simplest solution for forward data
transmission and would be an appropriate choice when a
low data rate, high-efficiency link with a single carrier is
needed. FSK provides high data rates and a robust link at
the expense of more complexity and reduced power effi-
ciency. PSK can offer the highest bandwidth, however, the
synchronization issues might result in a high BER or high
sensitivity to interference and artifacts.

Implantable microelectronic devices (IMDs) have a
short yet outstanding history of success in the treatment
of a wide range of ailments and disabilities, including
heart diseases, neurological disorders, and deafness. Re-
cent advancements in microelectronics, low-power cir-
cuits, and communications have made it possible to
extend the range of IMD applications into challenging
areas such as blindness and epilepsy. Nevertheless, to-
day’s aging population drives a wide-scale demand for
even more advanced treatments using smaller and more
cost-effective IMDs.
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1. INTRODUCTION

Microvascular bed is the primary location where water
and nutrients are exchanged between circulating blood
and body tissues. Capillaries are the smallest ramifica-
tions of the microvessels. Capillary walls consist mainly of
endothelial cells (Fig. 1). Under normal conditions, the
cleft between endothelial cells (interendothelial cleft, Fig.
1) is widely believed to be the principal pathway for water
and hydrophilic solutes (such as glucose, amino acids, vi-
tamins, and hormones) transport across the capillary wall
(1–5). Direct and indirect evidence indicates that junc-
tional strands with discontinuous leakages (5–9) and fiber
matrix components exist (10–14) at the endothelial sur-
face and in the wide portion of the intercellular cleft (Fig.
2) (6). The transport of proteins or other macromolecules
was thought to through vesicle shuttle mechanisms (15).
In disease, large gaps would be formed in the microvessel
endothelium to allow the passage of plasma proteins and
cells such as blood cells and tumor cells. Microvascular
permeability is a quantitative measure of how permeable
the microvessel wall is to all kinds of substances, including
water, solutes, and cells. Under healthy conditions, the
microvessel wall maintains a normal permeability to wa-
ter and small solutes for the material exchange during our
body metabolic processes. However, in disease, the integ-
rity of the vessel wall structure can be destroyed and
much larger solutes such as proteins and cells can transfer

through the wall. It is the transvascular pathways at the
vessel wall and their structural barriers that determine
and regulate the microvascular permeability. Therefore,
basic information about transvascular pathways is first
introduced.

2. TRANSVASCULAR PATHWAYS

The endothelial cells lining microvessel walls provide the
rate-limiting barrier to extravasation of plasma compo-
nents of all sizes from electrolytes to proteins. So far, four
primary pathways are observed in the microvessel wall by
using electron microscopy: intercellular clefts, transcellu-
lar pores, vesicles, and fenestrae (Fig. 3). Microvessels of
different types and in different tissues may have different
primary transvascular pathways as well as under differ-
ent physiological and pathological conditions (15).

2.1. Interendothelial (Intercellular) Cleft

The cleft between adjacent endothelial cells is widely be-
lieved to be the principal pathway for water and hydro-
philic solute transport through the microvessel wall under
normal physiological conditions. The interendothelial cleft
is also suggested to be the pathway for the transport of
high-molecular-weight plasma proteins, leukocytes, and
tumor cells across microvessel walls in disease. Direct and
indirect evidence [summarized in Fu et al. and Weinbaum
et al. (16,17)] indicates that tight junction strands with
discontinuous leakages and fiber matrix components
(glycocalyx layer) exist at the endothelial surface and

Endothelial cell

Interendothelial
cleft

Figure 1. Capillary wall consisting of endothelial cells.

Figure 2. Ultrastructural organization of junction strands in the
interendothelial cleft and the surface glycocalyx. Revised from
Bundgaard (6).

Figure 3. Schematic depiction of various transvascular path-
ways in the microvessel wall.
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within the cleft. These structural components of the mi-
crovessel wall form the barrier between the blood stream
and body tissues, which maintains the normal microvessel
permeability to water and solutes. Changes in permeabil-
ity are caused by the changes in the structural compo-
nents.

The molecular basis for the passage of molecules at the
level of the breaks in tight junctions is more likely to be
the localized absence of cell-cell contacts with correspond-
ing loss of a closely regulated molecular sieve as suggested
by Weinbaum et al. (17), Fu et al. (18), and Michel and
Curry (19). Thus, the junction break-surface matrix model
suggests independent mechanisms to regulate the perme-
ability properties of the microvessel wall. The junction
break size and frequency is likely to involve regulation of
cell-cell attachment via occludin and other junction pro-
teins including the cadherins-associated junctions (Fig. 4)
(19–21). On the other hand, the regulation of glycocalyx
density and organization is likely to involve interaction of
the molecules forming the cell surface with the cytoskel-

eton, and with circulating plasma proteins. Some of the
cellular mechanisms underlying these interactions are re-
viewed in Drenckhahn and Ness (20) and Anderson and
Vaniallie (22). Under physiological and pathological con-
ditions, microvessel permeability can be regulated acutely
and chronically by mechanisms that are underway to be
understood.

Serial section electron microscopy study on frog mes-
enteric capillaries by Adamson and Michel (9) demon-
strated that the junction strands were interrupted by
infrequent breaks that, on average, were 150-nm long,
spaced 2–4 mm apart along the strand, and accounted for
up to 10% of the length of the strand under control con-
ditions. At these breaks, the space between adjacent en-
dothelial cells (average 20nm) was as wide as that in
regions of the cleft between adjacent cells with no strands.
A B2-nm translucent narrow slit along the outer leaflets
in the tight junction was also revealed in the investigation
of strand structure on a tilting stage.

Occludin

ZO

GJ

Rab 13
ZO-2
ZO-1

Cingulin

7H6

Connexins
37, 40, 43

Catenins

Protein 4.1

AJ

� �

�

Others
Desmo-
plakin I, II

Basal lamina

Vimentin

Vinculin

�-actinin

Myosin

Actin

Actin

p120

Spectrin

?
?

VE-cadherin

PECAM

Integrins
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Figure 4. Model of molecular machinery asso-
ciated with junction between endothelial cells
and junction-associated filament system. De-
tails of these interactions are an area of active
investigation, and figures of this type are con-
stantly updated (19,20). In this figure, an ide-
alized arrangement of junction components is
shown with tight junction (ZO, zonula occlu-
dins) spatially separated from adherence junc-
tion (AJ). Tight junction is formed by integral
membrane adhesion protein occludins. Periph-
eral membrane proteins associated with tight
junction include ZO-1, ZO-2, cingulin, antigen
7H6, and a small GTP-binding protein Rab 13.
Most of these do not bind directly to actin, al-
though ZO-1 binds to spectrin and cingulin and
may organize or tether actin (21). Main site of
attachment of junction-associated actin fila-
ments to plasma membrane appears to be ad-
herence junction.
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Using cationized ferritin, Adamson and Clough (14)
suggested that the surface glycocalyx layer is approxi-
mately 0.1-mm thick in frog mesenteric capillaries. Adam-
son (13) also reported that Lp increased 2.5-fold after
enzymatic degradation of this layer using a general pro-
tease (pronase E). Applying a combined junction-orifice-
fiber entrance layer model, Fu et al. (16) predicted that a
fiber of 0.6 nm radius and a spacing of 7nm between ad-
jacent fibers would provide an excellent fit for permeabil-
ity data obtained from frog mesenteric capillaries for
water and solutes of size ranging from potassium
(0.2 nm radius) to albumin (3.5 nm radius).

2.2. Vesicles

Cytoplasmic vesicular exchange, which behaves like a
shuttle bus, is the major pathway for transport of plasma
proteins and large molecules under normal physiological
conditions (15).

2.3. Fenestrae

Fenestrae usually exist in fenestrated microvessel (in kid-
ney) instead of continuous microvessel endothelium. Fe-
nestrated endothelia have higher hydraulic conductivities
and are more permeable to small ions and molecules than
are continuous endothelia. However, their permeabilities
to plasma proteins are about the same (15).

2.4. Transcellular Pores

In response to local tissue injury or inflammation, addi-
tional transport pathways for large molecules may be
opened (transcellular pores) and existing pathways made
less restrictive. The response is complex and varies among
different animals, organs, and tissues (23).

3. MICROVASCULAR PERMEABILITY TO WATER AND
SOLUTES

Aforementioned ultrastructural study using electron mi-
croscopy and other permeability studies show that the
microvessel wall behaves as a passive membrane for water
and hydrophilic solute transport (24,25). The membrane
transport properties are often described by Kedem–Katc-
halsky equations derived from the theory of irreversible
thermodynamics,

Js¼PRTDCþ ð1� sf ÞCJv

Jv¼LpðDp� sdRTDCÞ;

where Js and Jv are the solute and total volumetric fluxes
and DC and Dp are the concentration and pressure differ-
ence across the membrane. Lp, the hydraulic conductivity,
describes the membrane permeability to water. P, the dif-
fusive permeability, describes the permeability to solutes.
sf is the solvent drag or ultrafiltration coefficient that de-
scribes the retardation of solutes because of membrane
restriction, and sd, the reflection coefficient, describes the
selectivity of membrane to solutes. For transendothelial

transport, sf is equal to sd (26), and thus we often use s,
the reflection coefficient, to represent both of them.

4. PERMEABILITY MEASUREMENT

All of the permeability measurements have been inter-
preted in terms of Lp, P, and s, which are measured ex-
perimentally on intact whole organisms (including human
subjects), on perfused tissues and organs, on single-per-
fused microvessels, and on monolayers of cultured micro-
vascular endothelial cells.

Different experimental preparations have their advan-
tages and disadvantages. Although measurements made
on the intact regional circulation of an animal subject
(usually using radioactive isotope-labeled tracers) suffer
from uncertainties surrounding the exchange surface area
of the microvessel wall and the values of the transvascular
differences in pressure and concentration, they usually
involve minimal interference with the microvessels them-
selves. These studies can provide valuable information
concerning microvascular exchange under basal condi-
tions. At the other end are measurements on single-per-
fused vessels. The Landis technique has been used to
measure the hydraulic conductivity Lp and reflection co-
efficient s. Quantitative fluorescence microscope photom-
etry is used to measure solute diffusive permeability P.
Both of these techniques are described in detail in Curry
et al. (27). The surface area of the microvessel can be
measured directly, as can the difference in pressure and
concentration across the vessel walls. The disadvantages
of the single vessel preparation are (1) that they have di-
rect interference with the vessels involved, and (2) that
they are usually restricted to a small number of conve-
nient vessel types (e.g., mesenteric vessels on a two-di-
mensional translucent tissue). Direct interference with a
vessel, whether it is exposure to light or micromanipula-
tion, might be expected to increase permeability. However,
this concern was allayed when it was shown that Lp (28)
and P to potassium ions (26) in single-muscle capillaries
were similar to values based on indirect measurements on
the intact muscle microcirculation.

Although the rapid growth of endothelial cell biology is
largely a result of experiments on cultured endothelial
cells in vitro (in dishes), serious limitations exist to the use
of monolayers of cultured endothelial cells for gaining di-
rect information about vascular permeability. For exam-
ple, the most widely reported permeability measurements
on monolayers of cultured endothelium are P to serum al-
bumin, which has a mean value in the range of 10�6 cm/s
(29), which is two orders of magnitude greater than esti-
mates based on the flux of albumin through the walls of
intact microvessels. Estimates of reflection coefficients s of
cultured monolayers of endothelial cells to macromole-
cules are too low for plasma proteins to exert a significant
osmotic pressure across them (30). These results indicate
that monolayers of cultured endothelial cells do not reflect
the permeability characteristics of microvascular endot-
helium in vivo (in live animals). For this reason, I restrict
discussion of permeability properties and the values of
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permeability coefficients to measurement mainly made on
single vessels.

5. PERMEABILITY MEASURED IN SINGLE-PERFUSED
MICROVESSEL

Figure 5 (16) shows the measured permeability of frog
mesenteric microvessels to hydrophilic solutes as a func-
tion of solute size ranging from potassium to albumin. The
values of permeability have been plotted on a logarithmic
scale, and it is seen that the decline of P is maintained
until the molecular radius reaches around 3.6nm (the ra-
dius of bovine serum albumin). These permeability values
are for normal (undisturbed) true capillaries or post cap-
illary venules. The hydraulic conductivity for these vessels
range from 2 to 4 � 10� 7 cm/s/cmH2O (31). Molecules
larger than albumin seem not to cross the microvessel
wall in frog mesentery. Values of permeability for mole-
cules larger than serum albumin appear to decrease much
less rapidly with increasing molecular size in mammalian
skeletal muscle (15), suggesting that either the pathways
or mechanisms concerned in the transport of macromole-
cules differ from those for smaller solutes. Figure 5 de-
scribes relations between solute permeability and
molecular size in microvessels in frog mesentery. Similar
relations are found in other types of microvessels such as
in mammalian skeletal muscle (19). Although the absolute
values of permeability to water and to the smallest mol-
ecules may vary by several orders of magnitude, the mi-
crovessels in different tissues, however, have rather
similar values for reflection coefficient s to macromole-
cules. The wide range of values of hydraulic conductivity
(water permeability) Lp and the relatively constant values
of s to serum albumin in different types of microvessel are
shown in Fig. 6 (32). Each point in this diagram represents
the mean value of Lp and s to albumin for a different type
of microvessel or microvascular bed (19).

The Lp value has been plotted on a logarithmic scale so
that values covering three orders of magnitude can be
displayed. It is seen that no correlation exists between s to

albumin and Lp. The conclusion from Fig. 6 is that vari-
ations in Lp in different microvessels are not accompanied
by variations in their leakiness to macromolecules. This
phenomenon could be explained if a common molecular
sieve to serum albumin exists for all types of vessels. The
most likely candidate for the sieve is the surface glycoca-
lyx layer in the luminal side of the microvessel, which was
observed by using ruthenium red and Alcian blue (10), or
cationized ferritin tracers in electron microscopy for frog
mesenteric microvessels (14), and in vivo fluorescent mi-
croscopy for hamster cremaster capillaries (33).

The evidence for the surface glycocalyx layer being the
molecular sieve to macromolecules is also provided by
comparing the Lp and P data for fenestrated and contin-
uous microvessels. The walls of the vessels with high val-
ues of Lp (410� 6 cm/s/cmH2O) are fenestrated
endothelium, whereas those of vessels with lower Lp val-
ues are continuous endothelium. Different pathways are
primarily responsible for the transport of fluid and hydro-
philic solutes through these two types of endothelia. In
fenestrated endothelia, this pathway is through the fe-
nestrae, whereas in continuous endothelium, it is through
the intercellular clefts (see Figs. 1–3). It is, therefore, very
surprising that the clear differences in morphology are not
accompanied by a qualitative change in the properties of
the permeability coefficients. Fenestration increases the
Lp and the P to small hydrophilic solutes without chang-
ing the Lp/P or s to albumin. Thus, the molecular sieving
characteristics of microvascular walls appear to be com-
mon to both fenestrated and continuous endothelium.
Curry andMichel (34) suggested that it was luminal glyco-
calyx that acted as the molecular sieve in both types of
vessels.0.01
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Figure 5. Solute permeability P as a function of solute radius in
frog mesenteric microvessels. Permeability has been plotted on a
logarithmic scale. [Data are from various sources summarized in
Fu et al. (16).]
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6. TRANSPORT MODELS FOR THE INTERENDOTHELIAL
CLEFT

6.1. 1-D Models

Prior to the late 1980s, there were two major one-dimen-
sional theories: the pore-slit and the fiber matrix theory
(Fig. 7) (17), which attempted to correlate cleft structure
with the large amount of experimental data for Lp, P, and
s. In microvessels with continuous endothelium, the prin-
cipal pathway for water and solutes lies between the en-
dothelial cells through the interendothelial cleft. 1-D pore-
slit models were developed in terms of the ultrastructure
of the cleft.

6.1.1. Pore-Slit Model. In pore-slit theory, the perme-
ability properties of the microvessel wall can be described
in terms of flow through water-filled cylindrical pores or
rectangular slits through the vessel wall. The character-
istic Reynolds number for the flow is in the order of 10� 8.
A Poiseuille-type viscous flow was assumed in the pore/slit
to describe the resistance to water flow. The resistance to
solute diffusion was described in terms of the additional
drag on a spherical molecule moving within the pore rel-
ative to movement in free solution, and the selectivity of
the membrane in terms of steric exclusion at the pore en-
trance (5,26,35,36).

1-D model for hydraulic conductivity Lp and solute per-
meability P is, for a cylindrical pore,

Lp¼
NpR4

8mL
P¼NpR2Dpore

f
L
; ð1Þ

and for a rectangular slit,

Lp¼
LjtfW

3

12mL
P¼LjtfWDslit

f
L
: ð2Þ

Here,N is the number of pores per unit surface area of the
microvessel wall, R is the pore radius, Ljt is the total
length of the cleft per unit vessel wall surface area, f is the
fraction of the slit that is open, L is the thickness of the
vessel wall or the depth of the cleft measured from the
lumen to the tissue, m is the water viscosity at experimen-
tal temperatures, Dpore and Dslit are the restricted solute
diffusion coefficients within the pore or slit, and j is the
solute partition coefficient at the pore/slit entrance. For a
cylindrical pore of radius R,

Dpore

Dfree
¼ 1� 2:10444aþ 2:08877a3 � 0:094813a5 � 1:372a6

fpore¼ ð1� aÞ2

a¼
a

R
:

ð3Þ

For a long slit of width W,

Dslit

Dfree
¼ 1� 1:004bþ 0:418b3þ0:210b4 � 0:1696b5

fslit¼ 1� b

b¼
2a

W
:

ð4Þ

Here, a is the solute radius and Dfree is the solute diffusion
coefficient in aqueous solution. Expressions in Equations 3
and 4 are polynomial approximations from the numerical
solutions for the drag coefficients for the movement of
spheres through liquid-filled cylindrical pores (37) and
slits (38). They are good approximation when a or b � 0:6
(26).

The osmotic reflection coefficient of a membrane s is a
measure of the selectivity of the membrane to a particular
solute that depends only on the pore size, not the number
of pores or the membrane thickness. s is given by (26):

s¼ ð1� fÞ2 ð5Þ

When there are several pathways in parallel, the mem-
brane reflection coefficient is the sum of the individual co-
efficients weighted by the fractional contribution of each
pathway to the membrane hydraulic conductivity (19).
Whereas, when there are several membranes in series, for
example, two in series, the overall reflection coefficient sT

is given by (39):

sT ¼
PT

Pð1Þ
sð1Þ þ

PT

Pð2Þ
sð2Þ

PT ¼
Pð1ÞPð2Þ

Pð1Þ þPð2Þ
;

ð6Þ

where P(1) and P(2) are solute permeabilities of membranes
1 and 2 and s(1) and s(2) are corresponding reflection co-
efficients.

2R or W

(a)

Width not
specified

(b)

Figure 7. 1-D models of the intercellular cleft. (a) Pore-slit
model. (b) Fiber matrix model. Revised fromWeinbaum et al. (17).
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6.1.2. Fiber Matrix Model. The principal hypothesis to
describe the molecular filter of the transvascular pathway
is the fiber matrix theory. On the luminal side of the cleft,
the presence of a glycocalyx layer on the endothelial cell
surface was first described based on staining experiments
using ruthelium red and Alcian blue for cell surface glyco-
protein (10). These experiments suggested that the layer
extended into outer regions of the intercellular clefts.
Electron micrographs of microvessels perfused with solu-
tions containing native ferritin suggested that, although
the luminal contents had been adequately fixed, the ferri-
tin concentration was greatly reduced close to the luminal
surface of the endothelial cells. Quantitative evidence that
ferritin was excluded from the endothelial surface, re-
ported in (40,41), strengthened the idea that the glycoca-
lyx could act as a barrier to the macromolecule diffusion.
More accurate estimates of the possible thickness of the
endothelial cell glycocalyx were provided by Adamson and
Clough (14) in frog mesenteric capillaries. Using cation-
ized ferritin, they visualized the outer surface of the glyco-
calyx that was up to 100nm from the endothelial cell
surface when the vessel was perfused with plasma. These
observations were consistent with the hypothesis that
plasma proteins were absorbed to the endothelial cell
glycocalyx and form part of the structure comprising the
molecular filter at the cell surface (12,25,35,42,43). Ad-
amson (13) also demonstrated that enzymatic removal of
the glycocalyx, using pronase, increased the hydraulic
conductivity of frog mesenteric capillaries by 2.5-fold.
The investigator used TEM to carefully examine the mi-
crovessels treated with pronase. No morphological fea-
tures, such as fenestrations, transendothelial channels, or
intercellular gaps associated with inflammation, were
found, which might account for the increase in hydraulic
conductivity. However, the general protease (pronase) may
increase Lp by altering more subtle structural components
of the microvessel wall that determine microvessel per-
meability.

Although the nature of fibers associated with the endo-
thelial cell surface and the cleft entrance is not well un-
derstood, the side chains of glycosaminoglycans that are
likely to form part of the cell glycocalyx have a character-
istic molecular radius close to 0.6 nm. Absorption of
plasma protein-like albumin into the side chains of
glycosaminoglycans would form a fiber matrix with uni-
form gap spacing of roughly the diameter of albumin
(B7nm) between adjacent fibers. Regularly arranged elec-
tron densities have been demonstrated in this region by
Schulze and Firth (44), and these could represent fibers of
a molecular filter. Using autocorrelation techniques in a
recent electron microscopy study, Squire et al. (45) re-
vealed a quasiperiodic structure for the surface glycocalyx
layer. Their major findings are that the fibers that form
the main part of the sieving matrix project from the en-
dothelial surface as a series of bush-like structures with
an effective diameter of the ‘‘branches’’ of each of bush be-
ing 10–12nm. The sieving elements are pore-like chan-
nels, 7–8nm in diameter, between the core proteins
forming the glycoproteins on the cell surface, aligned nor-
mal to the endothelial cell surface. These structures have

similar sieving properties (46) as the periodic array as-
sumed in (16).

Using the stochastic theory of Ogston et al. (47), Curry
and Michel (34) described the solute partition coefficient j
and the restricted solute diffusion coefficient Dfiber in
terms of the fraction of the matrix volume occupied by fi-
ber Sf and the fiber radius rf. The partition coefficient j is
defined as the space available to a solute of radius a rel-
ative to the space available to water ða¼ 0Þ. The restricted
solute diffusion coefficientDfiber accounts for the resistance
to the solute diffusion because of the existence of the fiber
matrix. For a random fiber arrangement, they are ex-
pressed as

f¼ exp �ð1� eÞ
2a

rf
þ

a2

r2f

 !" #

Dfiber

Dfree
¼ exp �ð1� eÞ0:5 1þ

a

rf

� �� �

:

ð7Þ

For an ordered fiber arrangement,

f¼ 1� Sf 1þ
a

rf

� �2

Dfiber

Dfree
¼1� ð1� eÞ0:5 1þ

2a

p0:5rf

� �� �

;

ð8Þ

where a is the solute radius and e¼ 1� Sf is void volume
of the fiber matrix.

In fact, the above expressions for the effective diff-
usivity of a solute only consider the steric exclusion of sol-
utes by the fiber array; they do not include the
hydrodynamic interactions between the fibers and the dif-
fusing solute, which are important when the solute size is
comparable with the gap spacing between fibers. Using
two approaches, Phillips et al. (48,49) calculated the ef-
fects of hydrodynamic interactions on the hindered trans-
port of solid spherical macromolecules in ordered or
disordered fibrous media. One approach was a rigorous
‘‘Stokesian-dynamics’’ method (50) or generalized Taylor
dispersion theory (51), which can calculate local hydrody-
namic coefficients at any position in a fibrous bed. How-
ever, detailed information about the fiber configuration
needs to be given. Another approach was an effective me-
dium theory based on Brinkman’s equation. Comparing
the calculating results with the experimental data for sev-
eral proteins transport in hyaluronic acid solutions, they
found that the use of Brinkman’s equation was in good
agreement with the more rigorous methods for a homoge-
neous fiber matrix.

Based on the solution for the flow around parallel
square array of infinite cylindrical fibers using hydrody-
namic theory, Tsay and Weinbaum (52) and Weinbaum et
al. (17) found the expressions for j and Dfiber for a confined
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periodic fiber array in a rectangular slit,

j¼
1� b1Sf ð1þa=rf Þ

2

1þ b1Sf ð1þa=rf Þ
2

Dfiber

Dfree
¼

Dslit

Dfree
1þ

a

K0:5
p

þ
a2

3Kp

" #�1

:

ð9Þ

Dslit, the restricted solute diffusion coefficient in a slit, is
expressed as in Equation 4. b1 is the coefficient of the
leading term in a doubly periodic Wierstrasse expansion
series used in Tsay and Weinbaum (52). Kp here is the
Darcy hydraulic conductance for an unbounded fiber ar-
ray. For a 2-D square fiber array, Kp is given by (52):

Kp¼ 0:0572a2 D
a

� �2:377

; ð10Þ

where D is the gap spacing between fibers and
D¼ rf ½ðp=Sf Þ

0:5
� 2�. Equation 10 is a highly accurate ap-

proximation to the exact solution for the 2-D array in
Sangani and Acrivos (53). For a 2-D random array, a Car-
man–Kozeny approximation for Kp is (31):

Kp¼
ð1� Sf Þ

3

S2
f

a2

4C

� �

: ð11Þ

C, here, is a fiber density correction factor. When the fibers
are circular cylinders perpendicular to the flow, Happel
(54) obtained the approximation for C:

C¼
2ð1� Sf Þ

3

Sf
ln

1

Sf

� �

�
ð1� S2

f Þ

ð1þS2
f Þ

" #�1

: ð12Þ

When the fiber is confined in a slit of widthW, the effective
Darcy permeability Keff was related to the value of un-
bounded Kp by the relation

Keff ¼Kp 1�
tanh ðW=2Þ=

ffiffiffiffiffiffi

Kp

p� �

ðW=2Þ=
ffiffiffiffiffiffi

Kp

p

" #

: ð13Þ

For a fiber matrix with partition coefficient j, the reflec-
tion coefficient s is the same as in pore-slit model (51)

s¼ ð1� fÞ2:

The hydraulic conductivity Lp and solute permeability P of
a fibrous membrane are (19):

Lp¼
Afiber

L

Kp

m

P¼
Afiber

L

Dfiber

Dfree
f:

ð14Þ

Here, Afiber is the area of fiber-filled pathway. Other pa-
rameters are the same as in the previous section. How-

ever, for a confined fiber array in a rectangular slit of
width W, Kp in the expression for Lp should be replaced by
Keff shown earlier and m is replaced by an effective meff:

meff ¼ m
ðW=2Þ=

ffiffiffiffiffiffi

Kp

p� �3

3 ðW=2Þ=
ffiffiffiffiffiffi

Kp

p

� tanh ðW=2Þ
ffiffiffiffiffiffi

Kp

p�� �� � : ð15Þ

Although the above-described 1-D pore-slit and fiber ma-
trix theories are unable to successfully explain the large
body of experimental data for Lp, P, and s, they provide a
useful starting point to evaluate the possible cellular and
molecular structures that actually determine the perme-
ability properties of the microvessel walls. Results from
the fiber matrix theory are also applied in recent 3-D
models.

6.2. 3-D Models

Previous 1-D models were based on the random section
electron microscopy until 1984. Bundgaard (6) was the
first to attempt to reconstruct the 3-D junction strand ul-
trastructure using serial section electron microscopy. In
his study, rat heart capillaries were analyzed using con-
ventional 40–60-nm thin and 12-nm ultra-thin serial sec-
tion electron microscopy. Large pores of 10–20nm width
and 20–80nm length and small pores of 4–5nm width and
5–30nm length were observed. He sketched the latter
pores as short discontinuities in the junction strands. In
contrast to Bundgaard’s study, Ward et al. (55) examined
the 3-D features of the junction strands of rat cardiac cap-
illaries by using a goniometric tilting technique. After
considering the tilting effects, they claimed that more than
70% of the random thin sections of the junction strands
were actually open and concluded that the pathway for
water, small and intermediate-sized solutes were not
formed by the interruption in continuous lines of mem-
brane fusion but by continuous junctional regions with an
approximate opening of 5nm width.

Based on the study of Bundgaard and Ward et al., Tsay
and Weinbaum (52) and Weinbaum et al. (17) proposed a
basic 3-D model for the interendothelial cleft. In their
model, junctional pores were of three types: (a) a frequent
circular pore of 5.5 nm radius, (b) a restricted rectangular
slit of 44–88nm length and 8nm width, and (c) a large
infrequent pore of 44–88nm length and 22nm width,
which is the same gap width of the wide part of the cleft.
The principal predictions of this model are: (a) infrequent
larger breaks are most likely required to account for the
measured Lp and the P to small and intermediate-sized
solutes of radius from 0.5nm to 2.0nm; (b) these large
breaks must be accompanied by a sieving matrix only par-
tially occupying the depth of the cleft at the luminal sur-
face; (c) neither junctional pore, restricted slit, nor fiber
matrix models can by themselves satisfy the permeability
and selectivity data; and (d) 1-D models are a poor de-
scription of a cleft with infrequent large breaks because
the solute will be confined to small wake-like regions on
the downstream side of the junction strand discontinuities
and thus not fill the wide part of the cleft.
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The prediction in Weinbaum et al. (17) as to the likely
geometry of the large pores in the junction strand was
confirmed by the serial section electron microscopic study
on frog mesenteric capillaries in Adamson and Michel (9).
These serial reconstructions revealed rather long breaks
of typically 150nm width and the same gap width as the
wide part of the cleft. The spacing between adjacent
breaks is from 2140nm to 4450nm with an average of
2460nm. A continuous narrow slit of roughly 2nm width,
which runs along the junctional strand, was also sug-
gested based on goniometric tilting of their sections. The
about 2-nm continuous slit was suggested by Michel and
Curry (19) to be formed by the separation of the outer
membrane leaflet because of the snug interlock loops of
occludin molecules provided that these loops from adja-
cent cells remain entirely extracellular. The 64kDa trans-
membrane protein, occludin, was identified to be
associated with the tight junction strands (56).

Evidence for a sieving matrix at the endothelial sur-
face, the observation of surface glycocalyx at the luminal
surface of the microvessel wall, was also provided by sev-
eral studies described in the previous section
(10,13,14,33). According to these new experimental re-
sults, a modified combined junction-orifice-fiber entrance
layer model, which included a large orifice-like junctional
break, a finite region of fiber matrix components at the
entrance of the cleft, and very small pores or slits in the
continuous part of the junction strand, was developed by
Fu et al. (16). Figure 8 (16,18,29,57,58) shows their 3-D
model for the interendothelial cleft.

This combined junction-orifice-fiber entrance layer
model predicted that for measured hydraulic conductivity
to be achieved the fiber layer must be confined to a rela-
tively narrow region at the entrance to the cleft where it
serves as the primary molecular filter provided that the
fiber matrix forms an ordered array and that the junction
strand contains at least two types of pores, infrequent 150
� 20-nm orifice breaks and a continuous about 2-nm nar-
row slit or closely spaced 1.5-nm radius circular pores.
This model also provided an excellent fit for the hydraulic
conductivity and the diffusive permeability data for sol-
utes of size ranging from potassium to albumin for frog
mesenteric capillaries (see Fig. 9) (16). As a result of the
similarity in morphological wall structure of microvessels
in different tissues (19), this 3-D model can be easily
adapted to explain the permeability data in other types
of microvessels.

Fu et al., in another work (18), described a new ap-
proach to explore junction strand structure. Instead of ob-
serving the junctional strand structure directly, it was
attempted to construct a detailed picture of the junctional
strand as a transport barrier from a combined three-di-
mensional theoretical and experimental analysis of the
diffusive wake formed by the spreading of low-molecular-
weight tracers (such as lanthanum and sodium fluores-
cein) on the downstream side of the junction strand dis-
continuities. Important additional evidence in support of
the small pore system proposed in (16) was obtained from
the time-dependent studies of the penetration of lantha-
num in the cleft on the abluminal side of the junction
strand, confocal microscopic measurements of the spread

of sodium fluorescein in the tissue surrounding a perfused
microvessel, and a theoretical model that describes the
time-dependent labeling behavior observed in these ex-
periments (18). The time-dependent diffusion wake model
in Fu et al. (18) provided a new interpretation of labeled
tracer studies to define the permeability pathways for low-
molecular-weight tracers that depend on the time-depen-
dent filling of the extravascular space.

Another experimental difficulty is that the existence of
fiber matrix components cannot be directly visualized in
the wide part of the cleft, especially in in vivo experiments.
For this reason, it has not been clear whether the junc-
tional barrier or the fiber matrix is the primary structure
in determining the selectivity of the capillary wall. In Fu
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Figure 8. (a) 3-dimensional sketch of the junction-orifice-matrix
entrance layer model for the interendothelial cleft. 2B is the width
of the cleft. Large junction breaks observed in (29) are 2d�2B,
whereas the small continuous slit in the junction strand is 2bs. (b)
Plane view of the model. Junction strand with periodic openings
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tance between adjacent large junction breaks. At the entrance of
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sented by a periodic square array of cylindrical fibers. a, radius of
these fibers, D, gap spacing between fibers, and Lf, thickness of
entrance fiber layer (16,18,57,58).
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et al. (57) a time-dependent convective-diffusion wake
model for high-molecular-weight tracers was proposed to
design experiments that can test for the location of the
molecular filter. Horseradish peroxidase (Stokes radius¼
3nm) was the test solute in their model. For this size of
molecule, most of the tracer concentration difference be-
tween the lumen and the tissue was developed across the
matrix layer. This observation may explain the common
finding in electron microscopy that no large tracer is found
in the cleft. The result indicates that failure to find tracer
in the cleft does not necessarily mean that the tracer does
not cross the cleft pathway, but that, under the experi-
mental conditions of most tracer experiments, the tracer
concentration downstream from the matrix is too low to be
detected (57).

6.3. Role of Surface Glycocalyx

6.3.1. Molecular Filter. The model in Fig. 8 (16) pro-
vides a quantitative description of flows through a real
endothelial barrier (frog mesenteric capillary) in terms of
directly measured geometry of the junctional strand and
reasonable estimates of glycocalyx structure. A convec-
tive-diffusion model for macromolecule (albumin) trans-
port (59) demonstrates that the primary effect of the fiber
matrix at the cleft entrance is to modify the two-dimen-
sional spread of water and solutes through the cleft. In the
absence of matrix (Lf¼ 0 in Fig. 8), the pressure and al-
bumin concentration fall symmetrically about a break in
the junctional strand located halfway between the lumen
and the tissue (not shown here). However, in the presence
of the matrix, Fig. 10 shows that more than 90% of the
drop occurs across the surface fiber matrix layer when the
thickness Lf¼150nm (59).

In contrast to the resistance of the matrix to water and
large solutes such as albumin (radius¼ 3.6 nm), the ma-

trix acting as the macromolecular filter offers little resis-
tance to small solutes of less than 1nm radius (16).

6.3.2. Building of Starling Force across the Capillary
Wall. Nearly every contemporary physiology text has ex-
plained Starling’s hypothesis in terms of a classic Landis–
Starling diagram in which there is net filtration in the
capillaries on the arterial side and a nearly equal reab-
sorption on the venous side because of osmotic forces leav-
ing a small net positive filtration that accounts for the
lymph flow. This widely accepted view was first seriously
challenged in the provocative review by Levick (60). Le-
vick shows that, if one uses the latest measurements of the
local average interstitial oncotic pressure in calculating
the isogravimetric pressure opposing filtration, one finds
that, in nearly every tissue except the renal capillaries
and the gut mucosa, the pressure in the postcapillary ve-
nules significantly exceeds the isogravimetric pressure
and there should be net filtration rather than reabsorp-
tion. This fundamental paradox was the focus of a recent
review by Michel (32) summarizing our latest understand-
ing of microvascular fluid exchange.

Based on arguments presented in Michel (32), Hu and
Weinbaum (59) have proposed a new hypothesis that sug-
gests that the oncotic force occurs primarily across the
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protein sieving layer at the endothelial surface, the sur-
face glycocalyx. In contrast, the filtration pressure drop
occurs across both this protein sieving layer and across the
interendothelial cleft with its junction strands. This model
showed that the paradox described by Levick (60) can be
resolved if the oncotic force across the surface matrix layer
is determined by the local difference in protein concentra-
tion between the plasma and the fluid on the tissue side of
the matrix layer rather than the interstitial fluid in the
tissue itself. The results from the convective-diffusion
model in Hu and Weinbaum (59) show that coupling of
water flow to albumin flux on the tissue side of the matrix
could give rise to a nonuniform distribution of albumin
concentration and a corresponding nonuniform distribu-
tion of effective osmotic pressure. A similar model for on-
cotic pressures opposing filtration across rat microvessels
(46) further conforms the hypothesis that colloid osmotic
forces opposing filtration across nonfenestrated continu-
ous capillaries are developed across the endothelial glyco-
calyx and that the oncotic pressure of interstitial fluid
does not directly determine fluid balance across microvas-
cular endothelium.

6.3.3. Charge Effect. Adamson et al. (61) showed that
for similar size solutes, ribonuclease and a-lactalbumin,
the permeability of ribonuclease (Pribonuclease) with a pos-
itive charge was twice that of a-lactalbumin (Pa-lactalbumin)
with a negative charge in frog mesenteric capillaries.
Their experiments suggested that the transvascular path-
ways contain negative charges.

Experiments by Curry et al. (62) and Huxley et al. (63)
suggested that orosomucoid and plasma increase net neg-
ative charge of microvessel walls to further increase
Pribonuclease and decrease Pa-lactalbumin.

Previously, a simple Donnan-type model was proposed
to describe the charge effect on microvessel permeability
(61–63). It was based on a Donnan equilibrium distribu-
tion of ions, which exists as a result of retention of nega-
tive charges on the capillary membrane. It was suggested
(64,65) that the steric and electrostatic exclusions be de-
scribed in terms of an effective partition coefficient (Feff ),

Feff ¼Fsteric expð�ZDEF=RTÞ

¼Fsteric expð�ZDCÞ:
ð16Þ

Here, Fsteric is the steric partition coefficient describing the
size selectivity of the membrane, DE is the effective Don-
nan electrical potential difference across the membrane, Z
is the charge on the solute,R is the universal gas constant,
F is the Faraday constant, and T is temperature. RT/F is
25.2mV at 201C. Dc¼DE F=RT is the dimensionless elec-
trical potential difference.

To investigate this charge selectivity on microvessel
permeability, Fu et al. (66) extended the 3-D junction-or-
ifice-fiber matrix model developed by Fu et al. (16) for the
interendothelial cleft to include a negatively charged
glycocalyx layer at the entrance of the interendothelial
cleft (Fig. 11) (66). Both electrostatic exclusions and steric
exclusions on charged solutes are considered at the inter-
faces of the glycocalyx layer between the vessel lumen and

between the endothelial cleft. The effect of electrostatic
interactions between charged solutes and the matrix on
solute transport is also described within the glycocalyx
layer. Their results showed that to account for the two-fold
difference in Pribonuclease and Pa-lactalbumin observed in (61),
the negative charge density in the glycocalyx layer would
be B25mEq/L. Increase in the charge density from
B25mEq/L to B50mEq/L would explain the change in
Pribonuclease and Pa-lactalbumin by orosomucoid (62). Change
in Pa-lactalbumin by plasma observed in (63) could be ac-
counted for if the density increases from B25mEq/L to
B60mEq/L. This model incorporating charge effects of the
endothelial surface glycocalyx can provide a more detailed
quantitative analysis of various experimental results ex-
pected to be associated with negative charge in transvas-
cular pathways and will also help one understand the
physical mechanisms of glycocalyx selectivity and provide
a new method for controlling transport rates of charged
solutes in drug delivery.

Most recently, an electrodiffusion-filtration model was
developed to describe the transport of negatively charged
macromolecules, bovine serum albumin, across venular
microvessels in frog mesentery (67). A very interesting
prediction is that the convective component of albumin
transport is greatly diminished by the presence of a neg-
atively charged glycocalyx.

In addition to the experiments summarized above and
models for water and solute transport across mesenteric or
skeletal muscle microvessel endothelium, other investiga-
tors had extensively studied the influence of molecular
size, charge, and configuration on the passage of macro-
molecules across the glomerular capillary wall (64,68–73).
As a result of the lack of detailed structural information
about the glomerular capillary wall, their models were
mainly one-dimensional.

7. SUMMARY AND FUTURE STUDY

Although transport across endothelium is a classic prob-
lem that has been investigated for more than 50 years, the
fundamental question related to structure-function of mi-
crovessel walls and properties of cells forming the wall
still remains unclear. With the help from mathematical
models for more accurate interpretations and predictions;
new techniques involving fluorescence, atomic force, and
electron microscopy; and new developments in molecular
biology and biochemistry will lead to more fascinating dis-
coveries in this field.

One problem that has not been investigated thoroughly
is the selectivity of the endothelium to solutes with vari-
ous sizes, shapes, and charges, especially in the glycocalyx
layer. By employing a molecular dynamics method, new
models are expected to elucidate the interactions between
solutes and the fiber matrix as well as between solutes
when the solute size is very close to the gap spacing be-
tween fibers and when the solution is no longer dilute.

Another problem is the development of models for dy-
namic water and solute transport through multi-transen-
dothelial pathways including intercellular, transcellular,
fenestrae, and vesicle routes. They are important for pre-
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dicting the malfunction in the transendothelium process
during disease. The third problem is to create transendo-
thelial models for cells such as leukocytes and cancer cells.
The cell transport is crucial in many physiological and
pathological processes including inflammatory response
and tumor metastasis.
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TREES, EVOLUTIONARY
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1. INTRODUCTION

An evolutionary tree (also known as phylogenetic tree or
phylogeny) is a graphical depiction of the evolutionary
history that gave rise to a collection of related taxa (genes,
individuals, populations, species, or higher groupings of
organisms). The word phylogeny derives from the Greek
words phylum (tribe), also adopted in biology as the name
of the first subdivision of the kingdoms of life, and genesis
(origin). Very few phylogenies are absolutely known. Most
are inferred through a statistical analysis of data collected
from a sample of extant taxa. With the rise of the genome
era, the data are usually nucleotide or nucleotide-derived
amino acid sequences obtained from representative indi-
viduals.

Formal methods to estimate phylogenetic trees from
data have existed since the mid-twentieth century. With
the latest approach introduced within the last decade, four
main phylogenetic methods now exist: (1) maximum par-
simony, (2) maximum likelihood, (3) Bayesian, and (4)
distance-matrix methods. Each main method can be
further subdivided into a myriad of specific models, algo-
rithms, and generalizations. In disentangling the various
methods, it is helpful to recognize that most consist of
three parts (1): (1) an optimality criterion, (2) a mathema-
tical model of evolution or a collection of assumptions
about evolution, and (3) a search strategy.

Most methods use an optimality criterion to compare
and rank alternative trees. Maximum parsimony maxi-
mizes simplicity by defining the optimum tree as the one
positing the fewest number of evolutionary changes. Max-
imum likelihood methods, appropriately named after the
statistical estimation procedure, attempt to find the tree
that maximizes the likelihood of the data. Bayesian
methods alternatively maximize the posterior probability
of the tree given the data, differing from maximum like-
lihood by allowing prior beliefs about the tree and evolu-
tionary process to impact the estimation procedure. Some
distance-matrix methods do not formally define an optim-
ality criterion, instead relying on an algorithm to identify
a single, best tree without comparison among trees. Other
distance-matrix methods minimize a weighted sum that
quantifies the amount of disagreement between a tree and
pairwise distance estimates.

All phylogenetic methods, whether explicitly or not,
make assumptions about the process of evolution. Hence,
maximum parsimony assumes that changes are rare. The
likelihood-based methods, maximum likelihood and Baye-
sian, define a mathematical model of evolution that typi-
cally assumes the equality of certain mutation rates (e.g.,
A! G and G! A). Distance-matrix methods use these
same mathematical models to calculate pairwise evolu-
tionary distances between taxa.

Finally, nearly all methods work in concert with a
search strategy. The number of possible trees expands
rapidly with the number of taxa one wishes to incorporate
in the tree. Only those distance-matrix methods that are
algorithm-driven escape the need to compare trees. All
other methods score trees using the associated optimality
criterion and then select the tree or set of trees with the
best score. An exhaustive comparison of all trees is im-
possible except when the number of taxa is small. Instead,
the phylogenetic methods must use a search strategy to
efficiently traverse the space of all possible trees and find
the best-scoring tree. It is important to note that the
problem is NP-complete, and none of the approximate
search strategies is guaranteed to find the best tree.

2. THE HISTORY OF PHYLOGENETIC INFERENCE

The representation of evolutionary history as a tree was
established with the words of Charles Darwin (1809–
1882), who wrote in the Origin of Species (2) that ‘‘the
green and budding twigs may represent existing species;
and those produced during each former year may repre-
sent the long succession of extinct species.’’ Darwin ap-
parently did not invent the tree simile, attributing the
idea to others he does not name. The image was popular-
ized by Ernst Haeckel (1834–1919) whose 1866 illustra-
tion of a ‘‘tree of life’’ based on morphological evidence
remains ubiquitous today.

The rise of phylogenetic trees seems to correlate most
closely with the rise of interest in molecular evolution. The
concept of evolution at the molecular level began in 1904
when George Henry Falkiner Nuttall discovered that
serological cross reactions among animals were correlated
with the degree of relatedness (3). Soon after, E. T. Reich-
ert began using crystallographic comparisons of large
molecules to construct molecular phylogenies. He was
alone in this endeavor until molecular comparison tech-
niques, including DNA hybridization, protein electrophor-
esis, and amino acid sequencing, boomed in the 1950s (3).
In 1962, Emilé Zuckerkandl and Linus Pauling focused
attention on molecular sequence data, specifically hemo-
globin amino acid sequences, by demonstrating how var-
iations in sequences from different species might be used
to infer past evolutionary events (3).

The 1960s brought the first objective methods to deci-
pher the evolutionary relationships encoded in the rising
tide of molecular data. Joseph Camin and Robert Sokal (4)
first introduced a version of maximum parsimony in 1965,
with Walter Fitch proposing a related algorithm for se-
quence data in 1971 (4). The maximum likelihood method
for continuous data was also developed in the 1960s by L.
L. Cavalli-Sforza and A. W. F. Edwards with a culminating
article in 1967, but maximum likelihood for discrete
sequence data was not popularized until 1981, with the
work of Joseph Felsenstein (4). Practical implementations
of Bayesian phylogenetics were first realized in the mid-
1990s (5).
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3. THE PHYLOGENETIC TREE

A maximum likelihood-inferred phylogenetic tree reveal-
ing the presumed evolutionary relationships between six
hepatitis B virus (HBV) DNA genomes is shown in Fig. 1.
The tree in Fig. 1a is unrooted, whereas that in Fig. 1b is
arbitrarily rooted along one of the internal branches. The
root is the location of the most recent common ancestor of
all taxa in the sample, and its placement implies a
temporal direction to each branch. Most phylogenetic
methods infer unrooted trees, but a root can be placed
arbitrarily for display or computational purposes as in Fig.
1b and Fig. 2 or estimated by including an outgroup
among the sampled taxa. An outgroup is a taxon known
to have diverged before any of the ingroup taxa diverged
from each other. The internal node connecting the out-
group to the rest of the tree estimates the true root
position.

The sampled taxa are called the leaves, terminal nodes,
or tips of the tree. The branch points or internal nodes
within the tree represent key ancestors who gave rise to
multiple descent lineages that were sampled as part of the
extant data. Each lineage gives rise to a monophyletic
cluster, or group of taxa that first share a common
ancestor with each other before sharing an ancestor with
any other sampled taxon. Most evolutionary trees are
binary, or strictly bifurcating, meaning that each internal
node, except perhaps the root, is connected to exactly
three branches. Multifurcations are assumed to be rare
events, but can appear when there is insufficient data to
infer certain branching orders.

In a weighted tree, such as those in Fig. 1, the branches
have associated lengths reflecting the amount of evolution
estimated to have occurred between the two nodes they
connect. Unweighted trees, also called topologies, describe
the branching order only. NS¼

ð2S�5Þ!
2S�3ðS�3Þ!

unrooted topolo-
gies connecting S taxa exist, a number that exceeds two
million by the time S¼ 10. Exhaustive search of the tree
space is infeasible unless S � 10 (1), and well below that
for more computationally intensive methods.

The tree is only one possible model of evolutionary
history and comes with a number of fundamental assump-
tions. Foremost is the assumption that all sampled taxa
share a common ancestor (i.e., the data are homologous).

Nonhomologous data, such as the wings of birds and
insects, would not be appropriate data for phylogenetic
analysis. Finally, the tree assumption forbids gene con-
version, gene transfer, or recombination between lineages,
so that no exchange of genetic material occurs between
any descendents of the root and one true phylogeny
describes the evolution of the sampled species.

4. THE DATA

Although many types of data have been used to infer
phylogenetic trees, the bioinformatics age has made phy-
logenetic assessment of sequence data very common. The
author shall focus on aligned sequence data (nucleotide or
amino acid) and refer the reader to the references for
comprehensive reviews covering other data types.

A partial nucleotide alignment is shown in Fig. 3.
Generally, the data consist of L positions of aligned
sequences from S taxa. Each sequence may consist of
fewer than L nucleotides or amino acids because of gaps
introduced in the alignment. The alignment data is often
summarized as a S�L data matrix
X ¼fxij;1 � i � S; 1 � j � Lg, where xij is the observed
nucleotide or amino acid at position j in sequence i.
Henceforth, assume the data are aligned nucleotide se-
quences.

The requirement for homologous data specifically de-
mands positional homology when the data are aligned
sequences. Thus, each nucleotide in the column of data

Figure 2. Tree with observed data, ancestral data, and branch
lengths.

Figure 1. Evolutionary tree of HBV data.
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x:j¼fxij; 1 � i � Sg must have evolved from the same
ancestral nucleotide. Uncertainty in the alignment can
destroy positional homology, but visual inspection with
possible manual adjustment of the alignment remains the
standard procedure for eliminating or at least ensuring
the scarcity of nonhomologous positions. It is worth noting
that multiple sequence alignment typically relies on a
phylogenetic tree, whereas phylogenetic analysis typically
relies on a multiple sequence alignment. This circular
dependence is a current area of concern and ongoing
research.

Data from related taxa contain similarities resulting
from common ancestry. It is this signal that phylogenetic
methods attempt to decipher and summarize in an evolu-
tionary tree. However, a number of evolutionary phenom-
ena exist that result in homoplasies, similarities not
resulting from shared ancestry, see Fig. 4. Convergence
occurs when two lineages acquire similar features from
distinct copies in their ancestors. Parallelism occurs when
two lineages acquire similar features after diverging from
a common ancestor. Reversals, where an evolved trait
reverts to the ancestral state, can also lead to excess
similarity between two otherwise more distantly related
taxa. Convergence, parallelism, and reversals often occur
because of selection but may develop by chance, particu-
larly when superimposed changes are common. In general,
a superimposed change is hidden divergence not revealed
in a cursory examination of sequences. For example, in
Fig. 4, observation of the nucleotides A and C suggests one
change, but the history reveals two changes occurred.
Although not guaranteeing it, homoplasy can contribute
to the failure of phylogenetic methods.

Another Achilles’ heel of the methods lie in the assump-
tions they make. In addition to the tree assumption, most
phylogenetic methods assume that all sites of aligned
molecular sequence data are independent and identically
distributed (iid). In particular, this assumption implies
that no covariation and no change in the process of
evolution exist between sites. These assumptions are not
likely satisfied by coding sequence and other biologically
functional sequence data. Aware of the problem, molecular
evolutionists have used extensive simulations to demon-
strate when methods are robust to violations of the iid
assumption, and when this is not the case, the models
have sometimes been extended to relax the offending
assumption. Some degree of realism can be achieved
within the iid context. For example, the discovery that
variation in the overall rate of mutation between sites can

result in poor phylogeny estimation lead to models that
include invariant sites (6) or that independently assign
overall rates of mutation to sites (7–9), or both (10). With
independent assignment of rates, sites are still iid in the
extended model.

5. ASSESSING PHYLOGENETIC METHODS

An evolutionary history is a recording of events in a past
that can never be revisited for confirmation and testing.
Phylogenetic estimation is, therefore, a particularly diffi-
cult inference problem because rarely can the true phylo-
geny and the events generating that phylogeny ever be
known. Only simulated data, usually generated under
idealistic conditions, and a handful of biological datasets
with known histories can truly test the performance of a
phylogenetic method. To make the best use of these
limited testing conditions, a number of criteria have
been carefully described for comparing methods (11).

A method is consistent if the estimated tree converges
on the true tree as longer and longer sequence alignments
become available. Inconsistency of maximum parsimony
when evolutionary rates vary wildly was first elegantly
demonstrated by Felsenstein (12), but assumption viola-
tions can also make model-based methods inconsistent
(13,14). A method is robust if it continues to infer the true
tree even when its assumptions are violated. A method
that is very sensitive to small assumption violations is not
robust and not preferred. A consistent method is statisti-
cally efficient if it identifies the true tree as the best tree
without requiring large amounts of data and algorithmi-
cally efficient if it converges on the best tree in a short
amount of time. A method might also be preferred if its
assumptions can be tested (falsifiability) or if all model
parameters are estimable (identifiability). The application
context and preferences of the user will typically affect the
relative importance of each of these criteria (4).

Homoplasy Type Example

Convergence

Parallelism

Reversal

Superimposition

Figure 4. Homoplasy examples.

Alignment Position
Sequence 1 2 3 4 5 6 7 8 9 10
AY090460 C T C A A C A C A G
AF121241 C T C C A C A A C C
AB064310 C T C T A C A G C A
AJ012207 T T C C A C T G C C
AB014367 C T C C A C A A C A
AB073843 T T C C A C A A C T

X69798 C T C A A C C C A G

Figure 3. Partial sequence alignment.
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6. TREE ESTIMATION METHODS

6.1. Maximum Parsimony

Maximum parsimony is a heuristic method for scoring
trees based on the assumption that mutations are rela-
tively rare events. One prefers a phylogeny where fewer
rather than more mutations must be hypothesized to
explain the data (see Fig. 5, where each mutation needed
to explain the given data is displayed on two alternative
trees). Only some sites are informative in the sense that
they can be used to distinguish trees. Unless a site
contains at least two different nucleotides each repre-
sented in at least two different taxa, it will not be used
to select a tree in maximum parsimony.

For a given topology t, the minimum number of muta-
tions required to explain the data observed at each align-
ment position are calculated separately and summed to
give the total tree length. The topology t with the smallest
tree length (i.e., the smallest number of mutations or
amount of evolution), is selected as the best tree. In the
simplest implementation of maximum parsimony, each
mutation counts as one point against the tree in question.
For four taxa (Fig. 5), it is easy to determine the minimum
number of mutations required to explain the data, but the
problem is far more complex when the number of taxa
increases. Fortunately, efficient algorithms exist that work
by assigning a plausible set of nucleotides to each ances-
tral node in the tree (15). If two sister nodes have plausible
sets that do not intersect, then a mutation must have
occurred. Given a topology t, the algorithm for calculating
the contribution lj of alignment position j to the total tree
length is as follows (see Fig. 6):

1. Arbitrarily root the tree anywhere. Initialize lj¼0.
Set the plausible set si for all terminal nodes i to the
observed nucleotide. Thus, si¼fxijg for i¼ 1; . . . ;S.

2. For an internal node z whose two direct descendants
x and y have plausible sets sx and sy already as-
signed, set z’s plausible set as follows

sz¼
sx \ sy if sx \ syO+

sx [ sy if sx \ sy¼+:

(

If sx \ sy¼+, additionally increment lj by one.

3. Repeat from step 2 until the root has been visited.

Finally, the total tree length TL¼
PL

j¼ 1 lj, and the tree
with the smallest TL is chosen as the maximum parsi-
mony tree.

In addition to assuming that mutations are rare, max-
imum parsimony assumes that all changes are equally
likely. Variations exist on Fitch parsimony, the kind
defined above, that allow for mutations to be ordered
(Wagner parsimony) or ordered and unique (Dollo parsi-
mony), although these variants have little applicability to
sequence data. Weighted parsimony generalizes further
by allowing the user to weight all mutations arbitrarily. A
method for estimating the weights from the data is avail-
able (16). When mutations are not rare, such as for
divergent sequences, corrected parsimony is a form of
parsimony that attempts to correct for the superimposed
mutations. As in weighted parsimony, mutations are
differentially weighted, but not based particularly on the
nature of the mutation itself, rather on where they happen
in the tree, such that changes along short branches, where
change is rare, are weighted more than changes along long
branches, where change is common. See Ref. 1 or Ref. 4 for
more information and clear discussions of corrected parsi-
mony.

6.2. Likelihood Methods

The likelihood function, or the probability of the data
given a model of evolution and a phylogenetic tree, plays
a fundamental role for the next two methods. The max-
imum likelihood method uses the likelihood as its optim-
ality function. The Bayesian method uses the posterior
probability, or the likelihood function times a prior dis-
tribution, as its optimality criterion. Both methods require
careful specification of a model to proceed. One advantage
of this model-based approach is that assumptions are
clearly stated and, in particular, superimposed changes
are explicitly accounted for by the model.

6.2.1. Maximum Likelihood. Maximum likelihood mod-
els begin with the assumption that mutations are random.
A random, or stochastic, model is constructed by assigning
a probability to all possible mutation events. Next, muta-
tions are assumed ‘‘memoryless’’ such that the probability
of mutating to nucleotide i from the current nucleotide j is
independent of all past mutations. When this conditional
independence is in force, the two lineages descending from
any internal node evolve independently of each other once
the state of the ancestor at the internal node is known. In

Figure 5. Maximum parsimony prefers trees with fewer muta-
tions.

Figure 6. Maximum parsimony algorithm.
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unrooted trees, which two of the three lineages emerging
from an internal node are the descendent lineages is
unknown, but because most models also assume time-
reversibility, the distinction is unimportant. In a time-
reversible model evolving at equilibrium, the root location
is arbitrary and can be established at the user’s conve-
nience. The memoryless property is synonymous with the
Markov stochastic process (17); thus, evolution is modeled
by a time-reversible and homogeneous continuous time
Markov chain (CTMC). Homogeneity is yet another as-
sumption that is usually added for mathematical conve-
nience. To summarize, the main assumptions applicable to
almost all mathematical models of evolution are that
evolution is:

1. memoryless, such that conditional on the present,
the future mutations will proceed independently of
the past;

2. stationary (at equilibrium), such that the nucleotide
composition remains constant throughout time;

3. time-reversible, such that the probability of obser-
ving a particular series of mutations forward in time
is identical to the probability of observing the same
series in reverse. [e.g., P(start in
AÞPðA! C! TÞ¼P(start in TÞPðT! C! AÞ]; and

4. homogeneous, such that the same mutation rates
apply in all lineages at all times.

The CTMC traces the series of substitutions occurring
at a single site in a sequence during its evolution in time.
Mathematically, it records the history of the random
variable Z(t) representing the nucleotide present at the
site at time t. The CTMC is summarized by the instanta-
neous rate matrix Q, where each element qij is the rate of
mutation from nucleotide i to j in an infinitesimal period of
time. Most of the varieties of maximum likelihood phylo-
genetic methods involve different parameterizations of
this matrix Q, which in its most general form is not time
reversible.

Q¼M

� apC bpG cpT

gpA � dpG epT

hpA jpC � fpT

ipA kpC lpG �

0

B

B

B

B

B

@

1

C

C

C

C

C

A

:

The constant factor M multiplies all entries and is a
biologically meaningful parameter indicating the average
mutation rate. The parameters a through l are the specific
substitution rates, relative to the average rateM, between
particular nucleotides. The vector p¼ ðpA; pC; pG; pTÞ is the
associated stationary distribution of the CTMC. The diag-
onal elements are retrieved by recalling that the elements
in each row of an instantaneous rate matrix must sum to
zero (17). The condition for time-reversibility is a¼ g, b¼
h, c¼ i, d¼ j, e¼ k, and f¼ l, leaving six free parameters
(a, b, c, d, e, f). The most general time-reversible model
and several common simplifications are given in Table 1

along with the corresponding parameter restrictions
(4,6,18–22).

It is well known (17) that the instantaneous transition
matrix provides the change probabilities in arbitrary time
t via the equation

PðtÞ¼ eQt; ð1Þ

where the matrix exponential is evaluated by decompos-
ing Q into its eigenvalues and eigenvectors and P(t) is a
matrix with entries

PijðtÞ¼P½Zðsþ tÞ¼ jjZðsÞ¼ i�;

that are independent of s when time homogeneity is
assumed. Note that the multiplier M of Q is confounded
with time t in Equation 1, implying that time and average
mutation rate cannot be separately estimated without
additional assumptions or information. As a consequence,
the branch lengths in maximum likelihood-estimated
trees do not represent absolute time, but scaled time Mt.
With this scaling, the branch length is the number of
mutations expected per nucleotide site between the two
nodes populating the ends of the branch.

The likelihood of a tree is obtained by relying heavily
on the Markov memoryless assumption. Conveniently,
just as for maximum parsimony, the sites are also as-
sumed independent, so the likelihood of the full alignment
is the product of the likelihoods of each site. We consider
the likelihood of a single site now, dropping the site index
to simplify the presentation. For exposition, it is best to
first consider the joint likelihood of the data and ancestral
states, the latter being a kind of missing data (Fig. 2). For

Table 1. Continuous Time Markov Chain Models of
Evolution

Model Abbreviation Assumptions

Jukes and
Cantor,
1969 (18)

JC69 pA¼pC¼pG¼pT ¼0:25

a¼b¼ c¼d¼ e¼ f
Kimura Two-

Parameter
(19)

K80 pA¼pC¼pG¼pT ¼0:25

a¼ c¼d¼ f ;b¼ e
Kimura

Three-
Parameter
(20)

K81 pA¼pC¼pG¼pT ¼0:25

a¼ c¼d¼ f

Felsenstein,
1981 (21)

F81 a¼b¼ c¼d¼ e¼ f

Hasegawa, et
al. 1985 (6)

HKY85 a¼ c¼d¼ f ;b¼ e

Tamura and
Nei, 1993
(22)

TN93 a¼ c¼d¼ f

General Time
Reversible
[See (4)]

GTR none
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convenience, we have chosen to root the tree at one of the
internal nodes. The likelihood of the site data
x¼ðG;A;A;GÞ and ancestral states y¼ ðG;GÞ given the
tree t, the branch lengths b¼ ðb1; b2; b3; b4; b5Þ, and evolu-
tionary parameters y from the Q matrix is

Pðx; yjt; b; yÞ¼ pGPGGðb1ÞPGAðb2Þ

�PGGðb5ÞPGAðb3ÞPGGðb4Þ:

The right-hand side is the probability of starting with
nucleotide G at the ancestor, remaining in or mutating
back to nucleotideG after b1 evolutionary time units along
branch 1, mutating to nucleotide A after b2 units along
branch 2, ending in nucleotide G after b5 units along
branch 5, continuing on to nucleotide G in another b3
units along branch 3, and again to A in b4 units along
branch 4. As these events are conditionally independent
by the Markov assumption, the likelihood is given by the
product of change probabilities.

The likelihood of the observed site data alone is
obtained by summing the preceding likelihood over all
possible ancestral nucleotide assignments.

Pðxjt; b; yÞ¼
X

y1 ;y22fA;C;G;Tg

py1Py1Gðb1Þ

�Py1Aðb2ÞPy1y2 ðb5ÞPy2Aðb3ÞPy2Gðb4Þ:

The complexity of the calculation grows exponentially in
the number of taxa S. Fortunately, a dynamic program-
ming algorithm (21,23) reduces the number of calculations
by careful rearrangement of the sums. The resulting
algorithm has time complexity O(SL), linear in both
dimensions of the data matrix X. The algorithm is now
described by starting with the likelihood equation for a
single site i of data evolving along an arbitrary tree.

Pðxijt; b; yÞ¼
X

ySþ 1 ;...;y2S�2

py2S�2

�
Y

S

k¼ 1

PysðkÞxki ðbkÞ

 !

Y

2S�3

k¼Sþ1

PysðkÞyk ðbkÞ

 !

;

ð2Þ

where xi¼ ðx1i; . . . ; xSiÞ are the observed site data,
y¼ðySþ 1; . . . ; y2S�3Þ are the ancestral states, sðkÞ is a
function mapping the node index k to the index of its
parent node, t is the topology, y are the evolutionary
parameters, and b¼ ðb1; . . . ; b2S�3Þ are the branch lengths
indexed by the attached descendant node. The tree is
rooted at internal node 2S� 2. The algorithm to compute
the site likelihood (Equation 2) requires traversal of the
tree from terminal nodes to root and uses conditional
subtree likelihoods. Writing C(j,n) for the conditional
likelihood of the subtree descending from node n, given
that the state of node n is j, the algorithm proceeds as
follows for site i:

1. For all terminal nodes n¼ 1; . . . ;S, initialize

Cðj;nÞ¼
1 xni¼ j

0 otherwise:

(

2. Visit an internal node nwhose left and right nodes nl

and nr have previously been visited. Compute

Cðj;nÞ¼
X

y

Cðy;nlÞPjyðbnl
Þ

 !

X

y

Cðy;nrÞPjyðbnr
Þ

 !

for each possible nucleotide j.

3. Repeat 2 until reaching the root and calculate C(j,
root) as for all other internal nodes. The final site
likelihood is

Li¼
X

y

pyCðy; rootÞ:

The total likelihood for the data matrix X is the product of
the site likelihoods

L¼PðXjt; b; yÞ¼
Y

L

i¼ 1

Li: ð3Þ

Maximization of Equation 3 over all parameters ðt; b; yÞ
is computationally difficult. Generally, the continuous
parameters ðb; yÞ are maximized by hill-climbing algo-
rithms, such as Newton–Raphson, for fixed t. Then, the
topology t is adjusted using a search strategy, followed
again by maximization over ðb; yÞ. More details and issues
of likelihood maximization are covered by Swofford et al.
(4).

6.2.2. Bayesian Methods. The Bayesian methods make
use of Bayes’ rule to calculate the posterior probability of a
topology conditional on the data.

PðtjXÞ¼
PðXjtÞPðtÞ

PðXÞ
/ PðXjtÞPðtÞ; ð4Þ

where the probability of the data PðXÞ is usually ignored
as a constant multiplier that will not affect inference. The
calculation is made via the likelihood PðXjtÞ and thus
implementations rely heavily on the same dynamic pro-
gramming algorithms used in the maximum likelihood
method. Previously, the likelihood PðXjt; b; yÞwas obtained
conditional on the topology, branch lengths, and evolu-
tionary parameters (Equation 3), but the preceding Bayes’
equation involves the likelihood PðXjtÞ conditional only on
t. In fact, the Bayesian method also uses the completely
specified likelihood, but the result is then integrated
against the prior Pðb; y; tÞ over all non-topology para-
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meters ðb; yÞ.

PðtjXÞ /
Z

b

Z

y
PðXjt; b; yÞPðt; b; yÞdbdy

¼

Z

b

Z

y
PðXjt; b; yÞPðb; yjtÞdbdyPðtÞ;

ð5Þ

showing the posterior probability of topology t is the
integrated likelihood PðXjtÞ times the prior probability of
t. This integration effectively averages over uncertainty in
other model parameters and may result in more robust
topology estimation (5). To pick a best topology, one may
choose the Maximum a Posteriori (MAP) estimate

tMAP¼ arg maxtPðtjXÞ:

A common criterion used to select a best-fitting model,
the Bayesian Information Criterion (BIC), highlights the
connection between the maximum likelihood and Baye-
sian methods. The BIC criterion, defined here in the
context of selecting the best topology t, is defined as

BICt¼ � 2 ln PðXjt; b̂; ŷÞþ vt ln L; ð6Þ

where vt is the number of parameters in the model, L is
the size of the dataset (alignment length), and ŷ and b̂ are
the maximum likelihood estimates of the parameters
assuming topology t (24). The BIC criterion is minimized
over models, in this case, t. As vt is constant for all
bifurcating trees of S sequences, the BIC criterion selects
the maximum likelihood topology t̂. The connection to the
Bayesian approach is that the BIC itself is an approxima-
tion of �2 ln PðXjtÞ, where PðXjtÞ is the integrated like-
lihood (Equation 5). Thus, selecting the optimal t by
minimizing BIC produces the maximum likelihood esti-
mate and also the MAP estimate when a uniform prior on
t is employed.

One of the difficulties and controversies of Bayesian
inference is the need to specify priors for all model
parameters. In this case, the method requires specification
of a prior Pðt; b; yÞ, where t and all components of b and y
are usually assumed mutually independent. The prior can
enrich the inference by letting existing knowledge con-
tribute to the calculations, but when there is controversy
or uncertainty about prior beliefs, it is important to assess
the effect of alternate priors on study conclusions (5).

Several prior structures have been used in phyloge-
netic analysis. There has been an emphasis on uninfor-
mative, flat priors that reflect the current lack of existing
knowledge about the evolutionary process. Yang and
Rannala derived a prior for trees Pðt; bÞ based on a linear
birth-death process with birth rate l and death rate m (25).
The hierarchical parameters l and m were either fixed or
given independent, hierarchical uniform priors. Most
Bayesian methods put a uniform distribution over all NS

possible topologies (26). Similarly, the prior over branch
lengths b and evolutionary parameters y is commonly
uniform, although alternative priors over branch lengths
that down weight very long branches have been employed
(27). Sometimes, the stationary distribution p is also

treated as unknown with a balanced Dirichlet prior dis-
tribution, but setting p to the observed nucleotide fre-
quencies appears to make little difference (27).

Since Bayes’ Equation 4 is not analytically tractable for
phylogenetic models, Markov Chain Monte Carlo (MCMC)
(28) is used to approximate the posterior distribution.
Traditional Monte Carlo approximations are based on
independent samples from the target distribution, but
independent samples from complex distributions may
not be available. MCMC provides an elegant and powerful
solution. To use this numerical method, one must con-
struct an aperiodic and irreducible discrete time Markov
chain defined on the state space of all possible parameter
combinations F¼ ðt;b; yÞ and whose stationary distribu-
tion is equal to the desired posterior probability (29).
Then, although neighboring samples from the chain are
dependent, a long-run average over many samples from a
chain running at equilibrium will approximate the target
posterior distribution (29). In general, the posterior ex-
pectation of any function h of the parameters ðt; b; yÞ is
estimated by

E½hðt; b; yÞ� ¼
X

t

Z

b

Z

y
hðt; b; yÞPðt;b; yjXÞdbdy

�
1

NP

X

NP

i¼ 1

hðti;bi; yiÞ;

ð7Þ

where NP is the size of the posterior sample and vector
ðti; bi; yiÞ is the ith observed state of the Markov chain. In
particular, the posterior probability that G is the true
topology is estimated by

Pðt¼GjXÞ �
# sampleswhere t¼G

Np
:

The above approximation efficiently evaluates the daunt-
ing integral in Equation 5.

The Metropolis–Hastings (MH) algorithm is one con-
venient way to construct a Markov chain with the desired
properties and is often used in Bayesian phylogenetics.
The Markov chain transition probabilities are obtained by
constructing a proposal distribution that suggests a move
to state F0 given that the current state is F with prob-
ability RðF;F0Þ. The proposal is accepted, and so the move
is taken, with probability

a¼ minð1; likelihood ratio�prior ratio�proposal ratioÞ

¼ min 1;
PðXjF0Þ
PðXjFÞ

�
PðF0Þ
PðFÞ

�
RðF0;FÞ
RðF;F0Þ

� �

:

The resulting transition probabilities define the MCMC
transition kernel. Transition kernels are probably the
single most variable component of current Bayesian phy-
logenetic methods, reflecting the almost total flexibility of
the MH algorithm.

The power of MCMC comes at a cost, for one of the most
difficult aspects of using MCMC is the need to assess
convergence. The approximation in Equation 7 is good
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when NP is large, but the size of NP needed to achieve a
desired level of accuracy appears to be highly case-depen-
dent (30). In fact, two numbers are required to make
Monte Carlo estimates from Markov Chain samples. The
first is called the burn-in, NB. As the chain does not start
with a draw from the posterior distribution, a variable
amount of time is required for the chain to ‘‘forget’’ the
initial state and achieve equilibrium. The burn-in is the
number of samples discarded to ensure the remaining
sample is taken from a stationary chain. The second isNP,
the size of the sample, excluding burn-in. As draws from
the Markov chain are not independent, the usual Monte
Carlo variance estimates do not apply (31). The only
certainty is that longer samples are required to achieve
the same accuracy afforded by independent samples.
Particular difficulties are encountered with slow mixing
chains, where a high level of dependence between con-
secutive samples exists. Indeed, the high dimensional
state space ðt; b; yÞ used in phylogenetic models is particu-
larly susceptible to slow mixing. To combat intersample
dependence, a third number, called the subsample rate, is
sometimes used in addition to the burn-in and sample
size. When a MCMC sample is subsampled at rate NR,
only samples fiNR; i¼ 1; 2; . . .g are recorded, with the rest
discarded. Evidence suggests that discarding data can
only increase the sampling variance (31), but very slow
mixing chains may nevertheless be subsampled to avoid
excessively large samples.

In Bayesian phylogenetics, convergence diagnostics are
used to determine the NB and NP needed to ensure good
Monte Carlo estimates. The most common diagnostic is a
plot of the Markov chain step i vs. the log likelihood
logPðXjti; bi; yiÞ (Fig. 7). At equilibrium, the log likelihood
should oscillate around a stationary mean. A choice for the
burn-in is made by removing points associated with the
nonstationary phase of the plot (e.g., a burn-in of 300
should suffice for Fig. 7). Another common ploy is to
compare the results from multiple MCMC samples start-
ing from different initial conditions (5). This comparison
can provide approximate Monte Carlo errors or detect

failure to achieve equilibrium. Autocorrelation plots of the
log likelihoods or other tree metrics have been used in
Bayesian phylogenetics to set subsample rates resulting
in nearly independent samples.

To detect poorly mixing chains, authors have employed
Scaled Regeneration Quantile (SRQ) plots. Consider to-
pology G. The chain visits G at each step where the state
ðti; bi; yiÞ has ti¼G. If Tj is the step at which the jth visit to
topology G occurs and there are a total of N visits to G,
then the SRQ plot graphs Ti=TN vs. i=N. A chain that is
mixing poorly will diverge from the y¼ x line. For exam-
ple, in Fig. 8, the first plot indicates a portion of the chain
spent substantially less time in topology G than the rest of
the chain, a sound indication of poor mixing. The plot may
also diverge from y¼ x if insufficient burn-in is used. As
phylogenetic models are particularly prone to mixing
problems and traditional diagnostics often misdiagnose
slow mixing chains (30), verification of healthy mixing is
an important prerequisite for use of phylogenetic MCMC
samples. See Huelsenbeck et al. (5) for more discussion on
the difficulties of MCMC in phylogenetic analysis. It
should be emphasized that using MCMC to obtain Baye-
sian estimates of phylogenetic trees in the context of all
these technical difficulties is no easier, and perhaps even
trickier, than maximizing the likelihood over a complex
tree and parameter space. In addition, MCMC algorithms
are relatively immature compared with their optimization
counterparts that are used to estimate maximum like-
lihoods.

6.3. Distance-Matrix Methods

The distance-matrix methods first convert the data matrix
X into a matrix D of pairwise distances, where entry dij is
the pairwise distance between sequences i and j. The
methods are important because they allow inference of
phylogeny when only pairwise sequence alignments are
available, a common first step on the way to multiple
sequence alignments. In addition, they are a healthy
compromise when the maximum parsimony assumption
of minimal mutations is inadequate, but the likelihood-
based analyses are too slow. They use the same CTMC
models as the likelihood methods, but do not require
maximization over the same complex parameter space.

The simplest distance measure between a pair of
aligned sequences is just the fraction of nonidentical sites.
Like the tree length in maximum parsimony, such dis-
tances do not account for hidden mutations, so phyloge-
netic methods based on such simple D matrices can be
inconsistent. To account for superimposed mutations,
pairwise distances can be estimated using all the evolu-
tionary models used in likelihood-based analyses.

A general framework, applicable to all reversible mod-
els, obtains a distance estimate between two sequences i
and j by using the following general equation:

Eðnumber of substitutions per siteÞ

¼ � trace ½P ln ðP�1YÞ�;
ð8Þ

derived by many authors, but see Ref. 10 for a discussion.
Figure 7. Plot of log likelihood for burn-in estimation.
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Here, P¼diagðpÞ is the diagonal matrix formed from the
vector of equilibrium probabilities p and Y is a matrix of
joint probabilities. In particular, the probability that a
position in the pairwise alignment contains nucleotide n
in sequence i and nucleotide m in sequence j is given by
matrix entry ymn. Equation 8 assumes equilibrium and is
valid for all substitution models in Table 1. The observed
data can be used in a straightforward manner to obtain an
estimate Y 0. Substituting the result into Equation 8
provides an estimate for the distance between two se-
quences i and j, as measured in the expected number of
substitutions per site,

d0ij¼ � trace ½P lnðP�1Y 0Þ�:

The precise nature of the calculations involved in obtain-
ing Y 0 depends on the model in use Ref. 4. For the JC69
model, the entries in Y 0 are

y0ij¼
# of observed differences between i and j

3� ð#of observed sitesÞ
for iOj

y0ii¼
# of observed identities between i and j

#of observed sites
:

The distance estimates obtained from Equation 8 under
the JC69 model are then

d0ij¼ �
3

4
ln ð1� 4y0ijÞ:

Once the distances have been calculated, a number of
ways exist to transform the pairwise distances into esti-
mates of phylogenetic trees. All of these methods assume
the distances are additive, that is for any four taxa i, j, k,
and l

dijþdkl � maxðdikþdjl;dilþdjkÞ: ð9Þ

Equation 9 is known as the four-point condition and is
attributed to Bunneman (32). A little thought shows the
four-point condition implies that, for any set of four
sequences, one of the three possible sums of pairwise
distances is less than the other two sums that are equal.
The important implication of Equation 9 for tree building
is that when it holds for all combinations of four taxa, a
unique tree exists such that the sums of the branches
connecting two taxa i and j is equal to the pairwise
distance dij. For example, if the branches of the first tree

in Fig. 5 translate into perfectly additive distances, then
clearly

d12þd34od13þd24¼d14þd23

must be true. Conversely, if the above equation is true,
then a unique tree (the first tree in Fig. 5) exists consistent
with the pairwise distances. Of course, one cannot esti-
mate the pairwise distances without error. Sampling error
will always lead to deviations such that Equation 9 is not
exactly true. In addition, model assumption violations can
lead to systematic errors such that the pairwise distances
are no longer additive. Still, even when Equation 9 does
not hold, there is a unique, though nonbinary tree relating
the taxa.

A number of methods exist that, given additive dis-
tances, will find the unique additive tree. When the
distances are not additive, the methods still each select
a best tree, but may differ in their choice. One class of
methods attempts to find the branch lengths fbk; 1 � k �
2S� 3g that minimize the optimality criterion

D¼
X

S�1

i¼ 1

X

S

j¼ iþ 1

wijjdij � pijj
b;

where pij is the sum of the branches bk found on the path
connecting sequences i and j in the tree. A search strategy
is engaged to find the tree with the smallest D. Different
methods use different weights wij and power b. Fitch and
Margoliash (33) proposed a common method that sets
b¼ 2 and wij¼d�2ij . In general, the optimal choice of
weights and b depends on the variance and error structure
affecting the distance estimates (4).

The minimum evolution method (as named in Ref. 4)
proceeds as above but determines the optimal tree to be
the one that minimizes the sum of branch lengths rather
than the deviation from pairwise distances. Simulations
suggest that the minimum evolution method is superior.

Finally, a class of clustering algorithms exists that
obtains a best tree without defining an optimality criter-
ion (34). The member called neighbor joining (35) is the
most popular. The algorithm proceeds by combining each
pair of most similar (least distant) nodes at each iteration
until one node is left. The steps of the algorithm are shown
below. See Fig. 9 for a simple demonstration of the
progression of the algorithm. The figure shows the dis-
tance matrix and emerging evolutionary tree after each
cycle through the algorithm.

Figure 8. SRQ plots.
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1. Initialize the number of nodesN¼S and draw a star
tree connecting all terminal nodes to a single, cen-
tral ancestor.

2. For each terminal node i, calculate

ri¼
X

N

j¼ 1

dij:

3. Find the nodes i and j such that

dij �
ðriþ rjÞ

N � 2

is minimized.

4. Define a new node k whose three branches join i, j,
and the remaining star tree. Define the branch
lengths as

bik¼
dij

2
þ
ðri � rjÞ

2ðN � 2Þ

bjk¼dij � bik;

and the distances to the other nodes l as

dkl¼
dilþdjl � dij

2
:

5. Remove the distances to nodes i and j from the
distance matrix and decrease N by 1.

6. Repeat from step 2 until only two nodes remain.
Then the length of the branch connecting the last
two nodes is

bij¼dij:

7. STATISTICAL ASSESSMENT OF AN ESTIMATED TREE

Identifying the best tree is only the first goal of phyloge-
netic analysis. A best tree may be of little practical use
when several competing trees are all well supported by the
data. Statistical techniques to test hypotheses and build
confidence sets for trees are becoming a fundamental part
of any phylogenetic construction. It is now virtually un-
acceptable to publish a phylogenetic tree without some
assessment of statistical confidence.

The topology and branch lengths are not the only
features of a phylogenetic analysis worth statistical ex-
amination. The best-fitting evolutionary model may pro-
vide insight into the important mechanisms of evolution.
Indeed, accurate estimates of certain model parameters
can be the sole target of an investigation, with the
phylogeny merely a necessary but uninteresting nuisance
parameter. Inference involving parameters y of the evolu-
tionary model seems largely insensitive to the topology
(36). On the other hand, although many phylogenetic
methods are quite robust to the assumed evolutionary
model in the sense that they retrieve the true tree even
under inappropriate models, hypothesis testing regarding
the topology is highly sensitive (37–40). Thus, it seems
that the degree to which a particular topology is supported
by the data may be greatly overestimated when inade-
quate evolutionary models are assumed (39). With these
cautions in mind, some of the more popular strategies to
test phylogenies and underlying evolutionary models are
discussed in the following sections.

7.1. The Nonparametric Bootstrap of Phylogeny

By far, the most common statistical assessment of topology
is the nonparametric bootstrap (41). Suppose the inferred
tree is G. The bootstrap procedure involves resampling
with replacement from the columns of the data alignment
X. Each bootstrap dataset X� is of the same length as the
original alignment X but may contain multiple copies of
some columns and no copies of other columns by chance.
Each bootstrap dataset X� is then subjected to the same
procedure performed on the original dataset X. The pro-
portion of bootstrap samples identifying the same best
topology is an estimate of the support in the data for
topology G. Rather than report the overall bootstrap
support for the inferred tree, researchers usually report
the bootstrap support for each branch in G. For branch b,
let the bootstrap support be Pb. Branch b defines a
monophyletic group of the sequences. Efron et al. (42)
argue that Pb is a first-order approximation of the accu-
racy of this monophyletic grouping. In the hypothesis
testing framework, the quantity 1� Pb is a first-order
estimate of the p-value for testing the null hypothesis of
nonmonophyly. In other words, if 1� Pb is smaller than
some a priori cut-off, often 0.05, then one accepts the
alternative hypothesis that the group is truly monophy-
letic.

The bootstrap of phylogeny is popular because it does
not make assumptions about the distribution of a test
statistic and can be used with any phylogenetic method;
however, it still relies on asymptotic arguments. Small or

Distance Matrix Phylogeny Estimate
Stage 1 1 2 3 4

1 0.2 0 .6 0.5
2 0.6 0.5
3 0.5
4

Stage 2 (1,2) 3 4
(1,2) 0.5 0 .3

3 0.4
4

Stage 3 (1,2) ( 3,4)
(1,2) 0.2
(3,4)

Figure 9. Neighbor joining algorithm.
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sparse datasets can result in misleading bootstrap support
values Pb. Many other tests of phylogenetic statistics also
use the bootstrap to escape distributional assumptions.
The bootstrap of phylogeny is the only one that directly
produces approximate distributions of the topology and
without regard to the method for selecting the best
phylogeny. As a consequence, the tests that follow are
more limited in applicability, although not in importance.
Maximum likelihood and Bayesian methods dominate the
discussion and the statistical phylogenetics literature
because of the rich statistical theory surrounding the
likelihood framework (43).

7.2. Likelihood Ratio Tests

The likelihood ratio tests (LRT) are necessarily tied to
maximum likelihood methods. When testing two models
M1 and M2 selected a priori, one can form the likelihood
ratio by maximizing the likelihood under model M1 to get
l1 and under model M2 to get l2 and taking the ratio l1=l2.
When M1 is nested within M2 and certain regular condi-
tions apply, L¼ � 2 lnðl1=l2Þ is asymptotically, as sequence
length goes to infinity, distributed as a w2 distribution with
degrees of freedom equal to the number of extra para-
meters in model M2 (43). Finite sequence lengths lead to a
real distribution that may be far from the asymptotic
expectation. In addition, both nonnested models and a
posteriori models (selected only after examining the data)
lead to complex hypotheses with unknown asymptotic
distributions.

One common problem in phylogenetic inference is to
evaluate which of two candidate topologies, t1 or t2, is
better supported by the data. No standard asymptotic
distribution applies because distinct topology hypotheses
are nonnested. Hasegawa and Kishino describe a boot-
strap estimation procedure (37) and an analytic approx-
imation (44) for the distribution of the difference in two log
likelihoods D¼ lnPðXjt1; b̂; ŷÞ � lnPðXjt2; b̂; ŷÞ. The sim-
pler, but computationally more demanding, of the two
methods (37) generates bootstrap data i in the usual way
and then maximizes the likelihood twice, once assuming t1
and again assuming t2. The resulting empirical distribu-
tion of bootstrap differences Di is used to estimate the
variance and thus confidence intervals of the observed
difference D. An observed difference significantly greater
than zero suggests topology t1 fits the data better than t2.

Shimodaira and Hasegawa (SH) (45) proposed a boot-
strap resampling procedure for identifying a confidence
set of topologies. The test statistic is the difference in
maximum log likelihood values (i.e., �L=2). Viewing
topologies as alternative models in the statistical sense,
the method identifies an a priori set M of topologies and
tests each member for inclusion in the plausible set. As a
hypothesis test, this method tests the null hypothesis that
all topologies in M are an equally satisfactory fit to the
data (46). The SH test requires that the setM contains the
true tree or it can become biased. The procedure is as
follows:

1. For each topology x in M, calculate the statistic
dx¼LML � Lx, where LML is the maximum log like-

lihood over all topologies and Lx is the log likelihood
maximized over topology x.

2. Sample nonparametric bootstrap dataset i as in the
preceding section and maximize the log likelihood
LðiÞx .

3. Calculate adjusted log likelihood values
AðiÞx ¼LðiÞx � 1=B

PB
i¼ 1 LðiÞx , where B is the number of

total bootstrap replicates.

4. Find the maximum adjusted log likelihood AðiÞML and
calculate the bootstrap statistic dðiÞx ¼AðiÞML � AðiÞx .

5. For each topology x, test whether the statistic dx falls
in the top tail of the dðiÞx distribution, where the size
of the tail is determined a priori. The confidence set
includes all x for which dx does not fall in the tail.

The years have brought a wealth of increasingly com-
plex models of evolution (Table 1 only covers a fraction).
Biological data have a voracious appetite for complexity
with complex models resoundingly preferred over simpler
models (36). The assessment of whether a more complex
model fits the data better than a simpler model is usually
made through the LRT. In this context, model M1 is often
contained within model M2; M1 makes more assumptions
or, equivalently, M2 relaxes more assumptions about the
evolutionary process. For example, M1 may assume that
the F81 model is adequate, whereas M2 proposes HKY85.
When the hypotheses are thus nested, L will achieve a w2

distribution with one degree of freedom as the sequence
length increases. If the models are not nested, then the
data may be bootstrapped to produce bootstrap statistics
Li. If L falls among the largest 5% of the bootstrap Li, then
M1 is rejected in favor of M2. Rarely is the maximum
likelihood topology under the two models different, but the
consequences of a disagreement in topology are not
thought to strongly affect the results (36). Many possible
evolutionary assumptions can be thus tested (36,47–49),
and the challenge is to select a test robust to other
assumption violations. For example, a test for equal
transversion rates that assumes equal nucleotide frequen-
cies is robust if it makes the correct decision regarding
transversion rates even when applied to data with un-
equal nucleotide frequencies. In any case, it is highly
recommended that an adequate model be established in
this manner before tests of topology are undertaken
(36,39,46).

Even when no adequately sophisticated model exists or
a model cannot be maximized, the parametric bootstrap is
able to test whether the observed data deviate signifi-
cantly from any arbitrary hypothesis the user is able to
simulate (see, for example, Ref. 49). The parametric boot-
strap assumes a specific model, generates random data-
sets conforming to that model, and then assesses whether
the observed data is, in some sense, extreme when com-
pared with the random bootstrap data. For example, using
the parametric bootstrap, one can test the null hypothesis
that an a priori selected topology t1 is the true topology
against the alternative that t1 is not the true topology or
the alternative that t2 is the true topology (47). The
bootstrap datasets are generated by assuming the topol-
ogy hypothesized under H0 and using the maximum like-
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lihood values of all other parameters ðb; yÞ estimated from
the original data X. Huelsenbeck et al. (40) argued that
such tests could be used to test for monophyly of prespe-
cified groups. In this case, multiple topologies satisfying
either hypothesis may exist. One can use the topology
with maximum likelihood satisfying H0, although other
H0 trees seemed to have little affect on the conclusion (40).

Given the importance of the assumed evolutionary
model on the statistical tests of topology, it becomes
important to know whether even the best-fitting evolu-
tionary model adequately describes the data. In fact,
whether the data is even generated under a tree-like
structure may also be in doubt. To test these questions, a
null hypothesis involving a particular evolutionary model
and the assumption of a tree-like shape is tested against
the alternative hypothesis of the unconstrained model
(47,49). The unconstrained model makes the sole assump-
tion that the sites are iid. The log likelihood under the
unconstrained model is given by

X

4S

i¼ 1

Li ln ðLiÞ � L ln ðLÞ;

where S is the number of sequences, 4S is the number of
possible alignment patterns for nucleotide sequences, Li is
the observed number of type i patterns, and L is the total
number of sites. As the topology is not estimated under the
alternative hypothesis, the number of degrees of freedom
separating the two hypotheses is unclear, so parametric
bootstrapping is recommended for the test (47). If the null
hypothesis is rejected, then either the evolutionary model
is inadequate or the assumption of a tree-like structure is
inappropriate.

7.3. Testing Models in a Bayesian Context

The power of the Bayesian approach is quickly realized
once the difficulty of obtaining an adequate MCMC poster-
ior sample is overcome and statistical tests are initiated.
The posterior support for a topology is easily interpretable
and comes with a built-in measure of confidence. A result
where the best topology receives 0.90 posterior probability
is clearly more conclusive than a result where the best
topology receives 0.40 posterior probability with two com-
peting topologies at 0.30. Conditional on topology, mar-
ginal branch length distributions can be used to draw
weighted trees or test for the presence of zero-length
branches.

More complex hypotheses are easily assessed using
Bayes’ factors, defined as the posterior odds over the prior
odds in favor of model M1 vs. M2. Writing BF for Bayes’
factor,

BF¼
PðM1jXÞ

PðM2jXÞ

�

PðM1Þ

PðM2Þ
;

when assessing the hypothesized model M1 relative to the
alternative model M2. If the data shift the evidence
strongly in favor of M1 relative to the prior evidence for
M1, then the Bayes’ factor will be large. Interpreting BF is

facilitated by considering 2 lnðBFÞ which provides very
strong evidence in favor of M1 when larger than 10 (50).
Hasegawa and Kishino (37) discuss the Bayes’ factor in an
empirical Bayes context, where maximum likelihood para-
meter values are substituted for all parameters not in-
volved in the hypotheses being tested. Bayes’ factors have
also been used like the LRT to test the fit of evolutionary
models (27), but they have also been used in far more
complex situations not easily amendable to maximum
likelihood (51).

8. THE FUTURE OF PHYLOGENETIC METHODS

With the advent of completely sequenced genomes, phylo-
genetic methods have moved out of the realm of limiting
data to overwhelming data. Optimizing methods so that
they can handle large amounts of data, both in the length
of the alignments and the number of species, have become
important problems. Methods that can combine disparate
analyses based on different datasets will also be in de-
mand. In addition, with more and more comparative data
available, there will be increasing attempts to borrow
knowledge from one species to inform research in other
species. Inevitably, phylogenetics must play a role in such
investigations.

Phylogenetic analyses will also expand to accomodate
emerging sources of data. As synteny is retained long after
extensive genomic sequence homology disappears, meth-
ods and models for such data will become important to
decipher ancient evolutionary events (52). In addition,
comparative microarray data may renew interest in the
models of continuous variation (53).

Bayesian phylogenetics is a relative newcomer in the
field of molecular evolution, but has blossomed into a
powerful tool. The technique has been touted as a faster
way to obtain an estimate with distributional information
than maximum likelihood inference followed by bootstrap
(54). In addition, the approach has been able to tackle
problems that have remained relatively intractable to
other phylogenetic approaches. The age-old problem of
alignment plus phylogeny may finally succumb to a Baye-
sian model (55).

As a result of the bioinformatics push toward data-rich
biology, phylogenetic methods will not soon disappear.
Just as evolution is an all-pervasive aspect of biology, so
too are phylogenetic methods and their role in the inter-
pretation and processing of biological data.
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1. INTRODUCTION

According to the 2003 World Health Report, cardiovascu-
lar disease made up 16.7 million, or 29.2%, of total global
deaths. Of the 16.7 million deaths from cardiovascular
disease every year, 7.2 million are because of ischaemic
heart disease, 5.5 million to cerebrovascular disease, and
an additional 3.9 million to hypertensive and other heart
conditions. Moreover, at least 20 million people survive
heart attacks and strokes every year. It is estimated that
by 2010, cardiovascular disease will be the leading cause
of death in developing countries. Ultrasound imaging pro-
vides a well-established technique in the diagnosis and
assessment of cardiovascular disease. As a result of its
noninvasive nature, its continuing advances in ultrasound
transducer instrumentation, and its digital image pro-
cessing technology, vascular imaging is progressively
achieving a more important role in helping the physician
visualize the morphology of vascular structure, as well as
measure blood flow velocity, arterial wall changes, and
texture of atherosclerotic plaque.

2. HISTORICAL REVIEW

Ultrasound was originally used for industrial purposes,
and its value as a diagnostic tool was initially recognized
in the late 1940s. Some of the pioneer researchers in using
ultrasound for medical diagnosis were Dr. K. Tanaka, Dr.
T. Wagai, Dr. Y. Kikuchi, S. Satomura, and Dr. Y. Nimura
in Japan; Dr. K. T. Dussik in Europe; and Dr. G. D. Lud-
wig, Dr. R. R. Bolt, Dr. T. Heuter, Dr. J. J. Wild, Dr. J. M.
Reid, Dr. D. Howry, and Dr. W. J. Fry in the United States
(1,2).

Ultrasound imaging became an accepted imaging diag-
nostic technique in the early 1970s when grayscale ultra-
sonography (i.e., the formation of images from back-
scattered ultrasound) was introduced. The information
carried out by returning ultrasound echoes, affected by

tissue intervening between the ultrasound probe and the
target of interest, is used to differentiate the different
types of tissue. The demonstration that the cancerous
stomach wall could be differentiated from normal tissue
based on the echo patterns, performed by Wild and Reid,
triggered the investigation of tissue characterization re-
search in the 1970s (2). Following this work, many studies
were performed in order to identify and study the mech-
anism of ultrasound when transmitted through the hu-
man body, achieving significant progress in the
understanding of ultrasound tissue interaction and char-
acterization (3).

The progress of ultrasound technology made possible
the introduction of noninvasive techniques in imaging
structural and functional abnormalities in large and small
vessels with high accuracy, which helped the diagnosis of
patients at risk from several vascular pathologies (3). Ul-
trasound is currently a standard technique for screening
patients at risk for atherosclerosis in the absence of clin-
ical symptoms or for a detailed diagnosis of symptomatic
subjects.

3. BASIC PRINCIPLES OF ULTRASOUND

Ultrasound is a sound wave with frequency that exceeds
20KHz. It transports energy and propagates through sev-
eral means as a pulsating pressure wave. It is described by
a number of wave parameters such as pressure density,
propagation direction, and particle displacement. If the
particle displacement is parallel to the propagation direc-
tion, then the wave is called longitudinal or a compression
wave. If the particle displacement is perpendicular to the
propagation direction, the wave is called shear or trans-
verse wave. Interaction of ultrasound waves with tissue is
subject to the laws of geometrical optics. It includes re-
flection, refraction, scattering, diffraction, interference,
and absorption. Except for interference, all other interac-
tions reduce the intensity of the ultrasound beam.

The main characteristic of an ultrasound wave is the
wavelength l, which is a measure of the distance between
two adjacent maximum or minimum values of a sine
curve, and frequency f, which is the number of waves
per unit of time. The product of these two measures give
the velocity of ultrasound wave propagation, v, described
with the equation v¼ fl. Ultrasound techniques are
mainly based on measuring the echoes transmitted back
from a medium when sending an ultrasound wave to it.
Mainly, two principles are used in ultrasound diagnostics,
the echo-impulse technique and the Doppler technique.

In the echo-impulse ultrasound technique, when the
velocity of ultrasound for a particular medium and fre-
quency are known, then the depth of the echoes’ reflection
can be measured. In these techniques, pulses of ultra-
sound waves are transmitted to the medium and the re-
flections from the medium are measured in order to get
the image. The two main scanning modes are A and B
modes. A mode refers to amplitude mode scanning. In this
mode, the strength of the detected echo signal is measured
and displayed as a continuous signal in one direction. This
scanning technique has the limitation that the recorded

1
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signal is 1-D with limited anatomical information. A mode
is no longer used, especially for the assessment of cardio-
vascular disease. B mode refers to brightness mode. In B
mode, echoes are displayed as a 2-D image, also referred to
as 2-D tomography. The amplitude of the returning echoes
is represented as dots (pixels) of an image with different
gray values or colors (Fig. 1). The image is constructed by
these dots line by line.

The quality of the produced image depends on axial and
lateral image resolution. Resolution is defined as the
smallest distance between two points at which they can
be represented as distinct. Axial resolution refers to the
ability of representing two points that lie along the direc-
tion of ultrasound propagation. It depends on the wave-
length of the beam. In B mode, ultrasound pulses consist
of one to two sinusoidal wavelengths, and the axial reso-
lution is dependent on the wavelength of the waveforms.
Resolution depends on the frequency of the beam wave-
forms. Lateral resolution refers to the ability to resolve
two points that lie at a right angle to the direction of ul-
trasound propagation, which is dependent on the fre-
quency of ultrasound and the width of the ultrasound
wave (beam) (3).

Speckle is another important factor affecting the qual-
ity of ultrasound B-mode imaging. It is described as an
ultrasonic textural pattern that varies depending on the
type of biological tissue. Tissue pathology that causes
changes in the anatomical structure of tissue might also
result in a change in its speckle ultrasonic appearance.
The presence of speckle may obscure small structures,
thus degrading the spatial resolution of an ultrasonic im-
age.

In vascular ultrasound imaging, in order to achieve the
best results, the transmission frequencies are in the range
of 1 to 10MHz. The selected frequency depends on the
application domain. For arteries located close to the hu-
man skin, frequencies greater than 7.5MHz are used,
whereas for arteries located deeper in the human body,
frequencies from 3 to 5MHz are used. For the carotid bi-
furcation, frequencies in the range of 5 to 12MHz are
used. For transcranial applications, frequencies less than
2MHz are used. When selecting a frequency, the user has
to keep in mind that axial resolution is proportional to the
ultrasound wavelength; whereas the intensity of the sig-

nal depends on the attenuation of the signal transmitted
through the body, with the higher the frequency the
higher the attenuation. Therefore, a trade-off exists be-
tween higher-resolution ultrasound images at smaller
depth and lower-resolution images at higher depths.

The second principle used in ultrasound diagnostics is
the Doppler principle, named after the physicist Christian
Doppler (1803–1853) (4). This technique is based on the
principle that the perceived frequency of sound echoes re-
flected by a moving target is related to the velocity of the
target. The frequency shift (Doppler shift) Df of the echo
signal is proportional to the flow velocity v (cm/s) and the
ultrasound transmission frequency f (MHz). The Doppler
shift is described by the formula Df¼ 2f0(v cos y)/c, where
Df is the Doppler frequency shift, f0 is the transmitted
frequency of the signal, v is the speed of the movement of
the scatterer, y is the angle between the direction of move-
ment of the moving object and the ultrasound beam, and c
is the speed of sound through tissue that is approximately
1540m/s.

In Doppler imaging, the returned echoes are displayed
as a 2-D signal, as shown in Fig. 2. When blood flow in a
vessel is being examined, sound reflections caused by the
blood’s corpuscular elements play a major role. Based on
the fact that blood flow velocity varies in different areas of
a vessel and because of the turbulent flow, the Doppler
signal contains a broad frequency spectrum. In normal
internal carotid artery, the spectrum varies from 0.5KHz
to 3.5KHz, and v is less than 120 cm/s if an ultrasound
beam of 4MHz is used.

Several types of Doppler systems are used in medical
diagnosis, continuous wave (CW) Doppler, pulsed wave
(PW) Doppler, duplex ultrasound, and Color Flow Duplex.
These types of Doppler systems are briefly presented be-
low.

In CW Doppler, the machine uses two piezoelectric el-
ements serving as transmitters and receivers. They trans-
mit ultrasound beams continuously. As a result of the
continuous way that ultrasound is being transmitted, no
specific information about depth can be obtained. PW
Doppler is used in order to detect blood flow at a specific
depth. In this technique, a single piezoelectric element is
used as the transmitter and the receiver. Sequences of
pulses are transmitted to the human body that are gated

4. Internal carotid

3. External carotid

2. Bifurcation

1. Common carotid

Figure 1. Ultrasound B mode longitudinal im-
age of the carotid bifurcation.
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for a short period of time in order to receive the echoes. By
selecting the time interval between the transmitted and
received pulses, it is possible to examine vessels at a spe-
cific depth.

Duplex ultrasonography is a combination of continuous
or pulsed wave Doppler techniques integrated with an
echo-impulse technique. It provides tissue imaging as well
as blood flow characteristics. The advantages and disad-
vantages of each system can be used to decide the choice of
the specific Doppler method to be used for each of the var-
ious diagnostic procedures. The PW technique is most
common whereas the CW technique is used to detect
high blood flow velocity, which is used in order to study
deep-lying areas relevant to cardiology or velocity pat-
terns related to stenosis problems.

Color-coded duplex imaging systems are commonly
used in clinical diagnosis. Doppler shifts from moving par-
ticles displayed in color provide flow information through-
out the region of interest (grayscale field). The detected
velocity scale of the moving targets is determined by the
pulse repetition frequency of the ultrasound pulses. These
color flow systems detect and process amplitude, phase,
and frequency of the returning echoes. The use of the
pulse echo imaging enables the use of Doppler ultrasound
in order to denote velocity and flow direction using color
codes. The color image is superimposed on a grayscale B-
scan image, thus resulting in the final color flow duplex
image as shown in Fig. 3. The mean velocity at each point
is displayed in a color-coded scale.

4. ULTRASOUND VASCULAR IMAGING

Ultrasound is widely used in vascular imaging because of
its ability to visualize body tissue and vessels in a nonin-
vasive and harmless way and to visualize, in real-time, the
arterial lumen and wall, something that is not possible
with any other imaging technique. B-mode ultrasound

imaging can be used in order to visualize arteries repeat-
edly from the same subject in order to monitor the devel-
opment of atherosclerosis. Monitoring of the arterial
characteristics like the vessel lumen diameter, the intima
media thickness (IMT) of the near and far wall, and the
morphology of atherosclerotic plaque are very important
in order to assess the severity of atherosclerosis and eval-
uate its progression (5).

A typical longitudinal image from an adult normal sub-
ject can be seen in Fig. 1. The morphology of B-mode ul-
trasound image is also being described in this figure. A
close view of the intimamedia thickness is shown in Fig. 4,
where the near and far walls of the artery are depicted by
a double line pattern, where the two bright lines corre-
sponding to echogenic lumen-intima and media-adventitia
are separated by a sonolucent region. The carotid artery
was among the first peripheral vessels that were studied
using B-mode ultrasound, with the carotid IMT changes
found to be associated with several risk factors for ath-
erosclerosis.

The arterial wall changes that can be easily detected
with ultrasound are the end result of all risk factors (ex-
ogenous, endogenous, and genetic) known and unknown
and are better predictors of risk than any combination of
conventional risk factors. Extracranial atherosclerotic dis-
ease, known also as atherosclerotic disease of the carotid
bifurcation, has two main clinical manifestations: (a)
asymptomatic bruits and (b) cerebrovascular syndromes
such as amaurosis fugax, transient ischaemic attacks
(TIA), or stroke, which are often the result of plaque ero-
sion or rapture with subsequent thrombosis producing oc-
clusion or embolization (6,7).

Carotid plaque is defined as a localized thickening in-
volving the intima and media in the bulb, internal carotid,
external carotid, or common femoral arteries (Fig. 5). Re-
cent studies involving angiography, high-resolution ultra-
sound, thrombolytic therapy, plaque pathology,
coagulation studies, and more recently, molecular biology

1.

2.

Figure 2. Longitudinal color flow duplex image of
the carotid artery combined with Doppler ultra-
sound image. Highlighted image with white con-
tour on top shows the carotid bifurcation. The 2-D
signal shows the velocity variation related to the
cardiac cycle. Blood flow velocity spectrum is dis-
played with markings 1 and 2, where marking 1
represents the peak systolic velocity and marking 2
represents the end diastolic velocity, which is the
duration of one cardiac cycle.
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have implicated atherosclerotic plaque rapture as a key
mechanism responsible for the development of cerebro-
vascular events (8–10).

Atherosclerotic plaque rapture is strongly related to
the morphology of the plaque (11). The development and
continuing technical improvement of noninvasive high-
resolution vascular ultrasound enables the study of the
presence, rate of progression or regression, and, most im-
portantly, consistency of plaques. The ultrasonic charac-

teristics of unstable (vulnerable) plaques have been
determined (12,13), and populations or individuals at in-
creased risk for cardiovascular events can now be identi-
fied (14). In addition, high-resolution ultrasound enables
the identification of the different ultrasonic characteristics
of unstable carotid plaques associated with amaurosis fu-
gax, TIAs, stroke, and different patterns of CT-brain in-
fraction (12,13). This information has provided new
insight into the pathophysiology of the different clinical
manifestations of extracranial atherosclerotic cerebrovas-
cular disease using noninvasive methods.

Different classifications have been proposed in the lit-
erature for the characterization of atherosclerotic plaque
morphology, resulting in considerable confusion. For ex-
ample, plaques containing medium or high level uniform
echoes were classified as homogeneous by Reilly (15) and
correspond closely to Johnson’s dense and calcified pla-
ques (16), to Gray–Weale’s type 3 and 4 (17), and to Wi-
dder’s type I and II plaques (18) (i.e., echogenic or
hyperechoic). A recent consensus on carotid plaque char-
acterization has suggested that echodensity should reflect
the overall brightness of the plaque with the term hypo-
echoic referring to echolucent plaques (19). The reference
structure to which plaque echodensity should be compared
with is, for hypoechoic plaques, blood; for the isoechoic, the

Figure 3. Color-coded duplex longitudinal image of
the carotid bifurcation (red or blue color indicates
the blood flow direction along the ultrasound beam
toward or away from the transducer). For the cur-
rent image, red represents the blood flow direction
toward the transducer, whereas blue represents the
blood flow direction away from the transducer.
Doppler direction is tilted as shown in the parallel-
ogram. The relative direction from the blood flow
and ultrasound beam direction determines the color.

1 32

Figure 4. Close view of manual measurement of the Intima Me-
dia Thickness, IMT: 1. 0.9mm, 2. 0.8mm, 3. 0.86mm.
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sternomastoid muscle; and for the hyperechoic ones, the
bone of the adjacent cervical vertebrae.

Enough published evidence exists to support the clin-
ical usefulness of ultrasonic plaque characterization, pa-
tients with hypoechoic carotid plaques being at increased
risk of stroke. Polak has recently investigated the associ-
ation between stroke and internal carotid artery plaque
echodensity (20). In this study, plaque morphology has
been subjectively characterized as hypoechoic, isoechoic,
or hyperechoic in relation to the surrounding soft tissues.
The stroke rate for hypoechoic plaques was 2.78 times
higher than for isoechoic and hyperechoic plaques. In ad-
dition to the subjective characterization of plaques, stud-
ies that presented computer-assisted plaque
characterization using ultrasound B-mode images of pla-
ques taken from a duplex scanner with fixed instrument
settings, including gain and time control, have been pub-
lished. In a study by El-Barghouty et al., the median of the
frequency distribution of grayscale values of the pixels
within the plaque is used as the measurement of echo-
density (21).

5. IMAGE ANALYSIS

Visual assessment of vascular images or video on the mon-
itor of the ultrasound machine is widely used in clinical
practice. Modern digital image analysis techniques facil-
itate the possibility of extracting additional information in
quantitative form, enabling quantitative image analysis,
and, subsequently, computer-aided diagnosis. The overall
objective of quantitative image analysis including com-
puter-aided diagnosis is to enable early diagnosis, disease
monitoring, and better treatment. The advantages of
quantitative image analysis and computer-aided diagno-
sis systems can be summarized as follows:

* Standardization. Diagnoses obtained from different
laboratories using similar criteria can be verified.

* Sensitivity. Findings on a particular subject may be
compared with a database of normal values or a de-
cision can be made by an imaging system deciding
whether an abnormality exists.

* Specificity. Findings may be compared with da-
tabases for various diseases or a decision can be
made by the imaging system with respect to the
type of abnormality.

* Equivalence. Results from a series of examinations of
the same patient may be compared to decide whether
evidence of disease progression or of response to
treatment exists. In addition, the findings of differ-
ent imaging systems can be compared to determine
which are more sensitive and specific.

* Efficacy. The results of different treatments can be
more properly evaluated.

In most cases, the agreement of quantitative medical
imaging analysis with visual assessment is a prerequisite
for its acceptance. As a result of the complexity of the
quantitative analysis of vascular imaging, a series of pro-
cesses have to be followed, such as despeckle filtering,
segmentation, feature extraction and selection, and clas-
sification. These processes are briefly described in this
section.

The major performance-limiting factor in visual lesion
detection in ultrasound imaging is the speckle noise that
makes the signal or lesion difficult to detect and diagnose
by a physician (22). Speckle is a multiplicative noise that
reduces image contrast and detail resolution, degrades
tissue texture, reduces the obstruction of small low-con-
trast lesions, and makes continuous structures appear
discontinuous. Different speckle techniques have been in-
troduced in the literature that are based on local statistics
where a moving window is applied to the image using the
mean and variance (22), linear scaling of the gray level
values (23), the most homogeneous neighborhood around
each pixel (24), geometric filtering (25), homomorphic fil-
tering (26), anisotropic and speckle anisotropic diffusion
(27), and wavelet filtering (28). In a recent comparative
study of despeckle filtering techniques evaluated in a
large number of asymptomatic and symptomatic ultra-
sound images of the carotid artery (29), it was shown that
the best filters were the local statistics one based on a
moving window 5 � 5 using the mean and variance and
the homogeneous mask area filter using the speckle index
(that is defined as the ratio of standard deviation and
mean of the window). The first filter is more suitable for
the analysis of plaque morphology and texture analysis,
whereas the second filter is more suitable for measuring
the intima-media thickness as well as for identifying the
degree of stenosis, and the outline of the plaque contour.
Results of the first-order local statistics despeckle filter
applied in asymptomatic and symptomatic ultrasound im-
ages of the carotid artery are given in Fig. 6. It is shown

(a) (b)

Figure 5. (a) Ultrasound B-mode image from
an atherosclerotid plaque (outlined with closed
white contour) found in the internal carotid. (b)
Ultrasound color-coded duplex image of the
same carotid. These images help the physician
decide about the presence, size, and morphol-
ogy of plaque.
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that despeckle filtering preserves the image quality and
enhances the visual observation.

Segmentation in vascular imaging is one of the most
difficult tasks in image processing. It targets to subdivide
an image into its constituent regions or objects. For exam-
ple, in the automated segmentation of an ultrasound im-
age of the carotid artery, interest lies in identifying the
intima media and subsequently measure its thickness,
and furthermore, determine the presence or absence of a
plaque, and if a plaque exists, to determine its contour.
Although in ultrasound medical imaging different seg-
mentation methods were developed, only a few methods
were specifically developed for vascular imaging and more
specifically for the segmentation of the carotid artery. The
majority of the carotid artery segmentation methods de-
veloped are suitable for delineating the lumen walls and
the IMT. For lumen delineation in transversal ultrasound
imaging, the Hough transform was investigated (30) as
well to find an initial approximation of the lumen area in
the left ventricle (31). Dynamic programming (32) and cost
function optimization (33) were applied for determining
the optimal vessel wall. In intravascular ultrasound imag-
ing of the carotid artery for detecting the vessel wall, the
following methods were developed: texture-based (34),
morphology operators (35), optimal graph searching (36),
and dynamic contour modeling (37).

Furthermore, snakes or deformable models to detect
the IMT in 2-D (38) and 3-D (39) ultrasound images of the
carotid artery were developed. These methods are based
on the active contour model first introduced by Kass (40),
where an active contour is expressed as an energy mini-
mization process, based on internal energy derived from
the physical characteristics of the snake based on two
components: the continuity energy and the curvature en-
ergy. In general, the snake-based methods require that the
initial contour must be drawn by an experienced ultra-
sonographer, although recently a method that automati-
cally detects an initial snake contour was introduced (41).

Figure 7a shows an ultrasound image of the carotid
artery with automatically computed initial contours of the
intima and the adventitia layers based on despeckle fil-
tering and morphology operators, whereas Fig. 7b shows
the final result after the two contours were deformed us-
ing the snake model (42). Thus, the IMT, an important
predictor for myocardial infraction and stroke, can be au-
tomatically computed.

To the authors knowledge, very few studies have in-
vestigated the automated segmentation of atherosclerotic
carotid plaque. Figure 8 illustrates the segmentation of
atherosclerotic carotid plaque based on snakes, as well as
an estimation of the initial contour of the plaque (43).

(a) (b)

(c) (d)

Figure 6. Results of despeckle filtering based on
first-order local statistics. Asymptomatic case: (a)
original, (b) despeckled. Symptomatic case: (c) origi-
nal, (d) despeckled. A box indicates a region of inter-
est after speckle reduction.

(a) (b)

Figure 7. Ultrasound image of the car-
otid artery for an asymptomatic case: (a)
automatically detected initial contours for
the IMT and (b) final contours after snake
deformation. The detected IMTaverage¼

0.82mm, IMTmaximum¼1.07mm, IMTmini-

mum¼ 0.54mm, are shown with a double line, single

line and dashed line boxes, respectively.

6 ULTRASONIC IMAGING OF CAROTID ATHEROSCLEROSIS



Following the segmentation, texture features are ex-
tracted from the segmented plaque images in order to be
used for the characterization of the carotid plaques. Tex-
ture contains important information that is used by hu-
mans for the interpretation and the analysis of many
types of images. Although it is easy for humans to recog-
nize texture, it is quite a difficult task to be defined, and
subsequently to be interpreted by digital computers.

Some of the most common texture feature algorithms
that have been used for ultrasound texture analysis are
simple statistical descriptors (SD), spatial gray level de-
pendence matrices (SGLDM) (44), gray level difference
statistics (GLDS) (45), neighborhood gray tone difference
matrix (NGTDM) (46), statistical feature matrix (SFM)
(47), Laws texture energy measures (TEM) (48,49), fractal
dimension texture analysis (FDTA) (49,50), and Fourier
power spectrum (FPS) (45). These texture features are
usually computed on a region of interest (ROI), for exam-
ple, the region prescribed by the plaque contour that is
automatically or manually drawn.

Simple statistical descriptors (SD) are computed and
include the ROI mean, median, standard deviation, skew-
ness, and kurtosis values. The spatial gray level depen-
dence matrices texture features as proposed by Haralick
et al. (44) are the most frequently used texture features.
These features are based on the estimation of the second-
order joint conditional probability density functions that
two pixels, (k, l) and (m, n), with distance d in direction
specified by the angle y, have intensities of gray level i and
gray level j. Based on the probability density functions,
the following texture measures and their variants (44) are
computed: angular second moment, contrast, correlation,
inverse difference moment, sum average, variance (sum
and difference), and entropy (sum and difference). For a
chosen distance d that is usually one pixel and for angles y
¼ 01, 451, 901, and 1351, four values for each of the above
texture measures are computed. The mean and range of
these four values are usually computed for each feature,
and they are used as two different feature sets. The GLDS
algorithm (45) uses first-order statistics of local property
values based on absolute differences between pairs of gray
levels, or of average gray levels in order to extract the fol-
lowing texture measures: contrast, angular second mo-
ment, entropy, and mean. Amadasun and King (46)
proposed the NGTDM in order to extract textural fea-
tures, which correspond to visual properties of texture.
The following features are extracted: coarseness, contrast,
busyness, complexity, and strength. Fractal dimension
texture analysis (FDTA) is based on the work of Mandelb-
rot (50) who developed the fractional Brownian motion

model in order to describe the roughness of natural sur-
faces. The Hurst coefficients H(k) (49) are computed for
different image resolutions, where a smooth texture-sur-
face is described by a large value of the parameter H
whereas the reverse applies for a rough texture-surface.
The Fourier power spectrum (FPS) computes the radial
and angular sum of the sample Fourier power spectrum
where coarse texture has high values concentrated near
the origin, and in fine texture the values are more spread
out.

Morphological image processing allows the detection of
the presence of specific patterns, called structural ele-
ments, at different scales. The selection of appropriate
structural elements for specific applications is still an
open area of research. In general, however, flat circular
elements are commonly used for detecting image elements
where no clear preferred direction exists. In contrast, lin-
ear elements can be used when prior knowledge on direc-
tions of interest does exist. The simplest structural
element for near-isotropic detection is the cross ‘þ ’ con-
sisting of five image pixels. Using the cross ‘þ ’ as a struc-
tural element, pattern spectra are computed for each
plague image as defined in Ref. 51. After computation,
each pattern spectrum is normalized. The symbol Pn,‘þ ’ is
used to denote the normalized pattern spectrum at scale n
using structural element ‘þ ’. In this notation, P0,‘þ ’ al-
ways denotes the original image, whereas Pn,‘þ ’,|n|40
denotes the pattern spectrum value at n times the size of
the structural element. For n40, Pn,‘þ ’ is used for detec-
tion of bright patterns over a dark background, whereas
for no0, Pn,‘þ ’ is used for detection of dark patterns over a
bright background.

Statistical analysis of texture features was carried out
for a large number of asymptomatic and symptomatic ul-
trasound images of carotid atherosclerotic plaques (52,53).
It was shown that asymptomatic plaques tend to be
brighter, with less contrast; more homogeneous; smoother,
with large areas with small gray tone variations; and more
periodical, whereas in symptomatic plaques texture tends
to be darker, with higher contrast; more heterogeneous;
more rough; and less periodical. Figure 9 shows the box-
plots of three texture features and the range of values for
the asymptomatic and symptomatic groups. The grayscale
median indicates how bright (high values) or dark (low
values) the image is on average. The entropy computed
with the SGLDM algorithm is high when the image in-
tensity in neighboring pixels is more equal and small
when the image intensity is more unequal. Coarseness
computed with the NGTDM algorithm is high when large
areas with small gray tone variations are present in the

(a) (b)

Figure 8. Ultrasound image of the carotid artery: (a)
plaque initial contour estimation, and (b) final plaque
contour after snakes deformation.
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image and small when less local uniformity in density ex-
ists. As illustrated in Fig. 9, asymptomatic plaques tend to
be brighter (higher median gray level), have higher en-
tropy (i.e., the image intensity in neighboring pixels is
more equal), and be more coarse, whereas symptomatic
plaques tend to be darker (lower median gray level), have
lower entropy (i.e., the image intensity in neighboring
pixels is more unequal), and be less coarse.

In an extensive study carried out by Polak et al. (20)
where subjects were followed up for an average of 3.3
years, they found that darker (i.e., hypoechoic) carotid
plaques are associated with increased risk of stroke. Also,
Elatrozy et al. (54) reported that plaques with grayscale
median less than 40 are more related to ipsilateral hemi-
spheric symptoms. Wilhjelm et al. (55), in a study with
patients scheduled for endarterectomy, carried out a quan-
titative comparison between subjective classification of
the ultrasound images, first- and second-order statistical
features of the ultrasound imaging plaque, and a histo-
logical analysis of the surgically removed plaque. They
reported some correlation between the afore-mentioned
three types of data where the feature with the highest
discriminatory power was contrast.

In automated quantitative methods for classifying vas-
cular imaging patterns, both statistical pattern recogni-
tion and artificial neural networks (ANN) were used
(52,53). In statistical pattern recognition, the k-nearest-
neighbor (KNN) classifier was used, whereas in ANN pat-
tern recognition, the unsupervised self-organizing map
(SOM) was used (56). Nine different SOM models were
developed, one for each texture feature set as described
above, with the output classified into two classes: asymp-
tomatic because the subject was not connected with ipsi-
lateral hemispheric events or symptomatic because the
subject was connected with ipsilateral hemispheric symp-
toms (52). Figure 10 illustrates the percentage of correct
classifications score of the above-mentioned texture fea-
ture sets using the SOM classifier on the evaluation da-
taset. The highest diagnostic performance was obtained

for the SGLDM range feature set, followed by the NGTDM
and TEM feature sets. Furthermore, the outputs of the
SOM classifiers were combined based on a confidence
measure predetermined by the classifications perfor-
mance of each feature set classifier. The combination of
the classification results of the different features and the
different classifiers increases the probability that the er-
rors of the individual features or classifiers may be com-
pensated by the correct results of the rest (57). Combining
the classification results improved the percentage of cor-
rect classifications score derived by the feature sets clas-
sifiers (Fig. 10). A similar combined classifier system was
implemented using the statistical KNN classifier where
the combined percentage of correct classifications score
was a few percent less. Furthermore, the performance of
morphological features for carotid plaque classification
was also investigated (53). The findings of this study
showed that the percentage of correct classifications score
was similar to the texture feature sets with the highest
score (i.e., SGLDM range, NGTDM, and TEM).

6. EMERGING TECHNOLOGIES AND FUTURE TRENDS

In everyday clinical practise, the ultrasonographer ma-
nipulates the transducer and mentally transforms the 2-D
images into anatomical volume or structure, or lesion, in
order to make a diagnosis. 3-D imaging attempts to pro-
vide the ultrasonographer with a more realistic recon-
struction and visualization of the 3-D structure under
investigation. In addition, 3-D imaging can provide quan-
titative measurements of volume, surface distance in vas-
cular anatomy, especially in pathological cases. In
vascular imaging, a 3-D representation was investigated
for the visualization of the carotid artery and the quanti-
fication of the atherosclerotic plaque volume and morphol-
ogy (3,39,58–61). Following the scanning of the 2-D images
and their relative position and orientation, 3-D recon-
struction is carried out by generating a 3-D representa-

Figure 9. Boxplots of three texture features (grayscale
median, entropy, and coarseness) for class 1: asymp-
tomatic and class 2: symptomatic classes. The notched
box shows the median, lower, and upper quartiles and
confidence interval around the median. The dotted line
connects the nearest observations within 1.5 of the in-
ter-quartile range, IQR, of the lower and upper quar-
tiles. Crosses (þ ) indicate possible outliers,
observations more than 1.5 � IQR and 3.0 � IQR
from the quartiles respectively.
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tion of the anatomy under study by placing the acquired 2-
D images in their correct relative position using two dis-
tinct methods: voxel-based and feature-based reconstruc-
tion (58). The voxel-based 3-D reconstruction is the most
popular technique in ultrasound image reconstruction,
where the set of acquired 2-D images together with their
position and orientation are used to build a voxel-based
volume (i.e., a 3-D grid of picture elements). In feature-
based reconstruction, the 2-D images are segmented ei-
ther manually or automatically and then the segmented
regions are classified or labeled. This information is used
to generate 3-D solid mesh representation of the organ
under investigation. Following 3-D reconstruction, 3-D vi-
sualization in ultrasound vascular imaging is carried out
using volume-based rendering. In achieving this end, one
of the most commonly used techniques in 3-D vascular
imaging is based on the ray casting algorithms that pro-
jects a 2-D array of rays through the 3-D image (58). Al-
though 3-D vascular imaging is very promising in
revealing vascular structure and pathology, more work is
needed in the directions of fast and accurate free hand
scanning, automated or semiautomated segmentation,
real-time and user friendly visualization, and 3-D texture
analysis (58). Advances in these directions will enable the
widespread use of 3-D imaging in clinical practise in the
assessment of carotid atherosclerosis, as has been the case
in cardiology and fetal imaging.

Rapid advances in information technology and telecom-
munications, and more specifically, wireless and mobile
communications, and their convergence (telematics) are
leading to the emergence of a new type of information in-
frastructure that has the potential of supporting an array
of advanced services for health care. Telemedicine can be
defined as the delivery of health care and sharing of med-
ical knowledge over a distance using telecommunication
means. It aims at providing expert-based medical care to
any place that health care is needed. Likely, in ultrasound

imaging, the need exists for the assessment of vascular
images/video either by a second expert or a panel of ex-
perts, making the capturing and transmission of digital
ultrasound a necessity. In general, over the years, digital
ultrasound has become more acceptable in clinical prac-
tice (62–67). In considering the future use of digital ultra-
sound, it is important to distinguish between ‘‘storage and
forward’’ and video streaming applications. In ‘‘storage
and forward’’ applications, the entire ultrasound video can
be stored and transmitted as a whole. Such applications
can be handled using MPEG-2 (68). In ‘‘storage and for-
ward’’ applications, it is assumed that sufficient time ex-
ists to retransmit the video as needed. Instead, video
streaming applications require video decoding prior to re-
ceipt of the entire video (69). Usually, a short delay exists
between the time the video is transmitted and the time it
is decoded. Most of the technology challenges are associ-
ated with video streaming applications over noisy, wire-
less channels. Error-control mechanisms must deal with
both single-bit errors as well as the loss of video packets
during the transmission. In video streaming applications,
it is not possible to retransmit video packets indefinitely,
as the long delays associated with retransmission may be
unacceptable. Thus, error-control mechanisms attempt to
encode the video so as to enable recovery from packet
losses, and also to minimize the perceived error following
error detection (69). The effect of error-control mecha-
nisms on clinical diagnosis is still an open area of re-
search.

In the context of the European Commission, DG XII,
Biomedical and Health Research Program 1994–1998, the
project entitled ‘‘The Value of Non-Invasive Investigations
in Identification of Individuals with Asymptomatic Car-
otid Stenosis at Risk of Stroke (ACSRS),’’ (January 1997–
December 1999), which is also supported by the Interna-
tional Union of Angiology, investigated the identification
of individuals with asymptomatic carotid stenosis at risk

Figure 10. Percentage of correct classifications
score for the SOM classifiers for the texture feature
sets 1: SD, 2: SGLDM mean values, 3: SGLDM
range of values, 4: GLDS, 5: NGTDM, 6: SFM, 7:
TEM, 8: FDTA, 9: FPS, and 10: when combining the
outputs of SOM classifiers of feature sets 1 to 9.
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of stroke. An integrated database system was developed
taking into consideration important stroke-related clinical
risk factors, and noninvasive (paraclinical) parameters
(i.e., high-resolution ultrasound images of the carotid
and CT brain scans). This integration facilitates the data
mining analysis for the assessment of the risk of stroke. It
is anticipated that the extraction of quantitative criteria,
for the identification of high- and low-risk subgroups of
patients, will be a decisive factor for the selection of the
therapy, either medical or surgical. Thus, only patients at
high risk will be considered for surgery (carotid endart-
erectomy), whereas patients at low risk will be spared
from an unnecessary and expensive surgery that also car-
ries a risk.

Linked with the integration of imaging and clinical da-
tabases is the content-based access for the retrieval of im-
ages and video. In the study of an ultrasound image of the
carotid artery, the atherosclerotic plaque could be seg-
mented and used for searching for similar plaque mor-
phology in the imaging database. The system would show
the similar plaques found in the database and display
them together with the corresponding clinical findings.
Hence, an assessment could be made based on the obser-
vation of similar cases.

Atherosclerosis is a multifactorial disease that makes
the process of prevention and disease management highly
complex. In addition to the many factors that are useful in
assessing an individual’s risk of developing a cardiovas-
cular event, recently, biochemical markers for cardiovas-
cular disease have been identified such as homocysteine,
C-reactive protein, and fibrinogen. However, further work
in this area is needed in order to understand and identify
their exact role in disease. High-resolution ultrasound
imaging offers the potential of determining phenotypes
more accurately than using conventional risk factors and
clinical events, which is achieved because plaque echo-
density can characterize the plaques that are unstable
and likely to rapture (70). The ability to identify this type
of plaque and, hence, high-risk individuals also offers the
advantage of monitoring plaque stabilization drug thera-
pies and the development of new therapeutic strategies.

It is hoped that once genes contributing to atheroscle-
rosis have been identified, and the combination of DNA-
based tests, risk factors and quantitative ultrasound vas-
cular imaging facilitated via emerging medical image pro-
cessing and instrumentation, will contribute toward the
implementation of the most effective strategy to minimize
cardiovascular death and offer a better service to the cit-
izen.
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ULTRASONIC IMAGING
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1. INTRODUCTION

Ultrasonic imaging is a widely used diagnostic technique
for examining the dynamic anatomy of mammalian sys-
tems safely, inexpensively, and in real time. At its sim-
plest, a low-energy pulse of sound vibrating at frequencies
typically between 3 and 30 MHz is introduced into the
body by a transducer probe that touches the patient’s skin
surface. The pulse is attenuated as it travels through tis-
sues, ultimately being converted to heat, and yet a small
portion of the pulse energy is scattered back to the probe.
The same probe that transmitted the pulse now listens for
scattered waves to produce echo signals that are processed
to form images. The events outlined above are common
components of pulse-echo instruments that can display
several types of images, or sonograms. Two-dimensional
(2-D) anatomical maps are called B-mode (brightness) im-
ages. When blood velocity is estimated in 2-D and overlaid
onto a B-mode image, a color-flow or C-mode image is dis-
played. M-mode images display very fast tissue move-
ment, e.g., heart valve motion, along one line of site
(vertical axis of the M-mode image) as a function of time
(horizontal axis). Similarly, the spectrum of blood cell ve-
locities can be measured along one line of site as a function
of time in a spectral Doppler or D-mode display. Generally
this information is available to physicians on commercial
systems with sub-millimeter spatial resolution and up to
10-ms temporal resolution, although these specifications
vary with mode. Zagbzebski (1) provides a clear summary
of the basic physics and technology of ultrasonic imaging.
More detailed treatments are offered in Refs. 2 and 3.

Physicians examine patients with ultrasound when
they suspect a pathology that is known to generate ultra-
sonic object contrast. If regional differences in the tissue
properties caused by disease do not alter the image ap-
pearance consistently, there is little or no object contrast
and reliable diagnosis is impossible regardless of the qual-
ity of instrumentation. Physicians are trained to apply the
most appropriate technology for the clinical task. They do
this by translating their knowledge of disease-induced
changes in anatomy and physiology into contrast mecha-
nisms that depend on how energy from the imaging sys-
tem interacts with the tissues being imaged.
Consequently, advances in medicine and biology are great
sources of ideas for improving existing imaging methods
or developing new approaches to ultrasonic and other
types of medical imaging.

Imaging signals are generated from the small portion of
mechanical energy emitted by an ultrasonic probe that is
backscattered. Scattering sites in tissues are the numer-
ous microscopic surfaces within tissues, e.g., cells, vessels,
connective tissue, and other locations where the acoustic
impedance abruptly changes.1 In echocardiography, the
echogenic heart muscles appear as bright regions because
collagen and elastin near myocytes scatter ultrasound
much more than the fluids surrounding the myocardium.
However, lesions (focal abnormalities) often appear in B-
mode images as subtle changes in regional image texture
brightness. To detect a breast tumor (Fig. 1) or a myocar-
dial infarct, the inflammation, edema, and fibrosis that
characterize both conditions change the concentration of
collagen and interstitial fluids that either increase or de-
crease echogenicity in the affected region to produce object
contrast.

Ultrasonic object contrast differs from that of other im-
age modalities by the nature of the tissue interaction that
generates imaging signals. In x-ray mammography, tu-
mors are observed when the average mass density of tis-
sue in the region increases sufficiently. The same tumor is
visible ultrasonically only if it contains greater or fewer
micro-surfaces that scatter sound. Sonograms do not re-
veal the average impedance properties of tissue. Conse-
quently, sonography is rarely used in boney or gas-filled
regions of the body because the large change in impedance
at those surfaces reflects virtually all of the energy. Sound
must penetrate a region for images to be formed.

The best imaging situations occur when an acoustic
pulse travels through relatively homogeneous media and
is only weakly attenuated. Attenuation includes absorp-
tion and scattering processes; only the latter provide
imaging signals. We can coarsely estimate the loss of
acoustic pulse amplitude with depth in tissue using the
rule of thumb that 0.5 dB/MHz is lost with every centime-
ter. For example, the pulse-echo amplitude at 10 MHz
(breast imaging) is reduced to 0.3% of the initial value at
5-cm depth ignoring beam diffraction. Unlike that of opti-
cal imaging methods, ultrasonic attenuation is dominated
by absorption, so only a small portion of the attenuated
energy is available for imaging. For an average relative
scattering amplitude of 0.01, we require [20 log (0.003 �
0.01)490] more than 90 dB of system dynamic range2 to
faithfully represent the entire range of echo amplitudes
over just a 5-cm image depth. Furthermore attenuation
losses increase with percent body fat, which demands
more dynamic range and lower noise for the system to
give diagnostic-quality images at this high frequency.
Generally, higher pulse frequencies provide greater spa-
tial resolution but less penetration. Imaging through the
subcutaneous fat layer in the breast is further complicated
by the change in acoustic impedance at the fat–tissue in-
terface. Such interfaces distort (aberrate) the sound beam,
making it difficult to keep the energy focused. Conse-
quently, spatial and contrast resolution are reduced. If

1Acoustic impedance z is the product of mass density r and lon-
gitudinal sound speed c, z¼rc. This definition is strictly true only
for incident plane-waves of sound, but it serves nevertheless to
provide important intuition about the sources of object contrast
when designing medical ultrasound systems.

2Dynamic range is the ratio of smallest echo amplitude that sat-
urates the display to the smallest echo amplitude that produces a
signal on the display at the threshold of detection. The dynamic
range of most systems exceeds 140 dB.
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we can learn to successfully adapt array beamformers to
compensate for beam aberrations caused by heteroge-
neous tissues, diagnostic performance will improve signif-
icantly (4). Ultrasonic imaging systems are at their best
when imaging persons with low body fat, which provides
yet another reason for us to stay slim!

The discussion above introduces just a few of the many
challenges faced by researchers and system designers.
Further development of ultrasonic imaging requires (a) a
more complete understanding of the physics of acoustic
energy interactions with tissues; (b) that we apply this
knowledge of acoustic physics to image science and
thereby better understand what limits object and image
contrast, speckle and electronic noise, and spatial and
temporal resolution for various patient examinations; and
(c) implementation of new instrumentation technologies to
improve diagnostic performance in diverse clinical condi-
tions safely and at low cost.

The most successful designs rely on interdisciplinary
research collaborations among physicists, engineers, biol-
ogists, and physicians who can blend knowledge of pathol-
ogy, wave physics, tissue biomechanics, modern digital
circuitry, and transducer materials to overcome current
limitations. The challenge and opportunities both increase
with time as knowledge of the molecular basis of disease
increases, sensitivity and bandwidth of new transducer
materials expands, and the speed and cost of computation
improve.

This article does not concentrate on surveying the field
of medical ultrasonics; rather, it describes one approach to
evaluating the design of a typical B-mode imaging system
using a linear array for the purpose of breast imaging. My
thinking is that plenty of sources describe the physics and
technology but there are too few examples of modeling and
system evaluation for specific clinical examinations, which
is where the medical application influences choices about
system parameters. System design and evaluation are of-
ten the primary goals of biomedical engineering research.
The very important topics of ultrasonic blood flow imaging

systems (3), imaging modes and their designed applica-
tions (1), and types of transducer probes (2,5) are left to
other treatments.

2. HISTORY

The historical developments of medical ultrasound and
associated core technologies have their roots in twentieth
century defense and communications engineering. By un-
derstanding this development and cleverly applying nine-
teenth century physics to our twenty-first century
knowledge of electronics, materials, and the molecular bi-
ology of disease, the role of ultrasonic imaging will con-
tinue to grow in medical practice.

Medical ultrasound was born in the 1940s in laborato-
ries throughout Europe, the United States (6) and Japan.
The approach and technology was borrowed directly from
sonar and radar developments during World War II (7).
The first medical applications involved ablation of brain
tissue to treat neurological conditions. William Fry at the
University of Illinois (8) pioneered what is today the ex-
citing field of ultrasonic surgery for cancer treatment and
repair of vascular injuries (9). Simultaneous to Fry’s work,
investigators at the University of Vienna (10), MIT, and
Siemens developed 2-D brain scan imaging techniques. It
is interesting to note that there are few current clinical
applications of ultrasound in the adult brain, partly be-
cause of the difficulty of focusing ultrasound beams
through the skull, and the overwhelming successes of
computed tomography and magnetic resonance imaging
techniques.

The early experiments leveraged several nineteenth
century discoveries that included the mathematical the-
ory of wave behavior by Rayleigh and Maxwell, the first
electronic amplifiers, and piezoelectric materials discov-
ered by the Curie brothers that allowed the development
of ultrasound transducer probes.
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Figure 1. An ultrasonic system for imaging breast
tissue is illustrated. A linear array transducer elec-
tronically scans and focuses the beam. The progres-
sion of one beam through the system from (a) the RF
echo signal (b) to the envelope-detected and log-com-
press signal (c) to a line in a B-mode image is shown.
Arrow in the breast sonogram indicates a lesion.

2 ULTRASONIC IMAGING



Before 1970, scanners used articulated arms that kept
track of where the sound beam was pointed to manually
scan a 2-D echo field. Images were displayed on bistable
(one-bit), black-and-white monitors. During the 1970s,
scan converters introduced grayscale imaging (6) that
greatly expanded contrast resolution. Mechanical steer-
ing of the beam by motor-driven rotation of a focused
transducer element speed up echo signal acquisition to the
point where real-time (30 frames/s) imaging became pos-
sible. Shortly thereafter, one-dimensional (1-D) arrays of
transducer elements were introduced (11) that allowed
electronically steered and focused beams simply by delay-
ing the times at which individual elements were fired dur-
ing pulse transmission and echo reception. Linear, curved-
linear, and phased-array transducer geometries are now
the standard (2). Although it was a major breakthrough to
electronically steer and focus arrays, it was soon discov-
ered that care must be taken to avoid imaging artifacts. A
seminal paper by Macovski (12) based on Fourier optics
(13) provides clear design paths for forming ultrasound
beams with an array, and it is standard reading for grad-
uate students studying ultrasonic imaging.

Beamforming is a term that describes techniques for
focusing and steering beams emanating from, or received
by, an array of sensors. Beamforming fundamentals for
ultrasonic imaging are the same as those for sonar and
radar imaging; and yet so many details specific to the
imaging application remain trade secrets that transducer
construction and beamformer designs are still considered
an artform. Regardless of future advances in electronics,
ultrasonic imaging systems will remain limited by two
factors: The speed of sound in the body (average value is
1540 m/s) limits the frame rate, and sound absorption lim-
its the dynamic range and echo signal-to-noise ratio. A
corollary limitation is that spatial variations in sound
speed and absorption pose formidable challenges to beam-
forming that, if not overcome, significantly reduce con-
trast and spatial resolution. The next section describes
details of how B-mode images are formed with linear ar-
rays.

3. IMAGE FORMATION

Figure 1 illustrates the basic operations of pulse-echo B-
mode image formation with a linear array. The most im-
portant components are the piezoelectric elements placed
just below the transducer array surface that are the
sources and receivers of acoustic energy. Piezoelectricity
(literally pressure-electricity) refers to the fact that some
ceramics, e.g., lead zirconate titanate (PZT), and poly-
mers, e.g., polyvinylidene fluoride (PVDF), mechanically
deform when a voltage potential is placed across opposite
parallel surfaces. Like a hammer striking a bell, a shock-
excited piezoceramic rings at a resonant frequency deter-
mined by its thickness and material properties. Piezo-ma-
terials can also be used to sense acoustic fields because
they generate a voltage signal with amplitude propor-
tional to the applied acoustic pressure.

The piezoceramic crystal of a 10-MHz, 1-D linear array
is about 38 mm long, 10 mm wide, and 0.2 mm thick. The

contact area is limited by the need to access small acoustic
windows into the body. For example, the transducer in Fig.
2 is composed of 256 elements; each is cut from the same
crystal with a 0.02-mm-wide diamond saw. Array ele-
ments are coated with an electrically conducting layer
and glued to a backing material that provides mechanical
support and acoustic damping to increase pulse band-
width. The elements in this example are 0.15 mm �
0.2 mm � 10 mm.

A short duration, one-cycle (100 ns), 100 VAC ampli-
tude, voltage waveform is applied across the 0.2 mm thick-
ness of a few elements to transmit a pulse as illustrated in
Fig. 2 (left). The excited elements vibrate at the resonant
frequency for about three cycles (B300 ns). Let us excite a
100-element transmit subaperture, which is 100 � (0.15
þ 0.02) mm¼ 17 mm long. The transmitted sound beam is
circularly focused with a 40-mm radius of curvature by
delaying the times that active elements are fired (Fig. 2,
left). We have now transmitted a focused 10-MHz pulse
with this medium focus, f/2.4 scan-plane aperture geom-
etry.3

Touching the array to the skin surface, the acoustic
pulse is transmitted into the body. It follows the focused
beam path outlined in both figures. Immediately after
pulse transmission, the system switches to echo reception
(Fig. 2, center). A receive subaperture is similarly selected
by activating elements. Received echoes from individual
elements are individually amplified (pre-amp), filtered
(anti-aliasing), sampled (A/D), delayed (to focus the re-
ceived energy), amplitude weighted (apodized to suppress
side lobes), and summed (Fig. 2, right) to give the beam-
formed, radio-frequency (RF) echo signal labeled (a) in
Fig. 1. Diplexers (Fig. 2, right) protect the receivers from
high-voltage transmitters, and time gain compensation
(TGC) amplification increases the echo amplitude with
depth to partially compensate for attenuation. Post-detec-
tion processing includes RF envelope detection (14), la-
beled (b) in Fig. 1; logarithmic compression; and
assignment of gray levels to the resulting envelope am-
plitude: Regions of low echo amplitude appear as black
pixels, and high amplitude regions are bright pixels.
Those envelope signals are then positioned in image mem-
ory (scan converted) and displayed. Echoes are recorded as
a function of time.

These are converted into spatial locations in the scan
converter assuming the average sound speed in the body is
1540 m/s. In Fig. 1, the waveform echoes are placed along
the white line (c) in the B-mode image. For the linear ar-
ray geometry in Figs. 1 and 2, the transmit/receive aper-
tures are translated one element spacing (0.17 mm) to the
right, and the pulse-echo process is repeated until all im-
age lines of the frame are formed and scan converted for
display. In this example, there are 235 lines for a 40-mm-
wide image. The entire image frame must be displayed in
33 ms or less to be able to update the information at real-
time frame rates.

3F-number is defined as the focal length divided by the aperture
length. The f-number in this example, 40/17¼2.4, is a summary
metric of beam focusing used to quantify the lateral resolution of
the system.
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4. QUALITY OF THE B-MODE IMAGE

As we proceeded in the example above, I selected param-
eters typical of current systems. These choices affect im-
age quality, so let us see how well we did. First, it must be
said that an objective assessment of image quality re-
quires consideration of the imaging task and application of
signal detection theory as detailed in Ref. 15. However, we
often rely on engineering figures of merit that summarize
five features of the system: resolution, contrast, noise,
safety, and cost.

Spatial resolution is a broad term that tells us how
close we can position objects of equal echo amplitude and
still visualize them as distinct objects. For example, if we
can visually distinguish both walls of a 1-mm-diameter
artery in cross-sectional view, then we know the system
can resolve structures larger than 1 mm at that object
contrast. Because spatial resolution in ultrasound de-
pends on the shape and volume of the sound pulse, we
now estimate its size in three dimensions.

We begin with the intermediate step of calculating the
transmitted pulse dimensions at the focal length. The
transmitted pulse length is approximated by the product
of transmitted pulse duration (0.30ms in the 10-MHz ex-
ample above) and the average sound speed in the body;
i.e., 0.30 ms � 1.54 mm/ms¼ 0.46 mm. The pulse length is

approximately the same at all depths in the body despite
frequency-dependent energy losses, so we say it is shift
invariant. The smallest transmitted pulse width is given
by the wavelength of sound in tissue l times the scan-
plane f-number; in our example, 0.15 mm � 2.4¼
0.36 mm. Similarly, the smallest out-of-plane beam width
is found from the transmitted pulse thickness: l � f-num-
ber (out-of-plane); i.e., 0.15 mm � 40 mm/10 mm¼
0.61 mm. Unlike the pulse length, the pulse width and
thickness do vary with depth. The values given above are
the smallest pulse dimensions for a focused beam.

The next step is to estimate pulse dimensions after the
complete process of transmission, refection, and reception.
The pulse-echo spatial resolution is what limits B-mode
ultrasonic imaging. Let us select transmit and receive ap-
ertures of equal size. Then there is a rule of thumb for
pulses with Gaussian-shaped amplitudes that enables us
to convert the transmit pulse properties to the correspond-
ing pulse-echo properties. Transmitting, reflecting, and
receiving such a pulse is described mathematically by a
temporal convolution (16). For rectilinear coordinates
(x,y,z) where a Gaussian pulse travels along the x-axis,
the simplest expression is
expð�t2=2s2

t Þ� expð�y2=2s2
yÞ� expð�z2=2s2

z Þ. The rela-
tionship between axial position and measurement time
is given by the pulse-echo expression x¼ ct/2. Autocon-
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Figure 2. The array–pulser–receiver–beamformer combination from Fig. 1 is diagrammed. Trans-
mission (left) and reception (center) are shown during acquisition of a single echo waveform. Active
array elements (black) form the subapertures. An example of one type of transmit/receive (tx/rx)
channel is detailed on the right.
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volving this pulse in time only yields
expð�t2=4s2

t Þ� expð�y2=s2
yÞ� expð�z2=s2

z Þ. As the three s
factors define the pulse dimensions, we can see that con-
volution lengthens the pulse duration by a factor of 21/2

and narrows the pulse width in both cross-range dimen-
sions by the factor 2�1/2. Using the dimensions of the
transmitted pulse, we can estimate the best possible (dif-
fraction limited) pulse-echo dimensions at the focal length:
21/2
� 0.46/2¼ 0.33 mm axially, 2� 1/2

� 0.36¼ 0.26 mm
laterally, and 2� 1/2

� 0.61¼ 0.43 mm elevationally (per-
pendicular to the image plane). The non-axial pulse di-
mensions increase in the near-and far-field regions
because of wave diffraction (12).

The above values are the best that B-mode spatial res-
olution can be for this transducer and beamformer. It can
be degraded, of course, by using a coarse pixel size, low
scan-line density, or poor bandwidth displays. As the hor-
izontal scan line increment along the array (0.17 mm) is
more than half of the pulse width (0.26 mm), measurable
lateral resolution is poorer than the value represented by
the pulse width for this system. A smaller horizontal scan
line increment is advised in this example, depending on
the costs. The best performing systems allow the pulse
dimensions to limit spatial resolution. Now you see the
vagaries associated with summary figures of merit. Con-
sidering that realistic pulses also have side lobes, which
we ignored in the discussion above, the concept of pulse
width becomes more obscure and estimates of spatial and
contrast resolution become coupled. When a rigorous as-
sessment of spatial resolution is required, we recommend
that readers use linear-system methods such as modula-
tion transfer function to fully specify imaging properties
(15).

Ignoring wavefront distortions from tissue heterogene-
ities, small f-number-apertures (highly focused beams) are
desired to improve cross-range spatial resolution. Yet, as
in photography and microscopy, small f-numbers also give
a shallow depth of focus. The depth of focus is increased
with use of multiple transmit foci and dynamic receive fo-
cusing (1,2). The pulse width can be made to vary slowly
with depth, as illustrated in Fig. 2 (left) but often at the
cost of a lower frame rate. The principles of dynamic re-
ceive focusing are simple. Echoes received soon after
transmission are assigned a short focal length and smaller
subaperture than those received later in time. Allowing
the aperture to grow as the focal length increases with
depth keeps the in-plane f-number constant, and thereby
it generates a more uniform image texture at the cost of
reduced near-field lateral resolution. It is important to
have a uniform image texture to avoid mistaking regional
changes in system properties for changes in object prop-
erties that indicate disease. For example, the hypoechoic
region in the breast image of Fig. 1 (arrow) is most likely of
clinical significance because we know the system response
is fairly uniform throughout the displayed region of inter-
est.

Temporal resolution in sonography is the inverse of the
frame rate. In many situations, the video rate of 30 f/s is
adequate. However, increasing display depth, number of
transmit foci, or line density of the frame beyond certain
values requires a reduction in frame rate. The highest rate

ultimately is determined by the speed of sound. Consid-
ering that each image frame is a temporal sample of the
body, it is easy to see that fast body movements, e.g., heart
valve motion, will be aliased (1) unless the frame rate is
twice the bandwidth of the tissue movement. Modern
imaging systems automatically provide the highest frame
rate for the parameters selected by the operator; however,
it is wise to be vigilant for aliasing artifacts particularly
with unusual system configurations common with re-
search applications. The highest temporal sampling is ob-
tained using 1-D M-mode displays.

Noise in sonography is defined as variations in the echo
signal that are unrelated to tissue structure. Noise orig-
inates from two distinct sources. There is the additive
electronic noise from the amplifiers, A/D converters, and
other system components. This source is additive because
it is independent (or weakly dependent) on the signal am-
plitude. It is often modeled mathematically as a white
Gaussian noise (WGN) process (14), and it is the noise re-
ferred to in calculations of echo signal-to-noise ratio
(eSNR is defined below).

The textured appearance in the breast image of Fig. 1 is
predominantly another type of ‘‘noise’’ called acoustic
speckle (17). The two sources are distinguishable because
additive noise decorrelates over time, whereas speckle
noise does not. Similar to laser speckle, acoustic speckle
arises from a coherent summation of reflected waves at
the detector surface during reception (Fig. 2, center), and
thus it is an inherent property of sonography. Because the
bandwidth of the reflected waves is relatively narrow
(fractional bandwidth less than 100%) and the detector
is sensitive to phase, pressure waves interfere to give the
nulls and peaks we see in the B-mode image as speckle. If
you look at the very bottom of the breast image in Fig. 1,
you will see the smooth surface of the patient’s chest wall
appear as a broken line, in part, because of speckle. Yet
speckle does little to limit our ability to recognize lesions
that are large compared with the speckle spot area. In the
focal region of the transducer and for random scattering
media, the shape of the image speckle equals the shape of
the sound pulse in the plane of the image. This is conve-
nient for engineering measurements; however, speckle is a
nuisance when trying to assess tissue microstructure. For
example, the surface of malignant tumors is often more
irregular than that of benign lesions. Speckle can be sup-
pressed with some loss of spatial resolution by compound-
ing images (18). In spatial compounding, B-mode images
are recorded by viewing the same tissue region from dif-
ferent look angles. Summing images from statistically in-
dependent views reduces speckle amplitudes by the
square root of the number of images summed. Resolution
is lost when the images are not completely spatially reg-
istered before being summed and because of asymmetric
pulse shapes. Many clinical systems employ compounding
techniques under a variety of commercial names.

Contrast is a property of the interaction between tissue
and the imaging system. Its definition varies with the
task. In sonography, it is usually defined as the ratio of
average signal strength in the target region to that in a
surrounding region of equal size in decibels (dB). For ex-
ample, if the average echo amplitude of the lesion in Fig. 1
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is half of the amplitude in the surrounding region, it has
an image contrast of 20 log(0.5)¼ � 6 dB. Object contrast
may be greater or lesser than the image contrast depend-
ing on image postprocessing parameters. We discussed at
the beginning of the article how changes in the body
prompted by disease provide object contrast. The image
contrast, a property of the imaging system, is often quan-
tified by contrast resolution (2). Contrast resolution de-
scribes the smallest difference in echo amplitude for two
spatially resolvable regions that can be distinguished.
Contrast resolution depends on the dynamic range of the
instrumentation, bit depth of the A/D converter, eSNR,
TGC, and perhaps most importantly, the side- and grat-
ing-lobe properties of the array transducers. This rich
topic is described in detail by Angelsen (2).

4.1. Safety and Cost

The safety of medical diagnostic ultrasound applied to
adults without contrast enhancement is not of concern
provided output levels are within the U.S. Food and Drug
Administration (FDA) guidelines. After 60 years of clinical
applications, there have been no substantiated reports of
injury from diagnostic exposures under these conditions.
There is a greater potential for cell damage using gas-en-
capsulated contrast agents because they can lower the in-
tensity threshold for inertial cavitation (19). Simpson et
al. have studied many aspects of ultrasonic bioeffects and
have recommended statistical methods for assessing risk
(20).

Costs depend on the rate of technology development. As
the costs of computation and memory decrease and elec-
tronic circuits require less size and power, manufacturers
can provide more capable systems at constant or lowered
costs. One significant aspect of cost is related to the trans-
mit/receive (tx/rx) channel diagrammed in Fig. 2 (right). It
is now possible on some systems to provide more than 200
matched tx/rx channels. The result is a faster system with
more precise beam control, greater dynamic range, and
less additive noise. Such technology has made digital
beamformers an industry standard. Also, past systems
were built specifically for a particular type of imaging.
Today’s systems are often PC-based platforms with a great
ability to expand and evolve. Consequently, the lifetime
and total cost of an investment into an ultrasound system
has increased as software and firmware upgrades replace
more expensive hardware upgrades.

4.2. System Modeling for Design

The best commercial ultrasound systems automatically
reconfigure parameters to deliver the best-possible image
quality for each clinical examination. For example, a sys-
tem optimized for echocardiography looks very different
from one optimized for breast cancer imaging because the
two examinations demand very different engineering fea-
tures from the system to achieve their clinical objectives.
The exercise outlined above provides readers with a few
simple benchmarks for (a) deciding whether a system con-
figuration is appropriate and (b) assessing the effects of
proposed modifications for new applications. However,
more exacting analyses are often required. There are

free public-domain software packages like Field II (21) to
help designers simulate beam patterns and whole images.
Detailed finite element modeling of piezoelectric materials
is possible using various approaches (22), including com-
mercial software packages like PZFlex (23). Bioengineers
can assemble these parts using linear system analysis,
like that described below, to quickly gain insights into
various ultrasonic imaging designs by programming just a
few equations in Matlab.

First, we need to specify a mathematical model for tis-
sue scatterers f as a function of position x. Often it is suf-
ficient to assume a random scattering structure given by a
zero-mean multivariate-normal process with covariance
matrix K : f ðxÞ¼MVNð0;KÞ. Uniform random media are
completely specified by the covariance matrix K ¼ s2

f I,
where s2

f is the variance of the scatterer distribution (pro-
portional to the incoherent scattering intensity) and I is a
diagonal matrix of ones. If lesion contrast is to be included,
then K ¼ s2

f ðIþSÞ, where the diagonal matrix S defines
the lesion length/area/volume depending on the dimen-
sionality of the model. Of course, tissue scattering func-
tions are really four-dimensional (4-D) in space and time.
However, we are simplifying this discussion by consider-
ing reflectors in one spatial dimension that do not move.
Extension to 4-D is messy but straightforward.

The object f(x) is a continuous function of position,
whereas the beamformed RF echo data are represented
by an M � 1 column vector g with elements g[m] that are
discretely sampled on the time interval T. If h(mT,x) is the
spatio-temporal impulse response of the imaging system
(24) and n[m] is an additive WGN sample, then the con-
tinuous-to-discrete transformation between object and
data space that describes the process of recording echo
signals from this idealized medium is (24).

g½m� ¼

Z

1

�1

dx hðmT; xÞf ðxÞþn½m�; 0�m�M � 1: ð1Þ

When h can be assumed shift invariant, which is reason-
able over limited depths where dynamic receive focusing
and aperture growth are applied, then h is a function of
the difference variable hðmT � 2x=cÞ (12), and Equation 1
simplifies to a spatial convolution plus noise:
g½m� ¼ ðh � f Þ½m� þn½m�. To model echo signals in Matlab,
it is easier to consider f(x) as an N � 1 vector of spatial
samples f and H as an N � M system matrix whose rows
are h(mT,x) for fixed x (15). When h is shift invariant, then
H is circulant (15) and straightforward to generate nu-
merically. In matrix form, the ultrasonic imaging equation
1 becomes simply

g¼Hf þn: ð2Þ

The Matlab code to generate B-mode images via Equation
2 can be found with examples in Ref. 25.

There does not seem to be a standard definition of
eSNR in the literature, unfortunately, which means that
modelers must be careful in setting their noise levels if
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they hope to match experimental results. I suggest using
the definition from signal detection theory (14) that de-
fines eSNR as the ratio of the variance for the noise-free
signal to that of the noise. In the notation above,

eSNRðxÞ½dB� ¼10 log
s2
f

s2
n

Z

1

�1

dt h2ðmT; xÞ;

where we note that eSNR can vary spatially. eSNR is de-
scribed further in Ref. 26.

Modifications of Equation 1 or 2 allow us to expand the
assumptions and thereby introduce the new aspects of the
problem we wish to study. For example, we can add a
specular reflecting surface, like the chest wall in Fig. 1, by
expanding f to two or three dimensions and giving it a
nonzero mean value locally, in a line or plane correspond-
ing to the interface. Note that f remains a column vector
regardless of the dimensions of the continuous object f.
Examples of modeling specular reflectors in tissues can be
found in Ref. 25.

To allow the scattering particles to move in time and
space and model flowing blood, we use the object function
f(x0,kTPRF) in place of f(x) in Equation 1 and then we in-
tegrate over x0. This is the situation of a basic Doppler ex-
periment to measure blood velocity (3). TPRF is the
measurement time interval between pulse transmissions
(inverse of the pulse repetition frequency) for acquiring
ensembles of echo waveforms in Doppler analysis (3), and
k is an integer. The position of scatterers depends on when
and where you ‘‘look’’ at them with the ultrasound pulse.
Let the position of a blood cell moving at velocity V at
measurement time kTPRF be x0. We can define x0 relative to
the cell’s position at an earlier time (k� 1)TPRF, which we
call x, from the expression
x0 ¼ xþVxðx; ðk� 1ÞTPRFÞ�TPRF, where Vx is the compo-
nent of the velocity vector along the x-axis. Velocity is al-
lowed to vary with position and measurement time to
simulate pulsatile flow in vessels. Scattering functions are
then computed recursively, f ðx0; kTPRFÞ¼ f ðx; ðk� 1ÞTPRFÞ

for k40, and Equation 1 gives the simulated echo signals.
The equations above have been used to simulate beam-

formed RF echo signals to explore new blood velocity es-
timators and coded-pulse excitation techniques for
improved estimates of vascular wall shear stress (26)
and many other ideas. Provided the imaging system can
be described by linear systems analysis (24), Equation 2 is
limited only by your ability to translate the physics of an
imaging situation into an equation.

5. CURRENT RESEARCH IN ULTRASOUND

Because ultrasound is safe, real time, and relatively inex-
pensive, sonography in its many forms has become the
basis of many new approaches to bioimaging for clinical
medicine and basic biological investigations, including
molecular imaging. Hundreds of citations each year de-
scribe how ultrasound can be adapted to reveal interesting
biological processes. Just a few of those applications are
summarized below.

Contrast agents are influencing the direction of ultra-
sonic instrumentation because of their ability to target
specific molecular sites for both imaging and drug deliv-
ery. There are several approaches, but most contrast me-
dia are either gas-encapsulated microbubbles (27) or gas-
free nanoparticles (28,29). In both cases, the imaging ob-
jective is to enhance the object contrast for specific vascu-
lar, cellular, and molecular targets to improve sensitivity
and specificity of diagnosis. For example, we see the breast
lesion in Fig. 1, but we are hard-pressed to classify it as
benign or malignant because both types are hypoechoic.
Targeted contrast particles are being manufactured with
ligands (molecules that bind to specific cellular receptors)
attached to their surface. Bloodborne contrast particles
encounter cell receptors and other targeted sites specific to
the disease as they circulate (30). Once attached to the
target, they may be imaged immediately or they may re-
quire chemical or mechanical activation to further en-
hance contrast and/or to release embedded drugs. In this
manner, ultrasound is being used to both image and treat
tissues. Intravenously injected microbubbles with fragile
shells may not survive multiple passes through the heart
and lungs. Stiffening the shells reduces contrast enhance-
ment at diagnostic intensities. Therefore, work is under-
way to model and measure the dynamic behavior of
shelled bubbles in acoustic fields (31) so that the mechan-
ical strength of the shells can be specifically engineered to
survive physiological pressures but is programmed to
break when necessary in acoustic fields.

One interesting feature of microbubbles is that echoes
scattered from these sites are rich in sub- and super-har-
monics of the fundamental frequency. That is, a 5-MHz
transmit pulse will produce a scattered field at 5 MHz and
yet contains significant wave energy at 2.5 MHz and
10 MHz and integer harmonics thereof. This behavior is
the hallmark of nonlinear acoustic scattering. Because the
bandwidth of transducers has increased substantially in
the past decade, it is now possible to filter the echo signals
and emphasize harmonic components to isolate microbub-
ble scattering from tissue scattering. The techniques,
known collectively as harmonic imaging, are most effec-
tive at a transmit intensity where the nonlinear scattering
response of microbubbles is significant but the nonlinear
tissue response is minimal. Other investigators have
shown that several transmitted pulse sequences help
them improve microbubble contrast while suppressing
the tissue response. Such methods were recently reviewed
(32).

It should be pointed out that research in the United
States on ultrasonic contrast agents lags behind European
research because so few agents have received FDA ap-
proval and are readily available for purchase without spe-
cial research agreements.

Other exciting research topics include development of
new transducer materials, including single-crystal PZT
and piezo-composites that offer enhanced sensitivity,
bandwidth, and reduced inter-element crosstalk (5). Ca-
pacitive micromachined ultrasound transducer (CMUT)
technology is very promising (33). Greater transducer sen-
sitivity allows for higher transmission frequencies to im-
prove spatial resolution, although some newer materials
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are significantly more expensive. To improve three-dimen-
sional (3-D) spatial resolution and to record echoes from
tissues volumes instead of planes, both at high speed, 2-D
linear and phase-array transducers are being tested (34),
and some are close to broad commercial release. One for-
midable technical challenge is to build 2-D array beam-
formers with enough tx/rx channels that are compact and
low power for handheld use. To understand the problem,
consider that a fully sampled 100-by-100-element 2-D ar-
ray requires 10,000 matched channels and at least 20,000
electrically conducting connections! Complexity can be re-
duced by sparsely sampling the array elements or multi-
plexing channels. However, these solutions compromise
contrast, spatial, and temporal resolutions, so they are
now used only in special applications. The industry is
waiting for interconnect and VLSI technologies to provide
high-density components at low cost. Only then will we
see the full potential of 3-D beam steering and focusing for
4-D sonography and color-flow imaging realized.

Finally, elasticity imaging is promising new sources of
natural target-specific object contrast not currently avail-
able with other imaging techniques particularly for cancer
imaging.

6. SUMMARY

The current capabilities of imaging systems and the prom-
ises of today’s research suggest that ultrasound has a
bright future in medical diagnosis and basic biological re-
search. However, continued development faces many chal-
lenges that can be solved only through interdisciplinary
research. This article described B-mode imaging basics
through elementary examples of how designers apply
physical and engineering principles to estimate system
performance. Although some current research is listed,
the intent was to briefly review design principles of inter-
est for bioengineers considering new applications for ex-
isting technology or new ultrasonic techniques.
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ULTRASONIC TRANSDUCERS FOR MEDICAL
IMAGING
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1. INTRODUCTION

The performance of modern ultrasound imaging systems
is primarily determined by the characteristics of the ul-
trasound transducer. Early imaging systems were based
on single-element transducers. These transducers had a
fixed focal distance and had to be mechanically scanned to
create an image. The systems were cumbersome to use,
and the image quality was relatively poor. Much of the
success of modern ultrasound imaging can be attributed to
the development of efficient transducer arrays that pro-
vide both electronic beam steering and focusing. Elec-
tronic steering avoids the need to mechanically scan the
transducer, whereas electronic focusing provides im-
proved resolution over a large imaging depth. Since trans-
ducer arrays were first introduced in the late 1970s, there
has been a steady improvement in the efficiency and res-
olution of arrays. Transducer arrays are now available in a
variety of geometries and operating frequencies, each op-
timized for a particular imaging application. As new
transducer materials and improved fabrication techniques
have become available, there has been a corresponding
improvement in the quality of the ultrasound images. The
pace of this development has not slowed, and improve-
ments in ultrasound imaging can be expected for many
years to come.

2. PIEZOELECTRICITY

2.1. The Piezoelectric Effect

In the late 1800s, French scientists Pierre and Jacques
Curie discovered that when a sample of quartz is com-
pressed between two conducting plates an electric poten-
tial is generated between the plates. The Curie brothers
also discovered that the application of an external electric
field causes a deformation of the crystal. These phenom-
ena, called the piezoelectric effect and inverse piezoelectric
effect, are responsible for the detection and generation of
ultrasound in most modern medical ultrasound systems.

2.2. Piezoelectric Materials

Since the first discovery of piezoelectricity, many materi-
als have been found to be piezoelectric. One group of ce-
ramic materials, formed from polycrystalline lead-
zirconate-titanate (PZT), has a particularly strong piezo-
electric response and has become the material of choice for
medical ultrasound transducers. The strong piezoelectric
response of PZT results from the dipole moment associated
with the nonuniform distribution of charge within the PZT
unit cell. Collections of unit cells with aligned dipole mo-
ments, called domains, form naturally in the material. In a

bulk sample, the domains are randomly orientated and
the net dipole moment is very small as is the piezoelectric
response. Before the material can be used in a transducer,
the domains must be aligned through a process called pol-
ing. Poling is carried out by heating the piezoelectric sub-
strate to just above its Curie temperature in the presence
of a strong electric field. Above the Curie temperature, the
orientations of the domains are free to change and the
domains will align with the electric field. When the mate-
rial is cooled, the alignment of the domains becomes per-
manent.

2.3. Coupling Coefficient

The efficiency with which a material converts electrical
energy into ultrasound is characterized by a constant
called the electromechanical coupling coefficient. The cou-
pling coefficient is equal to the square root of the fraction
of energy converted from the electrical domain to the me-
chanical domain (or vice versa) in a single electromechan-
ical cycle. The coupling coefficient depends on the
electromechanical properties and geometry of the mate-
rial. When the coupling coefficient is measured in the lim-
iting case of a thin plate that has been poled in the
thickness direction, the coefficient is called kt. At the other
extreme, if the measurement is made in a long narrow bar,
poled in the length direction, the coefficient is called k33.
The thickness coupling coefficient kt is usually smaller
than k33. For example, PZT has coupling coefficients of kt
¼ 0.5 and k33¼ 0.7 that are both high (1). For comparison,
quartz has thickness coupling coefficient of only 0.14 (1).

2.4. Nonceramic Piezoelectric Materials

Piezoelectricity has also been found in polymer materials
such as polyvinylidene difluoride (PVDF). Although the
electromechanical coupling coefficient of PVDF is rela-
tively low (kt¼ 0.11) (1), the material is easily shaped
and it is available in very thin films. The material also
has an acoustic impedance (defined by the product of the
speed of sound and density) that is much closer to tissue
than ceramic piezoelectric materials. As will be discussed
in this article, the lower acoustic impedance makes it eas-
ier to transfer signals between the transducer and the
imaging medium and eliminates the need for an acoustic
matching layer. These properties make piezoelectric poly-
mer materials ideal substrates for single-element high-
frequency transducers (2). Polymer substrates are also in-
herently broadband and so are often chosen for use in
hydrophones.

Recently a family of single crystal materials formed
from solutions of lead-magnesium-niobate/lead titanate
(PMN-PT) or lead-zinc-niobate/lead titanate (PZN-PT)
have been reported with very high coupling coefficients
(k33¼ 0.86 to 0.92) (3). These materials have the potential
to greatly improve the performance of ultrasound trans-
ducers, but manufacturing problems and the high cost of
these substrates have so far prevented their use outside of
research laboratories.

1
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3. ULTRASOUND TRANSDUCERS

3.1. Structure of a Single-Element Transducer

Figure 1 shows a cross section through a simple single-
element ultrasound transducer. The heart of the device is
the transducer substrate that is simply a plate of piezo-
electric material. The plate is coated with thin silver or
chrome-gold electrodes on the front and back faces. One
side is grounded, and the other side is connected to the
electronics responsible for exciting the transducer and de-
tecting the received signals. One or more matching layers
are bonded to the front face of the transducer substrate,
and a backing layer is cast onto the back surface. Finally,
an acoustic lens may be bonded to the front matching
layer. A more detailed discussion of the matching layers
and the backing layer will be given in this article.

3.2. Frequency and Pulse Length

When a piezoelectric plate is excited with a short electric
pulse, the plate will resonate. Most mechanical energy as-
sociated with this vibration occurs at a frequency where
the thickness of the plate is equal to one half the ultra-
sound wavelength in the material. Consequently, the
thickness of the substrate is usually chosen so that this
half-wavelength resonance corresponds to the desired op-
erating frequency. The length and amplitude of the ultra-
sound pulse are primarily determined by how much
energy is transferred to the materials on the front and
back faces of the transducer substrate during each cycle.
The transfer of energy across the interface between the
transducer substrate and the material on either the front
or the back face of the substrate is described by the trans-
mission coefficient (TI). The transmission coefficient is the
ratio of time-averaged transmitted and incident ultra-
sound intensities and is given by the following expression:

TI ¼ 4Z1Z2=ðZ1þZ2Þ
2; ð1Þ

where Z1 is the acoustic impedance of the transducer sub-
strate and Z2 is the acoustic impedance of the material
adjacent to either the front or the back face of the sub-
strate (4). The acoustic impedance of a material is the
product of the density of the material and the speed of
sound in the material. When the acoustic impedance of the

transducer substrate (Z1) and the adjoining material (Z2)
are similar, a large fraction of the energy will be trans-
ferred to the material during each cycle, and a large-am-
plitude short-duration pulse will be obtained. Conversely,
if the acoustic properties of the adjoining material and
transducer are different, little of the acoustic energy will
leave the transducer substrate during each cycle and the
ultrasound pulse will be low in amplitude and relatively
long. For an imaging system, it is desirable to use a short
pulse because the length of the pulse is directly related to
the resolution of the system in the direction of pulse prop-
agation (axial resolution). Resolution in the direction per-
pendicular to the propagation direction is called the
lateral resolution and will be discussed in this article.

3.3. Matching Layers

Obtaining a large-amplitude short-duration pulse for a
medical imaging system is complicated by the large dif-
ference in the acoustic impedance between the transducer
substrate (Z1430 MRayl, for PZT) and the human body
(Z2B1.5 MRayl). To reduce this problem, a thin matching
layer is usually bonded to the front face of the transducer
between the transducer substrate and the imaging me-
dium. By selecting a matching layer with a acoustic im-
pedance equal to the geometric mean of the transducer
substrate and imaging medium (Z1Z2)1/2, and selecting a
thickness equal to one quarter of the wavelength in the
material, 100% transmission can be obtained at a specified
frequency (5). To increase the transmission bandwidth, a
transducer will often have more than one matching layer,
each tuned to a slightly different frequency.

3.4. Backing Layer

In addition to the matching layer(s) on the front face, a
relatively thick and acoustically attenuating layer is cast
onto the back face of the transducer. The backing layer is
designed to provide three functions. First, it provides me-
chanical support for the transducer substrate. Second, it
rapidly attenuates energy transmitted to the backing ma-
terial and therefore prevents spurious signals that might
otherwise be generated by reflections from structures in-
side the transducer housing. Finally, the backing layer is
often designed to reduce the pulse duration. If the acoustic
impedances of the backing layer and transducer substrate
are similar, most energy directed toward the back face of
the substrate will be coupled to the backing layer where it
will be absorbed. Energy reflected at the front face of the
transducer will also be transferred to the backing layer
and absorbed. Eliminating internal reflections from the
front and back faces by using a matched backing layer is
usually the most efficient method of reducing the pulse
duration. Unfortunately, the energy absorbed by the back-
ing layer reduces the total energy that can be delivered to
the imaging medium.

3.5. Transducer Materials

The acoustic properties of many common materials were
measured by Selfridge (6). Table 1 gives the acoustic prop-
erties of a few transducer substrates and materials that

Housing

Electrodes

Backing LayerElectrical
Contact

Transducer
Substrate

Matching
Layers

Lens

Figure 1. Cross section through a single-element ultrasound
transducer.
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have been used for matching layers, the backing layer, and
the acoustic lens (from Refs. 6 and 7). Unfortunately, the
materials used in commercial transducers are often clo-
sely guarded trade secrets.

3.6. Equivalent Circuit Models

Selecting the transducer substrate, the number, thick-
nesses, and acoustic properties of the matching layers,
and the acoustic impedance of the backing layer to opti-
mize the performance of a transducer for a particular
imaging application can be complicated. Designers will
frequently use an equivalent circuit model of the trans-
ducer, such as Mason’s model (8) or the KLM model (9), to
guide this design as well as the design of the electronics at
the ‘‘front end’’ of the imaging system. The transducer is
modeled as a three-port network with one electrical port
and two mechanical ports. The electrical port represents
the electrical connections to the transducer, and the two
mechanical ports represent the front and back faces of the
transducer. The connection between the electrical and me-
chanical side of the model is made with an ideal trans-
former. The model can be used to predict the electrical
impedance of the transducer, the ultrasound pulse that
will be generated by the transducer, and by cascading two
models together, the amplitude and shape of the detected
electrical signal from a perfect acoustic reflector (pulse-
echo response).

3.7. Composite Substrates

The bandwidth and efficiency of a transducer can usually
be improved by replacing the transducer substrate with a
composite material. Composites are formed by cutting a
series of parallel grooves through a piezoelectric plate and
filling the grooves with a polymer material. The plate is
then rotated by 90 degrees, and the process is repeated to

produce a uniform grid of piezoelectric pillars surrounded
by a polymer matrix (Fig. 2). By carefully selecting the
polymer and the spacing between the pillars, the resulting
material, called a 1:3 composite, will have an electrome-
chanical coupling coefficient that is larger than that of the
bulk piezoelectric and an acoustic impedance that is
smaller (10). Reducing the acoustic impedance makes it
easier to design the matching layers and often results in a
reduction in the pulse duration and/or an increase in
transducer efficiency. A variety of unwanted vibration
modes can be produced in the periodic composite struc-
ture. Optimizing the design of the composite to avoid these
modes and to maximize the coupling coefficient can be
done with the assistance of a finite element model of the
array (11).

Table 1. Acoustic Properties of Materials Used in Ultrasound Transducers

Transducer Substrates Speed of Sound 103 m/s Density [103 kg/m3] Acoustic impedance [MRayl]

PZT-5H 4.4 7.4 33.0
PVDF 2.3 1.8 4.2
Lithium Niobate (361 y-cut) 7.3 4.6 34.0
Quartz (x-cut) 5.8 2.6 15.0

Matching Layers
Glass, silica 5.9 2.2 13.0
Silver Epoxy 1.9 2.7 5.1
Mylar 2.5 1.2 3.0
Polycarbonate 2.3 1.2 2.8

Backing Layers
Brass 4.7 8.6 40.0
25% Vol. Tungsten Epoxy 1.7 5.5 9.3
25% Vol. Alumina Epoxy 2.7 1.9 5.1
Air 0.33 1.3 � 10� 3 4.3 � 10� 4

Acoustic Lenses
TPX 2.2 0.83 1.8
RTV Rubber 1.0 1.0 to 1.4 1.0 to 1.4

Figure 2. Arrangement of ceramic pillars in a 1:3 composite. The
space between the pillars is filled with a polymer material (not
shown).
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4. ULTRASOUND BEAMFORMING AND ARRAYS

4.1. Lateral Resolution

Image resolution in the direction perpendicular to the
pulse propagation is called lateral resolution (LR) and is
determined by how finely the ultrasound beam is focused.
For a single-element transducer, the ultrasound beam can
be focused by either spherically shaping the transducer or
by attaching an acoustic lens to the front face of the trans-
ducer. The resulting image LR at the focal region can be
calculated with the following expression:

LR¼ lfd=D; ð2Þ

where l is the ultrasound wavelength in the medium, fd is
the focal distance, and D is the diameter of the transducer
(1). Although a single-element transducer is relatively
easy and inexpensive to manufacture, the fixed geometry
of the device introduces a tradeoff between LR and the
depth over which the beam remains focused [depth of field
(DoF)]. This tradeoff is illustrated in Fig. 3. At one ex-
treme, if a large diameter transducer with a short focal
distance is used, excellent LR will be obtained but the DoF
will be limited. At the other extreme, a small transducer
with a long focal distance will provide a large DoF but poor
LR.

4.2. Linear Arrays

The tradeoff between LR and the DoF can be avoided by
replacing the single-element transducer with a multiele-
ment transducer array and an electronic beamformer.
Compared with a single-element transducer, a transducer
array provides improved resolution over a larger DoF. An-
other advantage is that the ultrasound beam produced by
an array can be electronically steered, whereas a single-
element transducer must be mechanically scanned to
steer the beam. With the exception of high-frequency

(430 MHz) imaging systems, almost all modern medical
ultrasound systems use transducer arrays. Figure 4 shows
a diagram of a linear array. Many structures in the array,
such as the lossy backing layer and the matching layers,
are similar to those found in a single-element transducer.
The major difference between a single-element transducer
and an array is that the transducer substrate is diced to
produce a series of array elements, each of which can be
excited individually. Depending on the element spacing,
the array elements may be diced a second time (subdiced)
so that two subelements share the same electrode, which
is done to avoid introducing unwanted vibrational modes
called lateral modes into the bandwidth of the transducer.
An acoustic lens is used to focus the energy into an imag-
ing plane.

4.3. Beamforming

Within the image plane, the ultrasound is steered and fo-
cused electronically as illustrated in Fig. 5. A subset of the
array elements called the active aperture is excited with a
delay pattern selected so that the ultrasound waves from

LR DoF LR DoF

Ultrasound
Beam

Figure 3. Relationship between the lateral resolution (LR) and
the depth of field (DoF). A strongly focused transducer (left) pro-
duces a tightly focused beam with excellent LR but limited DoF,
whereas a more weakly focused transducer (right) produces a
wider beam with a larger DoF.

Backing Layer

Matching Layer

Kerf

Lens

Transducer Substrate

Figure 4. Section of a linear array showing five elements.

Delayed Excitation
Signals

Image Line

λ

Array Elements
Ultrasound
Wavefronts

Figure 5. Beamforming using a linear array. A group of array
elements called the active aperture is excited with a delay pattern
to produce an ultrasound beam that is focused along a line per-
pendicular to the array. Additional image lines are obtained by
shifting the active aperture across the array.
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each array element arrive at the desired focal point at the
same time. By applying analogous delays to the signals
received from each element, the received signals can also
be focused. A different delay pattern is used to focus ech-
oes originating close to the transducer and echoes from
deep in the body. By dynamically changing the delay pat-
tern while the echoes are received, the focal point of the
array can be swept forward at the speed of sound allowing
optimal receive focusing at each depth in the body. The
process of applying time delays to steer and focus the ul-
trasound signals is called beamforming. Once all echoes
along a single beam line have been collected, the active
aperture is shifted by one element and the process is re-
peated. A typical linear array for medical imaging has 100
to 250 elements spaced approximately one wavelength
apart and uses a 32- to 64-element active aperture.

4.4. Curved Linear Arrays and Phased Arrays

The width of the image produced by a linear array is lim-
ited by the length of the transducer. To extend the field of
view, more array elements must be added. Alternatively,
the linear array can be curved slightly so that the result-
ing ultrasound beam is passively steered over a range of
angles based on the curvature of the array. The resulting
array is called a curved linear array. Another close rela-
tive to the linear array is the phased array. The geometry
of a phased array is identical to a linear array except that
the elements are spaced approximately one-half wave-
length apart. To form an image line, all phased array el-
ements are excited with a delay pattern that not only
focuses the ultrasound but also steers the beam so that it
is no longer perpendicular to the face of the transducer
(Fig. 6). By repeating the process with a range of steering
angles, a sector format image can be formed. The advan-
tage offered by a phased array is that a large field of view
can be obtained with a relatively small transducer.

4.5. Grating Lobes

The decreased element spacing associated with a phased
array is necessary to prevent the formation of unwanted
regions of constructive interference in the radiation pat-

tern called grating lobes. Grating lobes form at locations
in the medium where the path difference between adjacent
elements is equal to an integer multiple of the ultrasound
wavelength. By restricting the element spacing to one half
of the ultrasound wavelength, grating lobes are elimi-
nated from the imaging region over the entire range of
steering angles.

4.6. Side Lobes and Apodization

When all array elements are excited with the same am-
plitude pulse, the resulting ultrasound beam will have
small secondary peaks directly adjacent to the main beam.
These peaks, called side lobes, are associated with diffrac-
tion and are caused by the sharp change in the ultrasound
amplitude at the edges of the array. The amplitude of side
lobes can be reduced, at the expense of an increase in the
main beam width, by smoothly reducing the amplitude of
the signals applied to the elements toward the edges of the
array. The function that describes the variation in signal
amplitude across the array is called an apodization func-
tion. A variety of apodization functions have been pro-
posed, each producing a different tradeoff between the
main beam width and side lobe amplitude (12).

5. FUTURE DIRECTIONS

5.1. Multidimensional Arrays

Linear arrays and phased arrays provide excellent LR in
the imaging plane by virtue of electronic beamforming. In
the elevation direction, which is the direction perpendic-
ular to the image plane, the ultrasound beam is focused
with an acoustic lens and the beam is much wider. Weakly
focusing the beam in the elevation direction is necessary
so that the DoF of the lens extends over the entire imaging
depth. The technique that is used to reduce the beam
width in the image plane can also be used in the elevation
direction. However, this technique requires that the array
be diced a second time in a direction perpendicular to the
original cuts. If the spacing between the elements in the
elevation direction is the same as the original element
spacing, the resulting array is called a 2-D array, whereas
if greater element spacing and fewer total elements are
used in the elevation direction, the array is called a 1.5-D
array. A 1.5-D array provides improved focusing in the el-
evation direction but does not permit beam steering. A full
2-D array produces a symmetrically focused beam that
can be electronically steered throughout the image vol-
ume. Unfortunately, the flexibility that is offered by a 2-D
array comes at a huge price in terms of the number of el-
ements. For instance, a 2-D phased array with an aperture
equivalent to a 128-element phased array would require
over 16,000 array elements. A few different techniques
have been proposed that would allow a reduction in the
total number of array elements (2–16 times) while having
a minimum impact on the resulting radiation pattern
(13,14). Unfortunately, even with a 16-fold decrease in
the number of elements, fabricating 2-D transducer arrays
for medical imaging is challenging. It is difficult making
electrical connections to a grid of miniature array ele-

Image Line

Array Elements

Ultrasound
Wavefronts

Delayed
Excitation Signals

Figure 6. Beamforming using a phased array. The elements in a
phased array are excited with a delay pattern that focuses and
steers the ultrasound beam. Additional image lines are obtained
by changing the steering angle.
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ments. Also, the electrical impedance of the elements is
very large, which makes it hard to detect the signals.
Many advances in the design and fabrication of these ar-
rays have been made over the last decade (15), and imag-
ing systems based on 2-D arrays are just beginning to
become commercially available. However, more work will
likely be required before 2-D arrays become inexpensive
enough to become common in the clinic.

6. CMUTS

Another active area of research is the development of non-
piezoelectric-based transducers called capacitive micro-
machined ultrasound transducers (CMUTs). Capacitive
acoustic transducers have existed for many years, but
they have not played a significant role in medical imag-
ing because of their poor efficiency. The application of
modern silicon micromachining techniques has recently
made it possible to fabricate miniature capacitor struc-
tures with the plates spaced by hundreds of Angstroms.
By closely spacing the plates, electric fields on the order of
109 V/m are possible, and the corresponding efficiency of
these devices can be improved markedly (16). Figure 7
shows a schematic diagram of a single CMUT cell (not to
scale). The diameter of each cell can range from tens to
hundreds of microns. A transducer would be constructed
from many of these cells connected in parallel to form ar-
ray elements with the same size and geometry of those
found in conventional arrays.

When a direct current (DC) voltage is applied between
the top membrane and the bulk substrate, the membrane
will be attracted to the substrate by Coulomb forces and
will bow slightly. If an alternating current (AC) signal is
superimposed on the DC bias, the membrane will vibrate
in response to the change in the electric field and an ul-
trasound signal will be generated. Conversely, an ultra-
sound signal will cause the membrane to vibrate and
generate a corresponding AC signal. CMUTs have some
inherit advantages over traditional piezoelectric-based
transducers. The membrane is strongly damped when im-
mersed in water, and consequently, the devices produce
broad-band pulses. Because the layout of the transducer is
defined using photolithography, fabricating transducers
with complex geometries or very large numbers of ele-
ments (such as 2-D arrays) is no more difficult than fab-
ricating a simple transducer. Batch fabrication of CMUTs
is also possible, which will in the future reduce the cost of
these devices. Finally, it is possible to integrate the front-

end electronics on the same silicon wafer as the CMUT,
which will likely reduce the cost and size and improve the
noise performance of a CMUT-based imaging system.

7. CONCLUDING REMARKS

The brief review presented in this article describes the
basis of modern medical ultrasound transducers. Ultra-
sound transducers and transducer materials are continu-
ing to improve and will likely lead to new applications of
medical ultrasound. In particular, the recent development
of 2-D arrays either based on ceramic/single crystal piezo-
electric substates or on CMUTs will likely result in a new
generation of ultrasound scanners with improved resolu-
tion and/or real-time three-dimensional image acquisition.
Already the first generation of these scanners is beginning
to appear on the market.
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1. INTRODUCTION

Sleep-disordered breathing can manifest as a spectrum
from inspiratory flow limitation (IFL) to hypopneas and
apneas. These respiratory events are characterized by
recurrent narrowing (IFL and hypopneas) and obstruction
(apneas) of the pharyngeal airway during sleep. Under-
standing the determinants of upper airway patency dur-
ing sleep is critical to understanding the pathogenesis of
obstructive sleep apnea-hypopnea. Multiple investiga-
tions have shown that upper airway patency is influenced
by upper airway dilating muscle activity, the transmural
pressure of the upper airway, and several nonneuromus-
cular factors including changes in lung volume, caudal
traction, vasomotor tone, and mucosal adhesive forces. In
this review, three points will be addressed: (1) determi-
nants of upper airway patency; (2) the effects of sleep on
upper airway pressure-flow relationships and resistance;
and (3) the pathophysiology of upper airway obstruction
during sleep.

2. DETERMINANTS OF UPPER AIRWAY PATENCY

2.1. Upper Airway Dilating Muscles

The upper airway is a complex structure with multiple
functions including respiration, swallowing, and speech.
While rigid structures, such as the bones of the head and
neck, contribute to airway patency, a major determinant of
human upper airway patency is activation of the upper
airway muscles. The upper airway contains 24 pairs of
muscles with activity during inspiration, expiration, or
both. The pharyngeal muscles have complex anatomic
relationships and contraction of specific muscles within
muscle groups can have antagonistic effects on the upper
airway (1–4). There are at least 10 pairs of muscles that
are classified as pharyngeal dilators. These muscles ex-
hibit phasic inspiratory activity and are thought to en-
hance upper airway patency by dilating or stiffening the
upper airway.

Activation of upper airway muscles, assessed by elec-
tromyography, begins prior to activation of the inspiratory
pump muscles. This activation may render the pharyngeal
wall less vulnerable to narrowing during inspiration (5,6).
Failure of the upper airway muscles to be activated prior
the thoracic pump muscles has been noted in patients
with sleep-disordered breathing (5).

Application of negative pressure to the upper airway
during wakefulness elicits a reflex activation of the gen-
ioglossus muscle (within 50msec). This reflex is present
even in the absence of central control of breathing, in-
dicating that the muscles are responding to the negative
pressure (7). This reflex is attenuated during NREM sleep,

suggesting that sleep eliminates a protective reflex main-
taining upper airway patency in the face of narrowing or
deformation (8–10). An attenuated response of the genio-
glossus muscle to hypercapnia during sleep has also been
noted (11).

However, evidence regarding the effect of upper airway
dilating muscle activity on upper airway patency remains
inconclusive. First, while it is accepted that a sleep-related
decrease in upper-airway muscle activity results in upper
airway narrowing during sleep, the data demonstrating
reduced motor output to upper airway muscles during
sleep is fragmentary. However, there is reasonable evi-
dence to support a decrease in either tonic or phasic
activity for a variety of muscles including the genioglossus
(12,13), palatoglossus (14), geniohyoid (15), and levator
and tensor palatini muscles (14,16). In particular, the
largest decrements are for muscles that primarily have
tonic activity, such as the palatini muscles. Muscles that
primarily are associated with phasic activity during the
respiratory cycle, such as the genioglossus, are less likely
to show sustained decrements in activity. Second, patients
with obstructive sleep apnea-hypopnea have increased
activity of the genioglossus muscle during wakefulness
(17) and sleep (18), perhaps as a compensation for anato-
mically reduced caliber. Third, upper airway atonia is
associated with increased airway collapsibility in some
(19) but not all models (20). Additional evidence, however,
suggests that if upper airway dilators are active, the
pharyngeal volume-pressure curve is shifted to the left,
indicative of decreased pharyngeal compliance (21).
Fourth, while upper airway narrowing occurs during
hypocapnic central apnea (22), the magnitude of narrow-
ing varies between normals and patients with sleep apnea
despite complete inhibition of upper airway dilating mus-
cle activity in all subjects, suggesting that additional
factors contributed to upper airway occlusion. Finally,
activation of the upper airway dilating muscles cannot
always be translated into actual dilatation of the upper
airway (4,23,24).

2.2. Transmural Pressure

The pharyngeal airway is a collapsible tube, lacking in
support provided by bony or cartilaginous structures (3).
The negative (subatmospheric) pressure during inspira-
tion promotes narrowing of the upper airway. While it has
been hypothesized that the negative intraluminal pres-
sure causes upper airway obstruction in patients with
sleep apnea (25), multiple studies have shown that airway
collapse can occur in the absence of a negative intralum-
inal pressure (22,26,27) and that large negative intralum-
inal pressures in animal models do not cause upper airway
closure (28,29). Positive pressure surrounding the upper
airway may also increase transmural pressure and pro-
mote obstruction of a passive upper airway. Adipose tissue
and enlarged tonsils are examples of upper airway struc-
tures that influence upper airway collapsibility by exert-
ing an extraluminal pressure on the upper airway. Animal
studies have confirmed that ‘‘mass loading’’ of the anterior
neck in anesthetized rabbits, simulating excessive adipose
tissue, is associated with increased upper airway resis-
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tance and collapsibility (30) while tonsillectomy is known
to be a cure for sleep-disordered breathing in select
patients with tonsillar hyperplasia (31). In addition, there
is strong evidence of the importance of the lateral phar-
yngeal walls and other soft tissue structures in maintain-
ing airway patency (32,33). Finally, there is strong
correlation between neck circumference and the occur-
rence of obstructive sleep apnea further supporting the
effect of surrounding pressure on upper airway patency
(34–36).

2.3. Pharyngeal Wall Compliance

The walls of the pharyngeal airway consist of compliant
soft tissue structures, subject to changes in pressure
during the respiratory cycle. The upper airway is open
at normal atmospheric pressure in both animal and hu-
man models that investigated upper airway collapsibility.
These studies indicate that the pharyngeal wall has an
intrinsic ‘‘stiffness’’ that resists collapse. In other words,
the compliance of the pharyngeal wall is a major determi-
nant of pharyngeal patency.

The determinants of the intrinsic stiffness of the phar-
yngeal wall in sleeping humans are unknown, primarily
because of the complexity of the upper airway. Some of the
potential determinants of the stiffness include upper air-
way muscles (discussed above), lung volume and caudal
traction, and nonneuromuscular determinants such as the
vascular perfusion of the upper airway.

The increase in lung volume during inspiration is
associated with increased upper airway caliber in awake
humans independent of upper airway dilating muscle
activity (37). This is due to caudal traction on the upper
airway (38), proportional to inspiratory thoracic activity
and independent of upper airway dilating muscle activity.
Caudal traction transmits subatmospheric pressure
through the trachea and ventrolateral cervical structures
to the soft tissues surrounding the upper airway, and
hence promotes upper airway patency by increasing
transmural pressure and/or stiffening the pharyngeal
wall (28). Likewise, increased end-expiratory lung volume
with negative pressure ventilation is associated with
decreased upper airway resistance (39). Patients with
obstructive sleep apnea are more dependent on the effects
of increased lung volume since a highly compliant upper
airway may permit a more effective transmission of caudal
traction (40).

Changes in vascular tone may influence upper airway
patency by changing mucosal vasocongestion (41). Accord-
ingly, hypoxia or hypocapnia may alter vascular tone and
upper airway caliber. Mucosal factors may also influence
upper airway patency (42). In particular, once upper air-
way closure occurs, mucosal surface forces may impede
subsequent upper airway opening and promote further
narrowing/occlusion (42,43). Local administration of sur-
factant is associated with decreased apnea severity in
patients with sleep apnea and decreased upper airway
resistance in normal snoring subjects (44). Mucosal lining
forces may be particularly important in patients with OSA
due to small pharyngeal size or altered characteristics of
mucosal lining by repeated closure and edema.

2.4. Craniofacial Structure

Craniofacial structure is an important determinant of
upper airway patency. Clinically, this is most evident in
children with craniofacial abnormalities such as Pierre-
Robin and Treacher-Collins syndrome, both of which are
associated with increased prevalence of OSA (45). In
adults, several anatomic abnormalities have been asso-
ciated with OSA, including retrognathia, micrognathia,
and a high-arched palate (46–48). Several investigations
have utilized lateral cephalometry to analyze the relative
contribution of craniofacial structures to the airway pa-
tency and the development of sleep apnea. Abnormalities
in craniofacial structure associated with decreased airway
patency include smaller airway dimensions, mandibular
retrognathia, decreased posterior airspace, inferiorly
placed hyoid bone, and increased soft palate dimensions
and length (49–53).

3. EFFECT OF SLEEP ON UPPER AIRWAY MECHANICS

As discussed above, sleep is associated with reduced
ventilatory motor output to upper airway muscles. The
reduction in ventilatory motor output is associated with
changes in upper airway reflexes (9,54), reduced upper
airway caliber (35,55,56), increased upper airway resis-
tance (57,58), loss of load compensation (59) and increased
pharyngeal compliance (35,55) and collapsibility (60,61).

3.1. Modeling the Upper Airway Pressure-Flow Relationship
during Sleep

Upper airway caliber decreases during sleep; if the upper
airway lumen is decreased sufficiently, the resultant tur-
bulent flow leads to ‘‘fluttering’’ of the soft palate, produ-
cing the acoustic phenomenon known as snoring. The
mechanical corollary of snoring is inspiratory flow limita-
tion (IFL), which manifests as a plateau in flow despite
progressive development of negative pressure. An exam-
ple of two breaths with and without inspiratory flow
limitation is shown in Fig. 1. There is increasing recogni-
tion that inspiratory flow limitation represents one end of
the spectrum of sleep-disordered breathing with apneas,
defined as complete airway closure, being the other end. If
IFL is associated with arousals, the result is sleep frag-
mentation, daytime sleepiness, and impaired daytime
function (62–64). In addition, our laboratory has shown
that the presence of inspiratory flow limitation is neces-
sary for subjects to demonstrate ventilatory long-term
facilitation after intermittent hypoxia (65,66). Therefore,
there is increasing evidence that the detection of inspira-
tory flow limitation is important for the investigation of
clinical outcomes and the understanding of upper airway
pathophysiology and ventilatory control during sleep.

The relationship between pressure and flow in the
airway has been modeled by several investigators (67–
69). The relationship between upper airway flow and
pressure during wakefulness was first described by
Rohrer using the equation: P¼K1V þK2V

2, where P is
pressure, V is flow, and K1 and K2 are constants (67). The
Rohrer equation assumes a constant caliber for the tube
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through which the air travels. However, the upper airway
does not have a constant caliber during sleep (55,70).
Hudgel et al. noted that as upper airway caliber decreases
during inspiration the pressure-flow relationship during
sleep becomes curvilinear (68). Hudgel et al. proposed that
the upper airway pressure-flow relationship can be char-
acterized by a hyperbolic function: V ¼ ðaPÞ=ðbþPÞ, where
a is the asymptote for peak flow (the flow at which
pressure reaches infinity) and b is the pressure at 50%
of flow. This investigation found that in normal subjects
without sleep-disordered breathing that the hyperbolic
equation better characterized the pressure-flow relation-
ship compared to the Rohrer equation, as indicated by
correlation coefficients. Tamisier et al. extended these
findings to a group of subjects that included subjects
with evidence of sleep-disordered breathing (69).

Mansour et al. recently applied biomechanical princi-
ples to the upper airway to model the relationship between
pressure and flow in order to develop an accurate and
reproducible method for determining the presence of IFL
during eupneic breathing (71). Starting with the assump-
tion that flow through the upper airway during eupneic
breathing is steady and homogeneous and that the flow of
air in the upper airway wall will expand without the loss
or gain of heat, the authors considered a streamline of air
between two points, one the upstream pressure (at the
entrance to the upper airway, which is atmospheric pres-
sure) and one the downstream pressure (at the level of the
oropharynx, measured by supraglottic pressure). By ap-
plying the continuity and Bernoulli equations, the group
theorized that a polynomial function could approximate
flow as a function of supraglottic pressure:
FðPÞ¼AP3þBP2þCPþD, where F(P) is flow and P is

the supraglottic pressure. Using regression and curve-
fitting analysis, the group found that this polynomial
function closely approximates the actual pressure-flow
relationship in the upper airway for both IFL and non-
IFL breaths (Fig. 2, panels a and c). The group compared
the polynomial equation to several other potential equa-
tions including quadratic and hyperbolic equations. For
both non-IFL and IFL breaths, the polynomial equation
had a higher coefficient of correlation than the other
equations, indicating it was a better characterization of
the upper airway pressure-flow relationship than previous
models. A major difference between this work and pre-
vious models was that the Mansour et al. used the raw
negative pressure values for curve-fitting analysis while
previous authors had transformed pressure values from
negative to positive before performing curve-fitting ana-
lysis. Therefore, a polynomial equation,
FðPÞ¼AP3þBP2þCPþD, provides an estimation of the
upper airway pressure-flow relationship with relative
precision compared with other mathematical equations.

The increasing recognition of the significance of the
presence of IFL necessitates an objective and reproducible
method to detect IFL. Manual analysis of the pressure-
flow curve is time-consuming and occasionally subjective.
Visual inspection of the pressure-flow relationship has
been described, but there is a large potential for subjective
interpretation of the data (72–74). Inductive plethysmo-
graphy is based upon the detection of changes in the
volume of the chest and abdomen over the breathing cycle,
with the sum of these measurements providing an esti-
mate of tidal volume (75). Inductive plethysmography has
been studied as a method to detect IFL, with studies
showing that this method is reasonably reliable (76–78).
However, the method requires strict maintenance of cali-
bration, which is difficult to achieve in both research and
clinical settings.

Mansour et al. hypothesized that the presence of IFL
could be determined by examining the derivative of the
polynomial equation, which is represented by the slope of
the pressure-flow relationship (Fig. 2, panels b and d). In
particular, it was hypothesized that at the maximal mea-
sured flow, the slope of the pressure-flow relationship
would be negative for a non-IFL breath and positive for
an IFL breath. Using this approach, the group found a
sensitivity and specificity of 99% when comparing this
approach to the standard manual analysis of the pressure-
flow curve. Thus, the polynomial equation provides an
accurate and reproducible method for assessing the pre-
sence of flow limitation.

Mansour et al. subsequently have shown that a mod-
ification of the polynomial equation, where time is sub-
stituted for pressure, can also be used to accurately detect
the presence of IFL compared to manual analysis of the
pressure-flow curve (79). In this work, the group hypothe-
sized that the rate of change in pressure over time would
be similar between breaths and subjects. Examining the
normalized pressure-time curve, the group showed that
the slope of the normalized pressure-time curve was
0.9670.06, indicating that there was a near one-to-one
relationship between the two values during the linear
portion of the pressure-flow curve (see Fig. 3 for repre-
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Figure 1. Pressure-flow loops illustrating a nonflow-limited
(non-IFL) and a flow-limited (IFL) breath. A breath is labeled
IFL if there was a 1 cmH2O or greater decrease in supraglottic
pressure without any corresponding increase in flow during
inspiration.
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sentative breath). After proving that time could be sub-
stituted for pressure, the group rewrote the polynomial
equation as follows: FðtÞ¼At3þBt2þCtþD, where t is
time. Again, using the derivative of the relationship at the
maximal flow to determine the presence of IFL, the

authors showed that the equation had a high sensitivity
(96%) and specificity (99%) for detecting IFL compared to
manual analysis.

3.2. Upper Airway Resistance

Upper airway resistance (RUA) is a frequently measured
index of upper airway mechanics, generally as a surrogate
for upper airway caliber. As a surrogate for upper airway
caliber, RUA has been measured under a variety of condi-
tions, including sleep onset (57,58), rapid-eye movement
sleep (55), hypocapnia (22), and resistive loading (80,81),
and it has been used to compare upper airway mechanics
between genders (82) and between subjects with and
without sleep-disordered breathing (69,83).

There is excellent evidence that RUA increases during
sleep (55–58,81). In particular, sleep onset has been
associated with an increased RUA that partially explains
that the decreased minute ventilation associated with
sleep onset (57). In subjects that achieved slow wave sleep,
there was a progressive increase in RUA that was not
associated with further decreases in minute ventilation.
Most evidence suggests that there are no further increases
in RUA during rapid-eye movement sleep (55,56,81,84).

However, upper airway resistance provides only a
partial picture of the dynamic behavior of the pharyngeal
airway during sleep. Specifically, upper airway resistance
is generally expressed as a single number representing
the slope of the pressure-flow relationship. As such, the
calculation of RUA has been performed at different points
of the pressure-flow curve by different investigators sim-
ply by dividing the pressure by the flow at the desired
point of the curve (see Fig. 4 for an example). However, the
calculation of resistance supposes a constant, linear re-
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Figure 2. Graphical representation of the theoretic
considerations regarding the ability of the polynomial
functions to distinguish between non-IFL (Panels a,
b) and IFL breaths (Panels c, d). Panels a and c
illustrate the measured pressure-flow relationship
(solid line) and the theoretic polynomial (dashed
line) relationships. The vertical straight line in all
panels is at the measured maximal flow. Panels b and
d illustrate the slopes of the predicted function at
increasing PSG values. The slope at the measured
maximal flow for the polynomial remains negative
for non-IFL breaths (Panel b). The slope of the poly-
nomial function at measured maximal flow becomes
positive for IFL breaths (Panel d).
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stituted for pressure in a polynomial model that characterizes the
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lationship between pressure and flow, which is approxi-
mately true only for normal eupneic breathing in normal
subjects. However, in subjects that exhibit IFL, the pres-
sure-flow curve demonstrates a changing relationship
culminating in a dissociation between pressure and flow,
making a resistance measurement problematic (see Fig.
4). Thus, it has been proposed that measurement of RUA

should occur along the slope of the linear-portion of the
pressure-flow loop if the resistance measurement is to be
used as a surrogate for airway caliber at the beginning of
inspiration (85). As shown in Fig. 4, the calculated resis-
tance varies widely depending upon whether resistance is
measured on either the first linear portion of the curve or
at the maximal flow.

By definition, computation of RUA depends upon the
simultaneous measurement of flow and pressure in the
upper airway. However, based upon the finding that
pressure and time were linearly related, Mansour and
colleagues developed a noninvasive measurement of RUA

based upon the flow-time polynomial equation (79). The-
oretical considerations lead to the equation, R¼C=ðF2tÞ,
where C is the coefficient calculated during curve fitting of
the flow-time equation. For a group of 440 breaths from 18
subjects, there was excellent agreement between the
manually measured RUA and the polynomial equation
calculated RUA (mean difference of 0.0 cmH2O/L/s, 95%
CI � 0.2 to 0.2 cmH2O/L/s).

Several previous studies have attempted to ascertain
upper airway mechanics noninvasively by obtaining mea-
surements of pleural pressure and RUA. One particular
method, surface inductive plethysmography, is based upon
the observation that there is inward movement of the
suprasternal fossa during inspiration (86,87). Calibration
of these changes to changes in intrapleural pressure

subsequently allows the measurement of RUA. While this
method has been used to measure pleural pressures and
compliance in humans (87), its use as a measurement of
RUA has been only applied in intubated dogs (86). The
forced oscillation technique is based upon superimposing a
small amplitude pressure oscillation on the nasal mask of
a subject allowing the calculation of upper airway resis-
tance from the oscillatory pressure and flow signals
recorded from the nasal mask. In one study, resistance
using the forced oscillation technique showed an excellent
correlation with resistance measured using pleural pres-
sure while nasal continuous positive airway pressure was
applied (88).

It should be noted that there is evidence that RUA is not
an adequate surrogate for upper airway caliber. First,
imaging studies performed during sleep have noted differ-
ences in upper airway caliber without associated differ-
ences in RUA (55,56). Second, it is commonly assumed that
snoring and flow limitation are tightly linked to increased
upper airway resistance. However, it is plausible that
resistance would be high in a stiff, but narrow, tube. To
evaluate such an association, Rowley et al. evaluated body
mass index (BMI) and upper airway resistance as poten-
tial determinants of the presence of IFL in 410% of
breaths in a group of normal subjects (82). Using multi-
variate logistic regression, it was determined that BMI
and RUA both predicted the presence of IFL. However,
increased RUA was associated with a decreased likelihood
of IFL, indicating that a narrow upper airway may be less
susceptible to collapse by subatmospheric intrathoracic
pressure. Work in an isolated upper airway model has also
shown decreased collapsibility despite an increased nasal
resistance and decreased airway patency (28). Thus,
upper airway resistance during sleep is a limited surro-
gate for susceptibility to pharyngeal closure during sleep.
Direct visualization of the upper airway during sleep
using nasopharyngoscopy (35,55,56) or utilizing a recently
described finite element analysis method for measuring
upper airway cross-sectional area (89) provide better
objective data on the effect of sleep on upper airway
patency.

3.3. Collapsibility

Collapsibility refers to the propensity of the upper airway
to collapse under certain conditions. While often used
interchangeably with compliance, it is a distinctly differ-
ent property. Compliance measures the changes in upper
airway area for given changes in pressure and not the
propensity to collapse per se. Upper airway collapsibility
has been primarily measured using the critical closing
pressure or Pcrit.

The hypotonic upper airway during obstructive apnea
is akin to a Starling resistor with a collapsible segment
susceptible to the influences of the surrounding pressure
(Fig. 5, panel a) (90). According to the Starling resistor
model, the critical closing pressure reflects the pressure in
the tissues surrounding the upper airway (extraluminal
pressure) being negative in normal subjects and positive
in patients with obstructive sleep apnea. In normal sub-
jects, application of negative nasal (and hence upstream)
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Figure 4. The figure illustrates that for breaths with inspiratory
flow limitation, the calculated resistance varies depending upon
which point of the pressure-flow loop is chosen for measurement.
The solid black line represents the pressure-flow loop for one
representative IFL breath. The dashed black line shows the slope
of the first linear portion of the pressure-flow loop; the inverse of
the slope if the measured resistance (2.3 cmH2O/L/s in this
example). The dotted-dashed line represents the resistance mea-
surement at maximal flow if the resistance is simply calculated as
the pressure at maximal flow divided by the maximal flow
(11.5 cmH2O/L/s in this example).
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pressure results in progressive flow-limitation culminat-
ing in obstructive apnea once nasal pressure is reduced
below a critical and reproducible level termed ‘‘critical
closing pressure’’ (Pcrit) (61). Conversely, patients with
obstructive apnea required positive nasal pressure above
a reproducible critical pressure to maintain upper airway
patency; thus, patients with obstructive sleep apnea de-
monstrated a positive critical opening pressure (60). Thus,
the presence of negative extraluminal pressure in normals
increases the transmural pressure and promotes upper
airway patency; conversely, the positive extraluminal
pressure in patients with sleep apnea decreases trans-
mural pressure and promotes obstruction unless offset by
positive intraluminal pressure (provided by nasal CPAP).

Using this model, it has been shown that across the
spectrum of sleep-disordered breathing from inspiratory
flow limitation and snoring through obstructive apneas,
Pcrit becomes progressively more positive, indicative of
increased collapsibility (60,61,91). Upper airway collapsi-
bility has also been shown to be increased in the supine
body position (92) and after sleep fragmentation (93). Pcrit

did not change during REM sleep in a study of patients
with obstructive sleep apnea (94).

The critical closing pressure model has been applied in
an animal preparation in which the upper airway is
isolated from the lower respiratory system. Negative
pressure to the isolated airway results in a condition of
inspiratory flow limitation, similar to that seen in humans
during sleep. This model permits the further study of the
physiologic basis for changes in Pcrit by allowing the
manipulation of neuromuscular and nonneuromuscular
factors in a controlled fashion. Using this model, it has
been shown that the most potent neuromuscular factor is
hypercapnia, which decreases airway collapsibility (95–
97). The effect of hypercapnia was modulated by both
mucosal afferents, which tend to further decrease collap-

sibility, and vagal afferents, which tend to increase collap-
sibility (96).

The two primary nonneuromuscular factors tested
using this model included tracheal traction and tongue
displacement. Increased tracheal traction stiffens the
upper airway and decreases airway collapsibility (28,29).
On the other hand, there was no independent effect of
tongue displacement as tongue displacement did not
result in changes in airway collapsibility (28). However,
there was an effect of tongue displacement at increasing
degrees of tracheal traction, indicating an interactive
effect between tongue displacement and caudal tracheal
displacement. These data resulted in a modification of the
original Starling resistor model, which stated that collap-
sibility or Pcrit was equivalent to the pressure surrounding
the airway. In the revised model, Pcrit is determined by
both the pressure surrounding the airway and the trans-
mural pressure across the airway (Fig. 5, panel b, trans-
mural pressure¼Pin�Ps). Thus, the intrinsic properties
of the airway wall, such as longitudinal tension, are
important determinants of airway collapsibility.

4. MECHANISM(S) OF UPPER AIRWAY OBSTRUCTION
DURING SLEEP

The pathogenesis of pharyngeal obstruction during sleep
remains elusive, involving an interaction between unfa-
vorable anatomic factors and abnormalities of ventilatory
control. A proposed scheme of the pathophysiology of
upper airway obstruction is illustrated in Fig. 6.

The underlying defect is a small pharynx susceptible to
collapse (98). Evidence suggests that host risk factors such
as neck circumference, body mass index, and craniofacial
structure are important determinants of an at-risk airway
(33,34,50,82,99,100). Any or all of these risk factors lead to
narrowing of the pharyngeal lumen, which manifests as
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Figure 5. (a) Starling resistor model of the upper airway as originally represented. In this model,
Pcrit was assumed to be equal to the pressure surrounding airway with no contribution from the
airway wall itself. PN: nasal (upstream) pressure; PHP: hypopharyngeal (downstream) pressure;
RN: resistance in the nasal segment. RHP: resistance in the hypopharyngeal segment. (b) General-
ized upper airway Starling resistor showing the three pressures that influence the flow-limiting
site: outside pressure (Pout), surrounding pressure (Ps), and intraluminal pressure (Pin). In this
model, the properties of the airway wall (as measured by the transmural pressure, Pin–Pout),
contribute to collapsibility and Pcrit is not equated with Ps. (From J. A. Rowley et al., Effect of
tracheal and tongue displacement on upper airway airflow dynamics, J. Appl. Physiol., 1996;
80:2171, with permission.)
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snoring and inspiratory flow limitation. However, narrow-
ing of the upper airway may not be sufficient to induce
upper airway obstruction.

The loss of wakefulness stimulus to breathe renders
ventilation during sleep critically dependent on chemor-
eceptor stimuli. While the ventilatory response to hypoxia
and hypercapnia are reduced during sleep compared to
wakefulness (101–103), reduced partial pressure to carbon
dioxide (PaCO2) is probably the most powerful inhibitory
factor of ventilation during sleep. In particular, central
apnea develops when PaCO2 is reduced below a highly
reproducible hypocapnic apneic threshold, which is un-
masked by sleep (104). Hypocapnia and the unmasking of
the apneic threshold may be relevant to the pathogenesis
of sleep-disordered breathing. The oscillation of ventila-
tory motor output during periodic breathing is associated
with a reciprocal change in upper airway resistance (22).
In fact, upper airway closure occurs at the nadir of drive in
patients with an unfavorable upper airway anatomy (105–
107) and has been noted during central apneas when there
is no driving pressure (26). Reduced ventilatory motor
output may result in upper airway collapse either by
reduced ventilatory motor output to upper airway muscles
or reduced lung volume.

It has been proposed that the cascade of events leading
to upper airway obstruction is initiated with reduced
ventilatory motor output to upper airway dilators.The
reduction in ventilatory drive leads to reduced pharyngeal
stiffness via reduction of neural output to upper airway
dilating muscles. Upper airway narrowing develops when
a collapsing transmural pressure overcomes the ability of
pharyngeal wall to resist collapse. The narrowing of the
pharyngeal airway leads to increased velocity of flow, and
subsequently, to a further reduction in intraluminal pres-
sure and further pharyngeal narrowing. Eventually, com-
plete pharyngeal obstruction occurs. Mucosal adhesive
forces and gravity lead to prolongation of apnea, hypoxia,
hypercapnia, and arousal from sleep. The ensuing venti-
latory overshoot leads to hyperpnea, hypocapnia, and

subsequent reduction of ventilatory motor output as sleep
is resumed.

In conclusion, the proposed scheme suggests that snor-
ing and inspiratory flow limitation are secondary to
abnormal anatomy, whereas the development of periodic
breathing and upper airway obstruction (manifested as
hypopneas and apneas) are secondary to ventilatory con-
trol instability.
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1. INTRODUCTION

The endothelium is a single cell layer lining all blood ves-
sels and is in direct contact with the circulating blood.
Endothelial cells regulate the function of blood vessels in
response to mechanical and chemical stimuli. They regu-
late vessel tone, platelet adhesion, and blood coagulation,
water and solute transport, as well as leukocyte adhesion
and transmigration. In response to stimuli such as flow or
stretch, endothelial cells secrete several paracrine agents,
which diffuse to the adjacent vascular smooth muscle and
induce either relaxation or contraction. Endothelial cells
can express different proteins and release different chem-
ical mediators depending on their surrounding environ-
ment, for instance, many of the differences between
arteries and veins are due to the state of the endothelial
cells. In the presence of growth factors, endothelial cells
can stimulate the formation of new blood vessels and meet
the local oxygen demand. The onset and progression of
cardiovascular diseases is influenced by the behavior of
endothelium. Recent results suggest that progenitor cells
can repair damaged endothelium and thereby prevent the
onset of atherosclerosis (1).

Endothelial cell function has been the subject of several
recent reviews (2–5). The article consists of a short review
of endothelial cell function followed by a discussion of re-
cent advances in our understanding of endothelial cell
function in health and disease.

2. STRUCTURE OF BLOOD VESSELS AND ENDOTHELIUM

Blood vessels can be divided into capillaries, arteries, and
veins. Arteries and veins consist of three layers, the in-
tima, the media, and the adventitia. The intima is the in-
nermost layer and consists of endothelium overlaying a
basement membrane. Beneath the endothelium, the base-
ment membrane is comprised of a network of extracellular
molecules such as type IV collagen, elastin, fibronectin,
thrombospondin, laminins, and heparan sulfate proteogly-
can. The media consists of alternating bands of smooth
muscle cells and extracellular matrix consisting of fibrillar
collagens and glycoproteins, such as fibronectin (2,6). The
adventitia consists of loose connective tissue. In medium-
size and small arteries, the adventitia is innervated. In
vessels thicker than 200 mm, a capillary network, known
as the vasa vasorum, is present in the outer media and
adventitia and provides nutrients to the blood vessel.

The composition of the extracellular matrix changes
throughout the vasculature. The large elastic arteries
must respond to the high pressure and pulsations pro-
duced by the beating heart. These vessels are thick and

contain elastin arranged in bands. Elastin is flexible and
provides the initial stiffness to the artery when it is ex-
tended by pressure. Collagen is present in fibrils that have
the stiffness of steel and resist deformation at high vessel
strains (7). Elastin content is much less in smaller arter-
ies, arterioles, and the venous system where pressures are
lower. The smaller muscular arteries still contain a single
band of elastin. In arterioles and small arteries, endothe-
lial cells and smooth muscle cells are in contact and con-
nected by gap junctions, which are pore structures created
from proteins linking two cells. Ions and small solutes can
pass through gap junctions permitting direct communica-
tion between the cells. Arterioles are the major sites at
which the resistance to blood flow is controlled and arte-
rioles represent sites of significant oxygen transport to
tissues.

Capillaries are the main site of solute and solvent ex-
change within tissues. Capillaries consist of a single layer
of endothelial cells with pericytes present in the basement
membrane (8). Pericytes are related to vascular smooth
muscle cells and are distinguished by their location in the
basement membrane and specific interactions with endot-
helium. Pericytes regulate endothelial cell permeability
and the development of new capillaries. In most tissues,
the capillary endothelium forms a continuous monolayer
in which the borders of each cell are in contact.

Capillary endothelium is adapted to the specific mass
transport requirements of individual tissues and organs.
For example, transport of solutes from blood into the brain
is tightly regulated to prevent transport of molecules that
could damage brain tissue. The capillary endothelial cells
that form the blood–brain barrier have extensive tight
junctions that restrict solute transport. The function of
the liver, spleen, and bone marrow involves significant
transport of ions, small molecules, and proteins between
the tissue and blood. To facilitate rapid transport, the en-
dothelial cells are not continuous, and portions of the un-
derlying extracellular matrix are exposed directly to the
capillary lumen, or another cell type may be positioned
between the endothelial cells. The endothelium in capil-
lary beds of endocrine glands and kidney glomerulus con-
tain openings in the plasma membrane known as
fenestrae that facilitate solute and solvent transport. Fe-
nestrated and discontinuous endothelium, as in the liver
and kidney, functions to permit rapid solute transport
needed to efficiently filter toxic agents from the blood.

Blood leaving the capillaries enters postcapillary ve-
nules. The vessel walls of venules are thin, and it is in
these vessels that leukocytes adhere after vessel injury or
as part of immune response to an infection.

The venous system is a low-pressure system. The vein
walls are much thinner than arteries. Valves are present
to prevent blood from flowing backwards. Veins can also
collapse and extend their dimensions readily. As a result,
the venous system holds more of the blood than the arte-
rial system.

In straight regions of arteries in vivo, endothelial cells
are exposed to pulsatile and unidirectional flow; as a re-
sult, the cells are elongated (B15 mm by 60 mm) and orient
in the direction of blood flow. Near vessel branches the
flow is more complex, with reversal and secondary flows.
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Consequently, the cells are polygonal in appearance with a
random orientation. Endothelial cells are thin, approxi-
mately 3 mm thick at the site of the nucleus (9) and 0.5mm
thick near the cell periphery (Fig. 1). At the cell periphery,
there are regions of endothelial cell–endothelial cell con-
tact, which contain adherens junctions, gap junctions, and
a discontinuous band of tight junctions. Distinctive cellu-
lar features are present in the cytoplasm of endothelial
cells. These features include Weibel–Palade bodies, which
store von Willebrand factor (vWF) and P-selectin and nu-
merous vesicles involved in the transport of macromole-
cules. The vesicles are especially abundant in capillaries
(10).

3. FUNCTION OF THE ENDOTHELIUM

Since endothelial cells are the interface between blood and
the artery wall, these cells modulate the interactions of
the blood with tissues. Key functions include regulating
vessel wall diameter, platelet coagulation and clot forma-
tion, immune response, and water and solute permeability
(2). Table 1 is a list of molecules produced by endothelial
cells that regulate vessel dilation and constriction and clot
formation.

The endothelium modulates the blood vessel diameter
in response to changes in tissue perfusion (11), stimula-
tion by the nerves or peptides and hormones present in the
blood. Key mediators of vessel dilation produced by the
endothelium are prostacyclin and nitric oxide, which act
on smooth muscle cells to stimulate relaxation. In con-
trast, vasoconstrictors, such as endothelin, cause smooth
muscle cells to contract. Endothelial cells normally resist
platelet deposition, aggregation, and clot formation due to
the secretion of anticoagulants such as tissue factor path-
way inhibitor (TFPI). Endothelial cells also express anti-
coagulants on their cell membrane, such as heparin
sulfate, ADPase, and thrombomodulin (2).

Macromolecular transport across the endothelium oc-
curs by paracellular or transcellular transport. Transcel-
lular transport involves transport through endothelial
cells, while paracellular transport involves transport be-
tween endothelial cells. The transcellular pathway in-

volves diffusion of small lipid-soluble molecules and
vesicles, which shuttle from one surface of the endotheli-
um to the other carrying proteins. Coated vesicles on the
surface of the endothelium contain specific receptors [e.g.,
low-density lipoprotein (LDL) receptor] that enable endo-
thelial cells to regulate transport of these proteins. There
is also a group of uncoated vesicles formed from caveolae,
which are invaginations in the surface of the endothelium.
In addition to their role in transcellular transport, cave-
olae are linked to proteins that regulate a number of func-
tions, such as nitric oxide synthase and albumin
permeability.

Transport through intercellular junctions is the princi-
pal route for water and solutes smaller than 2.0 nm in ra-
dius. Paracellular permeability is controlled by tight and
adherens junctions. These junctions are dynamic struc-
tures that allow the endothelium to regulate permeability
in response to various stimuli (12). The actin cytoskeleton
is connected to proteins located in these junctional struc-
tures. Actin stress fiber formation is rapidly induced by
histamine, which is involved in allergic reactions and
leads to a local accumulation of fluid in the tissue (edema).
This stress fiber formation leads to an increase in cell ten-
sion, elevating the permeability of water and proteins.
Similar responses are induced by thrombin and reactive
oxygen species. Conversely, disruption of the actin cyto-
skeleton leads to a reduction in cell tension and reduced
protein and water permeability. Permeability is also in-
creased after phosphorylation of various proteins in the
endothelial cell junctions, such as occludin and vinculin.
Vinculin is an integral component of adherens junctions
and focal adhesions and serves to link the cytoskeleton in
both structures. When phosphorylated, vinculin dissoci-
ates from the adhesion complexes possibly disrupting cell–
cell contacts, thus increasing permeability. Conversely, in-
hibition of vinculin phosphorylation decreases permeabil-
ity (13). Another adherens junction protein, VE-cadherin,
interacts with focal contact proteins via the cytoskeleton.
The intracellular stresses generated by focal contact for-
mation can affect VE-cadherin stability, thus regulating
permeability.
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Smooth muscle cells
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Uncoated
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Figure 1. Schematic diagram of the endothelium and its relation to the basement membrane and
smooth muscle.
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In order to permit firm adhesion and resist detachment
by fluid shear stresses, integrins on the basal surface of
endothelial cells bind to extracellular matrix proteins in
the basement membrane. Integrins are heterodimeric
transmembrane proteins composed of various alpha and
beta subunits. There are over 20 known integrins that
bind to extracellular matrix proteins in a selective and
specific manner. The extracellular matrix proteins fibr-
onectin, laminin, and collagen bind to integrins via spe-
cific sequences, such as the arginine-glycine-aspartic acid

(RGD) sequence. Integrin-mediated endothelial cell adhe-
sion to the basement membrane leads to intracellular sig-
naling events necessary for cell survival, proliferation,
differentiation, and migration (6). In addition, cell surface
heparan sulfate proteoglycans function either as indepen-
dent matrix receptors linking heparin-binding extracellu-
lar matrix molecules to the intracellular cytoskeleton or
they may augment signaling via integrins (6).

Focal adhesion complexes represent large supramolec-
ular structures formed by clustering of integrins bound to

Table 1. Principle Mediators of Vasomotor Function and Thrombosis Produced by Endothelial Cells

Molecule Synthesis and Function

Nitric oxide (NO) NO contributes to flow mediated vasodilation of vascular smooth muscle cells; inhibits
platelet adhesion, activation, P-selectin expression and aggregation and promotes
platelet disaggregation; inhibits leukocyte adhesion to the endothelium, as well as
SMC migration and proliferation. NO is synthesized constitutively by NO synthase
(NOS) III at low levels. Thrombin, adenosine 5’-diphosphate, bradykinin, shear
stress, cytokines and cyclic strain induce NO secretion (3).

Prostacyclin (PGI2) PGI2 is a vasodilator that is synthesized from arachadonic acid by cyclooxygenase,
which produces prostaglandin H. In turn, prostacyclin synthase converts
prostaglandin H into PGI2 (58). PGI2 production stimulated by elevated CO2,
hypoxia, and hypertension.

Endothelium-derived hyperpolarizing
factor (EDHF)

EDHF represents one or more unidentified molecules or ions transmitted from
endothelium to smooth muscle via gap junctions. Causes vascular smooth muscle
hyperpolarization, which produces an influx of calcium ions and blood vessel
relaxation (59).

Endothelin-1 (ET-1) ET-1 is a vasoconstrictor and the most abundant of a class of four 21 amino acid
peptides. Preproendothelelin-1 gene expression is stimulated by hypoxia, shear
stress, ischemia, oxidized LDL and angiotensin II (60). ET-1 produced by enzymatic
cleavage of preproendothelelin-1. ET-1 binds to G-protein-coupled ET-A receptor on
smooth muscle cells and causes an increase in intracellular calcium, which, in turn,
leads to vessel constriction (3).

Angiotensin converting enzyme (ACE) Endothelial cell surface enzyme that converts angiotensin I to angiotensin II.
Angiotensin II binds to angiotensin receptor types 1 and 2 (AT1 and AT2); binding to
AT1 leads to vasoconstriction and increased cardiac contractility (61). AT2 is
expressed during fetal development and during vessel wall damage and heart failure.
Angiotensin II, the end-product of renin metabolism, plays a key role in hypertension
and cardiac hypertrophy.

Ecto-ADPase Glycoprotein on the endothelial cell surface that catalyzes hydrolysis of ADP to AMP,
thereby reducing ADP-mediated platelet aggregation (62).

Thrombomodulin Endothelial cell surface protein that binds thrombin and activates protein C in plasma.
Activated protein C, in turn, inactivates the coagulation cascade by acting on factors
Va and VIIIa (63).

Tissue plasminogen activator (tPA) tPA is secreted by endothelial cells after binding to thrombin (64). tPA binds to fibrin
and converts plasminogen to plasmin, which enhances fibrin lysis (64).

Von Willebrand factor (vWF) Polydisperse oligomer released fromWeibel–Palade bodies in the endothelium (65). Also
present in a-granules in platelets and megakaryocytes. Synthesized in response to
thrombin, histamine, and estrogen (21), (65). Binds to GP Ib and GP IIb-IIIa on
platelets and to the subendothelial matrix (21).

Platelet activating factor (PAF) Phospholipid released by endothelial cells after exposure to thrombin. Promotes platelet
aggregation, leukocyte adhesion, and elevated permeability (66).

Plasminogen activator inhibitor (PAI) PAI inhibits tPA from binding to fibrin. Synthesized at low levels in normal
endothelium. Production stimulated by endotoxin and cytokines.

Glycoprotein IIIa Glycoprotein IIIa aids in the fibrinogen-induced platelet aggregation.
Tissue factor (TF) A membrane-bound glycoprotein that binds to factor VII to form a TF/VIIa complex that

activates Factor X and ultimately converts prothromin to thrombin, resulting in
blood coagulation (67). TF is normally absent in vascular endothelial cells in vivo, but
TF gene and protein expression in endothelial cells is stimulated by inflammatory
cytokines.

Tissue factor pathway inhibitor-1 (TFPI-1) Released by endothelial cells in response to heparin. TFPI-1 blocks the tissue factor-
VIIa complex from interacting with Xa, thereby blocking the progression of the
coagulation cascade.
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the extracellular matrix. When these complexes are
formed, they cause the reorganization of connected actin
filaments into stress fibers, which provides a stronger me-
chanical link between the cell and its substrate. The re-
organization of stress fibers serves as a positive feedback
mechanism because it brings more integrins to the adhe-
sion site. The stress fibers are scaffolds for the recruitment
of focal contact proteins. The integrins serve as docking
sites for adaptor proteins (paxillin, talin, and vinculin),
which link the integrins to cytosolic kinases, such as focal
adhesion kinase (FAK) and cytoskeletal components (actin
and a-actinin). The integrin binding sites initiate signal-
ing cascades, which promote and sustain cell function.

Endothelial cells also affect smooth muscle cell differ-
entiation, in part by activating transforming growth factor
beta (TGF-b1). In vivo, TGF-b1 production by quiescent
smooth muscle cells is low but increases after vessel wall
injury (14). Plasma secreted by endothelial cells activates
TGF-b1 and stimulates smooth muscle cell differentiation
and production of extracellular matrix proteins. Endothe-
lial injury during atherosclerosis reduces TGF-b1 produc-
tion and leads to smooth muscle cell growth.

Early in the process of blood vessel development in the
fetus, arterial and venous endothelial cells express differ-
ent molecules, which affect blood vessel development and
smooth muscle cell phenotype (5). Arterial endothelial
cells express the tyrosine kinase ephrin B2, and venous
endothelial cells express the ephrin B4 receptor. Blocking
expression of these molecules in the fetus inhibits proper
blood vessel development and is lethal. The Notch signal-
ing pathway is important in blood vessel development and
is selectively expressed in arteries. Venous endothelial
cells express a nuclear receptor, known as COUP-TFII,
that blocks the Notch signaling pathway, inhibits expres-
sion of markers of arterial endothelial cells, and prevents
the development of the arterial smooth muscle cell phe-
notype. Inhibiting COUP-TFII does restore some arterial
endothelial cell functions (15).

Normal blood vessels are continuously exposed to time-
varying shear stresses and cyclic circumferential strains.
All cell types within blood vessels experience cyclic cir-
cumferential strains, which are due to vessel distention by
the pulsatile flow of blood. Endothelial cells are the only
cell type within blood vessels exposed to significant shear
stresses, which arise from viscous forces produced by
blood moving tangent to the cell surface and affect endo-
thelial cell function (16). High shear stresses induce re-
lease of vasodilators such as nitric oxide (11,17) and
prostaglandins (18). Laminar shear stresses also increase
the stiffness of endothelial cells, decrease proliferation and
apoptosis, a regulated process of cell death (16). Low shear
stresses cause release of vasoconstrictors (19). Experi-
ments show that a number of different mechanisms may
be involved in transducing fluid shear stresses into bio-
chemical signals, including integrins and focal adhesions,
PECAM-1 and VE-cadherin in cell junctions, ion channels,
G-proteins, or proteoglycans (20).

4. PERTURBATIONS TO ENDOTHELIAL CELL FUNCTION

Removal of the endothelium exposes the blood to collagen
and other basement membrane proteins, causing platelets
and leukocytes to aggregate and adhere to the site of in-
jury (21). Loss of cell–cell contacts activates proliferation
of the endothelial cells to cover the exposed region of the
subendothelium. Injury of the endothelium without dis-
ruption of the endothelial monolayer causes the endothe-
lial cells to differentiate into a phenotype that promotes
adhesion of platelets and leukocytes, to secrete chemo-
kines and procoagulant molecules, and to promote vaso-
constriction, and induce apoptosis in endothelial cells and
smooth muscle cells (22). Endothelial injury in combina-
tion with platelet and leukocyte interactions are key fea-
tures of a number of vascular pathologies including
atherosclerosis, sickle cell disease, and intimal hyperpla-
sia (21).

Endothelial cells are activated by endotoxin from bac-
teria, interleukin-1, tumor necrosis factor (TNF-a), throm-
bin, low oxygen tension, and exposure to spatial gradients
in shear stress or oscillatory shear stress. Activation of
endothelium leads to the production of chemoattractant
molecules and cell adhesion molecules. The cell adhesion
molecules, which include E-selectin, vascular cell adhe-
sion molecule-1 (VCAM-1), and intercellular adhesion
molecule-1 (ICAM-1), are involved in the rolling, adhe-
sion, and transendothelial migration of leukocytes. Select-
ins form the initial weak bonds to passing leukocytes,
which initiate the rolling of leukocytes on the endotheli-
um. Binding of leukocyte integrins and immunoglobulin
cell adhesion molecules expressed on the endothelium
provides strong bonds that result in firm adhesion of the
leukocyte to the endothelium. Transendothelial migration
can then occur. Transendothelial migration of monocytes
is induced by a potent chemoattractant molecule, mono-
cyte chemotatic protein-1 (MCP-1), produced by the acti-
vated endothelium. Activated endothelial cells also cease
to produce antithrombotic and anticoagulant factors and
start to produce tissue factor, vWF, type 1 plasminogen
activator inhibitor, thrombospondin, collagen, and platelet
activating factor (PAF). In addition, activated endothelial
cells cause prothrombinase assembly, a decrease in tissue
plasminogen activator (tPA) production, a decrease in
thrombomodulin expression and serve as a receptor for
granulocytes in vitro (23). Many of these inflammatory
responses are mediated by the transcription factor nuclear
factor kappa B (NFkB).

Endothelial cells can produce reactive oxygen species
(ROS), particularly superoxide radical and hydrogen per-
oxide (24). ROS are involved in oxygen sensing during
hypoxia and activation of the transcription factor HIF-1
that controls angiogenesis (new blood vessel formation),
endothelial cell proliferation, and vascular remodeling.
Elevated levels of ROS can adversely affect endothelial
cells by activating the transcription factor NFkB and re-
acting with NO and inactivating the molecule and block-
ing the flow-induced vessel dilation.

In sickle cell disease, there is a mutation to hemoglobin
that causes deoxygenated red cells to adopt a sickle shape
and become more rigid. In turn, these red cells are easily
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damaged, and the resulting anemia causes high levels of
immature red cells, known as reticulocytes, in the blood.
Sickle red cells can also damage the endothelium, result-
ing in expression of adhesion molecules. This activation
facilitates binding of reticulocytes to the endothelium and
initiates events leading to ischemia (25).

Obesity can produce cardiovascular disease as a conse-
quence of type II diabetes. Adipocytes release TNF-a and
IL-6, which can activate endothelial cells and affect insu-
lin regulation. Insulin controls blood glucose levels. Ele-
vated blood glucose and inactivation of the insulin
receptor leads to NO production and increase endoth-
elin-1 release, increased levels of reactive oxygen species
and expression of receptors for leukocytes, all of which
further predispose the obese person to cardiovascular dis-
ease (26).

New blood vessel formation, a process known as angio-
genesis, occurs regularly in the female uterus as the uter-
ine wall is rebuilt and as part of the wound healing
response. Angiogenesis also occurs in pathological condi-
tions such as cataract formation and cancer. The micro-
vascular endothelial cell response is modulated by the
composition and organization of the surrounding matrix
in addition to various soluble factors and cytokines found
at the site of injury (27). Microvascular endothelial cells
form sprouts from existing vessels and migrate through
soft tissues to form tubes in response to the release of fib-
roblast growth factor and vascular endothelial cell growth
factor (VEGF) by the surrounding tissue (28). VEGF acts
by simulating endothelial cell migration and proliferation
and inhibiting apoptosis. To mature into fully functional
capillaries and blood vessels, pericytes or smooth muscle
cells must migrate and interact with the endothelial cell
tubes (8). Smooth muscle cell migration is induced by
platelet-derived growth factor, while pericyte maturation
is due to angiopoietin and TGF-b1 release by endothelial
or smooth muscle cells (8). Angiogenesis inhibitors, such
as angiostatin and endostatin, normally prevent unregu-
lated capillary formation by promoting apoptosis (28).
Such compounds are in clinical trials to treat cancer, since
tumors also require a blood supply to survive.

5. ALTERATIONS OF ENDOTHELIAL CELL FUNCTION
DURING ATHEROSCLEROSIS

Atherosclerosis is the pathology underlying cardiovascu-
lar disease and stroke. It is a disease of large- and me-
dium-sized arteries involving the intimal accumulation of
lipids, macrophage-foam cells, and smooth muscle cells.
Endothelial dysfunction is an important step in the initi-
ation of atherosclerosis. During atherosclerosis, elevated
levels of oxidized lipoproteins, chemokines, and C Reactive
Protein (CRP) act on endothelium, increasing reactive ox-
ygen species and causing activation of the transcription
factor NF-kB. Consequently, endothelial cells become pro-
thrombotic, express adhesion molecules for leukocytes and
alter permeability to macromolecules. Monocytes that en-
ter the vessel wall become macrophages and consume
modified forms of LDL. The macrophages secrete cyto-
kines that promotes further monocyte entry into the ves-

sel wall and reactive oxygen species that alter endothelial
cell function. If disease risk factors persist, the response to
injury becomes a positive feedback process that leads to
lesions containing varying amounts of lipid, and smooth
muscle cells.

Atherosclerotic lesions first appear in regions exposed
to disturbed flow (29), such as at branch points or in
curved vessels. In vivo (30) and in vitro (31) experiments
have shown that both shear stress and cyclic strain reg-
ulate the expression of specific genes and protein levels in
endothelial cells. The regulation of these genes controls
the functions of the endothelium, including immune re-
sponses, angiogenesis, and vasomotion.

Endothelial cells are exposed to many different shear
stresses due to the geometry of the vasculature. The most
common shear stress found in straight sections of the va-
sculature is unidirectional pulsatile laminar shear stress.
Throughout the vasculature are many bifurcations and
branch points that affect the dynamics of the blood flow,
which leads to disturbed flow. Disturbed flow is charac-
terized by low levels of shear stress (o1 dyne/cm2) and
usually one or more of the following flows: secondary, re-
circulating, or oscillatory flow. Disturbed and laminar
flows induce different endothelial cell gene profiles, which
produce an atherogenic or anti-atherogenic environment
within the blood vessel. Endothelial cell genes are regu-
lated differently when exposed to various forms of shear
stresses (32) and magnitudes of cyclic strain (33). cDNA
microarray studies have been used to identify gene ex-
pression profiles regulated by disturbed flow, laminar flow,
or cyclic strain.

There have been multiple in vitro microarray experi-
ments focused on the effects of shear stress on the endot-
helium (34–40), but there has been only one in vivo study
(41) and two microarray studies focused on cyclic strain
effects (33,42). Microarray data from in vitro studies show
that shear stress or mechanical strain affects the expres-
sion of many common genes involved in inflammatory, ox-
idative, and coagulation mechanisms.

In the porcine aorta, about 15% (2,000 genes) of the to-
tal genes on the array are differentially expressed between
the aortic arch (identified as a region of disturbed flow
based on endothelial cell shape and orientation) and de-
scending thoracic aorta (undisturbed flow) (41). Disturbed
flow resulted in an endothelium primed for inflammation.
However, common NF-kB mediated inflammatory re-
sponses, such as expression of vascular cell adhesion mol-
ecule-1 (VCAM-1), intercellular adhesion molecule-1
(ICAM-1), E-selectin, and P-selectin, were not expressed,
possibly due to the expression of genes that have an an-
tioxidant function. These results are consistent with in
vivo measurements of NF-kB activation suggesting that
disturbed flow may predispose the endothelium toward
inflammation, but antioxidant activity holds NF-kB acti-
vation in check to prevent disease initiation in the absence
of additional risk factors (43).

Shear stress can have significant effects on protein lev-
els and gene expression. Shear stress stimulates produc-
tion of nitric oxide (NO) and prostacyclin (PGI2) (Table 1),
which are vasodilators that also reduce platelet aggrega-
tion. TGF-b1 expression is decreased by shear stress. Al-
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though TGF-b1 may not inhibit the initiation of athero-
sclerosis, it may help to prevent plaque instability and
rupture (44). In contrast, the vasoconstrictor endothelin 1
(ET-1) is reduced by shear stress. In disturbed flow, ET-1
and connective tissue growth factor (CTGF) are increased.
Shear stress alters the interaction between endothelial
cells and leukocytes by regulating the secretion of MCP-1
and the expression of cell–surface leukocyte adhesion re-
ceptors (45). Exposure of human umbilical vein endothe-
lial cells to oscillatory shear stresses between 75 dyne/
cm2, which models flow around branches, alters the redox
state of the cell and activates synthesis of ICAM-1, VCAM-
1, and E-selectin (46). Leukocytes adhere to their recep-
tors on endothelial cells at low shear stresses, which, to-
gether with the selective expression of adhesion molecules
at regions of oscillating shear stress, may help to explain
why lesions form at regions of disturbed flow.

The oxidative state produced by vascular cells is deter-
mined by the level of reactive oxygen species (ROS) and
antioxidant enzymes. Oxidative stress can lead to NO in-
activation, matrix metalloproteinase activation, smooth
muscle cell proliferation, and migration and enhanced in-
flammation (47). The major source of ROS in endothelial
cells is the NAD(P)H oxidase; other sources included xan-
thine oxidase, endothelial nitric oxide synthase, mi-
tochondrial electron transport chain, heme oxygenase,
and cyclooxygenase. Antioxidant enzymes include super-
oxide dismutases (SODs), glutathione peroxidase, catalase
and NAD(P)H:menadione oxidoreductase. The SODs cat-
alyze the reaction of superoxide radicals with water to
form hydrogen peroxide while glutathione peroxidase and
catalase convert hydrogen peroxide to water. A balance
between ROS-producing enzymes and antioxidant en-
zymes must exist to prevent events associated with ath-
erosclerosis.

The microarray data summarized in Table 2 illustrates
that an undisturbed laminar flow produces endothelial
cells that have greater capacity to respond to risk factors
for the disease. Laminar flow decreased the gene expres-
sion in many important inflammatory molecules, while a
disturbed flow caused a general increase in many of the
same molecules. Laminar flow also induced an overall in-
creased expression of cell adhesion genes and a decrease
in caveolin-1. In vitro, onset of laminar flow produced an
increase in endothelial permeability, but this may be an
adaptive response to the onset of flow or a change in
shears stress. In laminar flow, genes associated with the
progression of the coagulation cascade were generally
downregulated, while the genes known to produce inhib-
itors of the cascade were upregulated. In contrast, dis-
turbed flow stimulates more of an atherogenic state;
consistent with the observation that atherosclerosis be-
gins in regions of disturbed flow. Additional investigations
should be completed to uncover the mechanisms affecting
the atherogenic state in disturbed flow regions. Microar-
ray data from cyclic stretch experiments are limited and
show mixed results. Further experiments investigating
cyclic stretch effects are needed to elucidate the overall
atherogenic state of the endothelium in response to this
mechanical stimulus.

6. ENDOTHELIAL PROGENITOR CELLS AND
ENDOTHELIAL FUNCTION

While the normal rate of endothelial cell replication in
healthy individuals is low, new endothelial cells are gen-
erated during angiogenesis and as arteries respond to
atherosclerosis. While some of the new endothelial cells
are derived from the existing endothelium, recent evi-
dence suggests that endothelial repair and angiogenesis
also involve endothelial progenitor cells circulating in
blood (48). Endothelial progenitor cells (EPCs) are mono-
nuclear blood cells that have the potential to regenerate
an injured endothelial monolayer (49). EPCs can mature
into the endothelial cells that line the lumen of blood ves-
sels (50), but have not yet acquired all the characteristic
markers of mature endothelial cells (51) (Fig. 2).

EPCs are derived from the bone marrow. There they
reside in close association with hematopoietic stem cells
(HSCs) and bone marrow stromal cells (52). Lateral plate
mesoderm gives rise to angioblasts and hemangioblasts
among other cell types. Angioblasts and hemangioblasts
give rise to the endocardium, endothelium of the large
blood vessels and microvascular endothelial cells (51).
Hemangioblasts also give rise to both hematopoietic
stem cells (HSCs) and endothelial progenitor cells, which
both share some markers in early development (53). For
example, angioblasts express vascular endothelial growth
factor receptor 2 (VEGF-R2). However, late during embry-
onic development VEGF-R2 becomes restricted to endo-
thelial cells. This is consistent with the function of VEGF
to promote specifically EC growth and alter vascular per-
meability. VEGF secreted by the endoderm may support
the differentiation of VEGF-R2 expressing mesodermal
cells to embryonic EPCs (51,52).

EPCs in blood express VEGF-R2 (also known as KDR
and Flk-1), as well as the hematopoietic progenitor cell
markers CD34 and CD133 (54). CD133 is an antigen of
unknown function, which is expressed on EPCs and HSCs
and is absent on mature endothelial cells. CD133þ cells
can differentiate into endothelial cells in vitro. However,
CD34 is expressed on HSCs, EPCs, as well as mature en-
dothelial cells. So purified CD34þ cells could be EPCs or
endothelial cells shed from the vessel wall, while CD133þ

must be either from EPCs or HSCs. Thus, endothelial pro-
genitor cells are those monocytic blood cells that are pos-
itive for CD133, CD34, and VEGF-R2, lack other specific
endothelial cell surface markers such as VE-cadherin and
are capable of undergoing a large number of cell divisions.

HSCs appear to be the major precursor cells for EPCs
since HSCs and EPCs share common markers, EPCs can

Table 2. The Effect of Shear Stress on Endothelial Cell
Gene Expression

Genes Disturbed Flow Laminar Flow

Inflammatory m (32) k (32)
Prothrombotic ? k (36)
Anti-thrombotic ? m (37)
Vasoconstrictors m (36) k (32)
Vasodilators ? m (37)
Oxidative ? m (68)
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differentiate ex vivo from adult CD34þ hematopoietic pro-
genitor cells (49) and HSCs are mobilized into the blood-
stream under conditions that lead to elevated levels of
EPCs (53). In addition, myeloid cells, multipotent adult
progenitor cells, mesenchymal stem cells, adipose-tissue-
derived cells, cardiac, skeletal muscle, and neural progen-
itor cells all contain a subpopulation of cells that can dif-
ferentiate into endothelial cells (53). The multiple origins
of EPC may suggest a diverse population of cells that are
each targeted for a specific function.

Myeloid cells form monocytes and polymorphonuclear
leukocytes. They are derived from HSCs and are mobilized
from the bone marrow. There is evidence that a subset of
myeloid cells, specifically CD14þ /CD34� myeloid cells,
can give rise to endothelial cells. These cells express en-
dothelial markers and form tubelike structures ex vivo.
These CD14þ cells yield cells of endothelial character,
which have been incorporated in newly formed blood ves-
sels and improved neovascularization in vivo. This recent
evidence suggests that myeloid cells within the peripheral
blood could differentiate into endothelial cells. These cells
have been shown to have a similar capacity to augment
neovascularization in vivo compared to other EPCs; how-
ever, these cells have a reduced proliferation rate com-
pared to HSC-derived EPCs. This may mean that the cells
make up for their slow proliferation rate, or the prolifer-
ation rate may not be important for in vivo studies (53).

Multipotent adult progenitor cells (MAPCs) can be iso-
lated from postnatal human bone marrow and are distinct
from HPCs. They can differentiate to express endothelial
markers, function as endothelial cells in vitro, and con-
tribute to neoangiogenesis in vivo (53). However, it is still
unknown if MAPCs can be mobilized in the peripheral
blood in response to ischemia (53).

Normally, only 0.01% of circulating mononuclear cells
in humans are EPCs. However, EPCs can be recruited
from the bone marrow into the peripheral blood. Recruit-
ment occurs when a dissociation of the contact between
the stromal cell and the EPCs occurs, allowing the pro-
genitor cells to leave the bone marrow. Tissue ischemia

and exogenous cytokine therapy both promote the mobili-
zation of EPCs (50).

6.1. Factors Affecting EPC Levels in Blood

The number of EPCs in the peripheral blood is increased
by angiogenic growth factors, cytokines, hormones, and
drugs. The increase in EPC levels by cholesterol-lowering
statins and estrogens may be associated with inhibition of
EPC apoptosis (49). Physical exercise has been shown to
increase EPC levels in humans and mice. Physical exer-
cise, estrogen, erythropoietin, and statins are all activa-
tors of the phosphatidylinositol 3-kinase/Akt pathway
(49).

Age and smoking, two factors that contribute to ath-
erosclerosis, are associated with a reduced number of cir-
culating CD34þ /VEGF-R2

þ and CD133þ /VEGF-R2
þ cells.

In addition, patients with risk factors for coronary artery
disease were found to have a significantly reduced number
of EPCs in the peripheral blood; however, the overall pro-
genitor cell levels were not changed. This reduction in
EPCs in the presence of risk factors for cardiovascular
diseases contributes to a viscous cycle, which will most
likely result in an increased fraction of endothelial cells
exhibiting dysfunction (49).

There may be a number of reasons for a reduction in
circulating EPCs when a person ages. Theses cells may
have gone through a reduction in mobilization, a reduction
of survival and/or differentiation, and/or an exhaustion of
stem/progenitor cells in the bone marrow. The local mi-
croenvironment, which consists of stromal cells, deter-
mines the maintenance and mobilization of HSCs in the
bone marrow. Reduced EPC levels may also be due to en-
hanced apoptosis and/or deregulation of EPC differentia-
tion. An imbalance in pro- and anti- apoptotic factors and/
or a decline in antioxidant defense may cause an increase
the susceptibility of EPCs to apoptosis. As age increases,
the capacity of HSCs to react to stress-induced mobiliza-
tion gradually declines. Therefore, elderly patients will
have a reduced number of circulating EPCs (49). A defi-
ciency in nitric oxide synthase III, which occurs in indi-
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Figure 2. Schematic diagram of the pathway for endothelial progenitor cell formation, integration
into the blood vessel wall and removal.
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viduals with coronary artery disease, may lead to the re-
duction in mobilization and impair maintenance of active
stem cells (49).

6.2. Functional Significance of EPC

Studies with mice suggest that EPC provide a repair
mechanism to maintain a functional endothelium and
limit the onset of atherosclerosis (1). During aging this
process is impaired, resulting in the onset of atheroscle-
rosis (1). In animal models, EPCs in the peripheral circu-
lation contribute to rapid endothelialization, as a way to
prevent thrombotic complications (55). Bone marrow-de-
rived EPCs that are mobilized modulate reendothlializat-
ion at sites of endothelial cell damage. Mobilization of
EPCs from bone marrow is enhanced by VEGF, angiopoie-
tin-1, fibroblast growth factor (FGF), GM-CSF, matrix
metalloproteinase-9 (MMP-9) activity, pharmacological
agents such as statins, erythropoietin (EPO), and stromal
cell-derived growth factor-1 (SDF-1). In contrast, anti-
agiogenic factors, such as angiostatin, inhibit EPC prolif-
eration. Once the EPCs are recruited they still must make
a home at and differentiate at the site of endothelialization
(50).

EPCs, once mobilized, could be used to seed synthetic
grafts. While the resident level of EPCs are not sufficient
to repopulate synthetic grafts or regions of a denuded ves-
sel longer than 1 cm, Dacron grafts in a dog model were re-
endothelialized after injection of CD34þ HSCs (56). The
surfaces of ventricular assist devices in humans have been
found to be covered by CD133þ HSCs, which concomi-
tantly express VEGF-R2. Circulating EPCs home to de-
nuded parts of an artery caused by a balloon injury.
Peripheral blood derived monocyte-derived EPCs will
home into bioprosthetic grafts. In addition, it has been
shown that the infusion of bone marrow-derived CD34� /
CD14þ mononuclear cells can contribute to endothelial
regeneration. All of this supports the assumption that cir-
culating EPCs can contribute to re-endothelialization (49).

EPCs from the bone marrow or peripheral blood could
possibly be used to create a tissue engineered small-di-
ameter blood vessel. EPCs can be cultured in vitro and will
rapidly differentiate into mature endothelial cells, which
express all the well-known markers of endothelial lineage.
EPCs are very attractive for seeding because they can un-
dergo more than 1,000 population doublings compared to
mature endothelial cells that can only undergo about 30
population doublings (57). When EPCs were cultured
there was a dramatic increase in cell proliferation around
day 14, which coincided with the loss of CD133 mRNA
expression (57).

There is a low-to-undetectable level of E-selectin,
VCAM-1, and ICAM-1 expressed on the surface of EPC-
derived endothelial cells. EPC-derived endothelial cells
upregulate leukocyte adhesion molecules in response to an
inflammatory cytokine and mediate calcium-dependent
adhesion of a neutrophil-like cell line in a manner very
similar to that of normal human microvascular endothe-
lial cells. Microvessels formed from EPC-derived endothe-
lial cells can express appropriate proinflammatory

molecules when stimulated and could be a possible cell
choice for synthetic grafts (57).

Other studies have used EPC-derived endothelial cells
for synthetic vascular grafts. One such case is when EPC-
derived endothelial cells were seeded alone on PGA-PLLA
fibers. In this case very little tissue was formed, however,
when the seeding was accompanied with smooth muscle
cells, there was an enhanced assembly of CD31þ cells into
microvessel-like structures (57). Another study showed
that human peripheral blood-derived EPC can endotheli-
alize a gelatin-coated polyurethane microporous vascular
graft. The cells elongated and aligned with the direction of
flow and produced a nonthrombogenic surface on the graft
(57).

EPCs may be a useful approach to generate new cap-
illaries to treat ischemia. Ischemia arises when arterial
occlusion limits blood flow and oxygen to a region of tissue.
To compensate, angiogenesis is stimulated by low oxygen
levels (53). EPCs in the peripheral circulation home to
sites of ischemia, where they adopt an endothelial pheno-
type and contribute to the formation of new blood vessels
(53). Further, EPCs are more effective than mature endo-
thelial cells in animal models of ischemia, because they
have an in vivo capacity to improve the neovascularization
of ischemic tissue (54).

Stem cells have an increased resistance to stress, which
can help angiogenic precursor cells to withstand oxidative
stress. EPCs can tolerate high levels of ROS, which en-
ables them to function in the presence of oxygen radicals
produced by neutrophils and macrophages during is-
chemia. Elevated expression of manganese superoxide
dismutase (MnSOD) has been identified as the mediator
to this survival and EPCs express a higher level of
MnSOD compared to mature endothelial cells. This may
explain EPC’s ability for postischemic neovascularization
(54). Thus, an increase in MnSOD in EPCs allows EPCs to
remain undifferentiated and to self-renew at sites of repair
(54).

7. SUMMARY

Endothelial cells perform critical functions in blood ves-
sels and tissues. They respond dynamically to environ-
mental changes such as blood flow and release of
hormones and cytokines. Endothelial progenitor cells rep-
resent a reserve to replace damaged endothelium or de-
velop new capillaries. Understanding the role of these
cells in maintaining blood vessel health will be critical in
devising new strategies to treat cardiovascular disease.
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VASCULAR GROWTH AND REMODELING

J. D. HUMPHREY

Texas A&M University
College Station, Texas

1. INTRODUCTION

The fundamental role of the cardiovascular system is
transport: the transport of oxygen and carbon dioxide to
and from tissues throughout the body, the transport of
nutrients and wastes to and from tissues, and the trans-
port of hormones and immune cells to locations in need.
Albeit complex, this system consists of only three basic
components, the heart (which serves as a pump), the
vasculature (which is a connected system of conduits),
and the blood (which is the conducting media). Our focus
herein is the vasculature, and in particular, the largest
vessels therein. Arteries (which carry blood away from the
heart) and veins (which carry blood towards the heart)
exhibit a remarkable ability to adapt throughout life, one
that depends upon genetic programming and biochemical
processes at molecular and cellular levels. In addition,
however, recent findings reveal that the mechanical en-
vironment experienced by these vessels also plays a
critical role in mediating their adaptive (or maladaptive)
responses. Examples include vascular adaptation in re-
sponse to the surgical creation of arterio-venous shunts in
dialysis patients, the use of veins as arterial by-pass
grafts, the compliance mismatch between synthetic vas-
cular grafts and the native host artery, the interventional
procedures of balloon angioplasty and intravascular stent-
ing, and a microgravity environment. Vascular adaptation
is likewise evident during pregnancy, sustained exercise
or the lack thereof, and senescence as well as during the
development of vascular diseases as diverse as athero-
sclerosis, the formation of aneurysms, hypertension, and
Marfan’s syndrome. Although the response exhibited by
an artery or vein to each of these situations may be
manifested in a different way (e.g., the formation of an
acellular layer in the inner wall of a vessel, hypertrophy
versus atrophy of smooth muscle in the middle of the wall,

or increased deposition of collagen in the outer layer of the
wall), the basic underlying processes appear to be the
same. Vascular adaptation results from changes in cellu-
lar activity that include altered rates of mitosis (cell
division) or apoptosis (programmed cell death), migration
and differentiation (change of phenotype) of cells, hyper-
trophy and atrophy of cells, and synthesis, degradation, or
cross-linking of extracellular matrix.

The goal of this brief review is to highlight the basic
structure and function of large blood vessels, to discuss the
homeostatic mechanical environment, and to compare five
examples of mechanically induced vascular growth and
remodeling. By growth, we mean an increase in mass that
is achieved locally via an increase in the number or size of
cells and/or via a synthesis of extracellular matrix that
exceeds removal. Atrophy, then, can be thought of as
negative growth. By remodeling, we mean a change in
structure that is achieved by reorganizing existing con-
stituents or by synthesizing new constituents that have a
different organization. If we track local turnover of mate-
rial, as we should, growth and remodeling are seen to
typically occur hand in hand, and thus should be consid-
ered together. It is hoped that this review stimulates the
reader’s interest in vascular mechanics and mechanobiol-
ogy, a field of study with great promise to contribute to
improving health care delivery (1,2).

2. SOME HISTOLOGY AND CELL BIOLOGY

The specific microstructure of arteries and veins varies
with species, age, disease, and location along the vascular
tree, yet normalcy in maturity is characterized by three
primary layers – the tunica intima, media, and adventitia
(Fig. 1). The intima, or inner layer, consists of a monolayer
of endothelial cells and an underlying basal lamina com-
posed of mesh-like type IV collagen and the adhesion
molecules laminin and fibronectin. In addition to being a
smooth, nonthrombogenic interface between the blood and
the contents of the vascular wall, the endothelium is
biologically active. In response to chemical and mechan-
ical stimuli, endothelial cells produce various vasoactive
molecules (which cause the vessel to dilate or constrict),
growth factors (which promote cell replication or the

PRIMARY LAYERS

Type IV Collagen,
Laminin

PRIMARY
ECM

PROTEINS

PRIMARY CELL TYPES

Type III, I Collagen

Type I Collagen

Smooth Muscle
Cells

Fibroblasts

Endothelial Cells

Abundant water
and  GAGs

Intima

Elastin
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Adventitia
Figure 1. Schema of a cross-section of the
arterial wall. The three main layers are the
intima, media, and adventitia. Shown, too,
are the primary cell types (endothelial,
smooth muscle, and fibroblasts) as well as
extracellular matrix material (collagens,
elastin, laminin, and glycosaminoglycans
(GAGs), plus water).
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synthesis of proteins), and factors that regulate the clot-
ting process. The endothelium can also modify blood-borne
substances for transport into the wall (e.g., white blood
cells or lipids), which thereby plays important roles in
diseases such as atherosclerosis. Realization that many
functions of the endothelium correlate with changes in the
wall shear stresses that are induced by the flow of blood (3)
has provided important guidance for treating many vas-
cular disorders and renewed interest in the biomechanics
even though this layer contributes little to the overall
structural integrity of the vascular wall. For example, this
shear stress t tends to be maintained near 1.5Pa in
arteries and near 0.15Pa in veins; the mean value of t is
often estimated as 4 mQ/pa3 where m is the viscosity, Q the
volumetric flow-rate, and a the luminal radius.

The media, or middle layer, consists primarily of
smooth muscle cells embedded in a plexus of elastin,
various types of collagen (I, III, V, etc.), and proteoglycans.
In general, the closer these vessels are to the heart the
more elastin, and the farther away the more smooth
muscle. Regardless, wall thickness tends to maintain the
mean circumferential wall stress on the order of 100kPa;
this can be estimated via the simple formula sy¼Pa/h
where sy is the mean circumferential stress, P the trans-
mural pressure, a the inner radius, and h the wall thick-
ness. Whereas smooth muscle is primarily responsible for
synthesizing proteins of the extracellular matrix during
development, it endows the mature vessel with an ability
to constrict or dilate – functions that regulate blood flow
locally. Most smooth muscle cells are oriented in the
circumferential direction, although in some vessels they
are oriented helically or in the axial direction. Smooth
muscle contraction, hypertrophy (increase in size), hyper-
plasia (increase in number), apoptosis (cell suicide), and
migration (often from the media to the subintima) play
essential roles in diseases such as aneurysms, athero-
sclerosis, and hypertension. Loss of matrix proteins, par-
ticularly elastin, similarly plays an essential role in the
formation of aneurysms or vascular dissections.

Arteries and veins also have an adventitia, or outer
layer, that merges with the perivascular tissue. The
adventitia consists primarily of fibroblasts and axially
oriented type I collagen, but may include admixed elastic
fibers, nerves, and its own small vasculature, the vasa
vasorum (which is needed when the thickness of the wall
is too great to allow a sufficient transmural diffusion of
oxygen directly from the blood). The fibroblasts are re-
sponsible primarily for regulating the matrix, particularly
the collagen, but they can be stimulated to migrate,
proliferate, and differentiate when needed. The adventitia
is thought to serve, in large part, as a protective sheath
that prevents over-distension of the media (like all muscle,
smooth muscle contracts maximally at a certain length,
above and below which the contractions are less forceful).
Finally, it should be noted that the adventitia is typically
demarcated from the media by an external elastic lamina
(except in cerebral arteries). Similarly, the media is de-
marcated from the intima by an internal elastic lamina,
which is a fenestrated, cylindrical sheet of elastin.

Cross-linked elastin is one of the most stable proteins
in the body; it endows tissues with considerable elasticity

over finite deformations (e.g., a nearly linear stress re-
sponse over stretches of 150 to 200%) and it helps control
the phenotype of the smooth muscle cells. Specifically,
cross-linked elastin encourages a quiescent, contractile
phenotype characteristic of maturity. This is in contrast to
effects of the elastin precursor, tropoelastin, which is not
crosslinked, which contributes little to the structural
integrity, and which encourages smooth muscle migration,
proliferation, and synthesis of extracellular matrix. The
collagens are the primary family of structural proteins in
the body, with the fibrillar types I and III endowing tissues
with a significant tensile stiffness. Collagen fibers can be
on the order of microns in diameter and they are often
undulated in the normal physiologic state; they manifest
their high stiffness when straightened. The proteoglycans
represent a large class of molecules having diverse func-
tions. Structurally, they tend to be most important in
sequestering water within the tissue, which, as in cells,
typically accounts for about B70% of the total mass of a
vessel.

Vascular properties and functions thus result from
complex interactions between three primary cell types
(endothelial, smooth muscle, and fibroblasts) and an
abundant extracellular matrix (primarily elastin, col-
lagens, and proteoglycans). To provide a better idea of
the relative distributions of the various constituents, note
that the media of the thoracic aorta consists of (by dry
weight, that is, when dehydrated) B37% collagen, 33%
smooth muscle cells, 24% elastin, and 6% other constitu-
ents whereas the adventitia consists ofB78% collagen, 9%
fibroblasts, 2% elastin, and 11% other constituents (4).
Again, however, note that each vessel has different dis-
tributions of constituents within each layer and even
different relative thicknesses of the media and adventitia.
Indeed, given that veins experience much lower intralum-
inal pressures (B5mmHg) than arteries (B100mmHg), it
is not surprising that they are much thinner walled than
arteries and that they have a much different organization
– see Rhodin (5) and Fawcett (6) for more details on
vascular structure.

That endothelial cells respond directly to changing
mechanical loads was first noted B30 years ago (7), and
is now a well documented phenomenon attributed to the
general process of mechanotransduction – that is, the
sensing and converting of a mechanical stimulus into a
bioelectrical or biochemical signal that controls gene ex-
pression and hence biological structure and function. For
example, endothelial cells produce a number of vasodila-
tors (e.g., nitric oxide, NO, and prostacyclin, PGI2) in
response to increases in flow (i.e., wall shear stress); this
allows the vessel to dilate, thereby decreasing the resis-
tance to flow, and promotes endothelial proliferation to
cover the increased surface area of the dilated vessel.
Conversely, endothelial cells produce a number of vaso-
constrictors (e.g., endothelin-1, ET-1, and angiotensin-II,
ANG-II) in response to decreases in flow. Endothelial cells
also produce a host of growth regulatory molecules (in-
cluding vascular endothelial growth factor, VEGF, platelet
derived growth factors, PDGF, and fibroblast growth
factors, FGF), adhesion molecules (including vascular
cell adhesion molecule, VCAM-1, intercellular adhesion
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molecule, ICAM-1, and monocyte chemotactic protein,
MCP-1), cytokines (interleukin-1, IL-1, etc.), and clotting
factors (tPA, etc.) – all in response to changing mechanical
stimuli including local stresses or trauma. See Davies (8)
or Lelkes (3) for more on endothelial mechanobiology.

Although the structure of smooth muscle differs from
that of skeletal and cardiac muscle (i.e., striated muscle,
which is organized in units called sarcomeres), its con-
tractility also depends on a calcium dependent actin-
myosin interaction (9,10). Vascular smooth muscle can
generate contractile forces comparable to those of striated
muscles while maintaining their contraction for longer
periods and at a lower expenditure of energy when
compared to striated muscle. The latter allows blood
vessels to maintain a ‘‘basal tone’’ from which they can
either dilate or constrict. Such vasoactivity allows blood to
be routed to areas of high demand (e.g., to skeletal muscles
during exercise or the intestines during digestion) or away
from select areas as well (e.g., when cold, away from
peripheral body parts in order to conserve body heat).
Like the endothelial cell, smooth muscle cells also respond
to changes in their mechanical environment; indeed,
Leung et al. (11) showed many years ago that the synth-
esis of collagen by smooth muscle changes with mechan-
ical loading. Consistent with an aforementioned
observation, mechanical damage to elastin tends to induce
a phenotypic change in smooth muscle that promotes
migration, proliferation, and synthesis of matrix. This
causality appears to be fundamental to the response of
the arterial wall to clinical interventions such as balloon
angioplasty and stenting and likewise to the response of
the venous wall to its clinical use as an arterial by-pass
graft. See Osol (12) for more on the mechanobiology of
smooth muscle.

The fibroblasts are primarily responsible for regulating
the extracellular matrix in the adventitia, as, for example,
via the synthesis and degradation of the collagens. De-
gradation is accomplished in one of two ways: ingestion by
cells (phagocytosis) or the release of enzymes called
proteases (a general family of these enzymes is the so-
called matrix metalloproteinases, or MMPs). Fibroblasts
play an important role in regulating the extracellular
matrix in many soft tissues (from the eye to the skin to
heart tissue) and they are easily studied in vitro. For these
reasons, there is a considerable literature on the mechan-
obiology of fibroblasts (e.g., see (13)). Fibroblasts become
particularly active in diseases such as intracranial aneur-
ysms, which are discussed below. To these three primary
cell types, which are always present in the normal arterial
or venous wall, we should add the macrophages and
platelets. Macrophages are scavenger cells; in response
to a local injury, they enter the vessel wall from the blood
(actually blood borne monocytes adhere to the wall and
transform into macrophages that migrate into the wall)
and act primarily via phagocytosis or the release of MMPs.
They, too, are responsive to changes in mechanical stimuli
(14). Platelets also circulate within the bloodstream; they
play a key role in coagulation, but they also release growth
factors (PDGF) and vasoconstrictors (e.g., serotonin, 5-HT,
and thromboxane, TXA2) that affect both endothelial and
smooth muscle cells. Platelet derived vasoconstrictors

play a particularly damaging role following the rupture
of intracranial aneurysms, causing nearby vessels con-
strict and cause distal strokes. More specifics of the
molecular biology of all vascular cells are in Alberts et
al. (13).

3. BASIC BIOMECHANICS

Mechanics is the study of motions (including deforma-
tions) and the loads that cause them. Vascular mechanics
can be defined as the development, extension, and appli-
cation of mechanics to understand better the biology,
physiology, and pathophysiology of blood vessels and their
clinical treatment (15). Because of the complex geometry
(including curved, tapered, and bifurcated tubes), complex
material behavior (due to the heterogeneous composite
microstructure and finite deformations), and complex
boundary conditions (including solid-fluid interactions,
perivascular support, and contact conditions during clin-
ical procedures such as angioplasty or stenting), it is often
impossible to determine the distribution of stress analyti-
cally. Numerical methods, and in particular finite element
methods, are thereby often necessary for calculating the
stress field (e.g., see (16)). Nonetheless, it is prudent to
examine simple, special cases wherein one has increased
confidence in the computational results and the conse-
quences of particular assumptions and hypotheses can be
evaluated more easily.

One of the most important discoveries in vascular
mechanics is the existence of residual stresses in thick-
walled vessels. Residual stresses are those stresses that
remain in the absence of applied tractions. The presence of
residual stresses in arteries is demonstrated easily by
introducing a radial cut in a short, excised cylindrical
segment – the segment will typically spring open, which
releases the residual stress1. Although many observations
in the literature had suggested the existence of residual
stress, Chuong and Fung (17) were the first to show its
potential importance on the stress field. Briefly, they
modeled a straight segment of an artery as a thick-walled,
constant-thickness, homogeneous, incompressible mate-
rial that exhibited an exponential stress-strain response,
and they considered a quasi-static, finite extension and
inflation (see Fung (18) or Humphrey (15) for a detailed
analysis). Although calculated values of the maximum
residual stresses were only on the order of 3 kPa, the
inherent geometric and material nonlinearities enabled a
marked reduction in the computed circumferential stres-
ses in the inner wall (e.g., from 600 to 200 kPa; see Fig. 2).
That is, the predicted transmural distribution of stress
was nearly uniform when residual stress was included.
Indeed, further inclusion of the basal tone of the smooth
muscle (19) suggests that the vascular wall may develop in
such a way that the normal state of stress in maturity may
be nearly uniform and equibiaxial (in-plane) during part
of the cardiac cycle. This observation appears reasonable

1This can be appreciated easily by inverting a short segment of a
rubber tube, which introduces residual stresses, and then intro-
ducing a radial cut.
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teleologically for it suggests that vessels grow and remodel
during development so as to produce a mechanical envir-
onment for the intramural cells that does not penalize a
cell for being at a different location within the wall (i.e., a
smooth muscle cell near the internal elastic lamina ap-
pears to experience similar mechanical stimuli during the
cardiac cycle as a cell that is near the external elastic
lamina). If this hypothesis proves true, the implications
are far reaching. For example, if we wish to ‘‘engineer’’ a
fully functional arterial graft, we should mimic the chemo-
mechanical conditions that promote optimal growth; if we
wish to minimize restenosis following angioplasty or
stenting, we should seek to not perturb the mechanical
state of the cells far from optimal; or, if we wish to predict
the rupture potential of an aortic aneurysm, we should
understand the consequences of the perturbed geometry,
properties, and boundary conditions on the states of stress
or strain. Although each of these situations can and
should be studied within the context of mechanobiologi-

cal-controlled vascular growth and remodeling, herebelow
let us focus on five slightly simpler examples.

4. DEVELOPMENT

Whether via vasculogenesis (de novo formation) or angio-
genesis (formation from an existing vessel), arteries begin
as thin tubes consisting of endothelial cells that align, in
the direction of the blood flow, on a developing basement
membrane (20). This underlying membrane initially con-
sists largely of fibronectin, but later laminin, type IV
collagen, and select proteoglycans (note: fibronectin may
promote migration and proliferation, laminin may pro-
mote cell adhesion and differentiation, and type IV col-
lagen may promote cell adhesion, cell spreading, and cell
survival; (8,21)). It appears that signals from this mono-
layer of endothelial cells recruit smooth muscle precursor
cells, which align primarily in the direction of the cyclic
circumferential stretch (i.e., orthogonal to the alignment
of the endothelial cells). These smooth muscle cells begin
to synthesize and organize an extracellular matrix (even-
tually consisting largely of insoluble elastin and select
collagens as well as various proteoglycans) and they either
proliferate or recruit additional smooth muscle cells as the
intraluminal blood pressure increases (22). Finally, a
fibroblast-populated, collagen-rich outer layer forms as
the adventitia, and the smooth muscle cells of the media
differentiate from a synthetic to a quiescent, contractile
phenotype. This sequential addition of material results in
a wall that thickens as the blood pressure increases, which
appears to maintain the mean circumferential wall stress
near a preferred value (23); similarly, the lumen enlarges
as the blood flow increases, which appears to maintain the
mean wall shear stress near an preferred value (24). As
noted above, it is out of this genetically and epigenetically
regulated, complex, layered structure that an apparently
nearly uniform and perhaps equibiaxial homeostatic in-
plane stress field arises in maturity. If we assume that
normal development leads to an ‘‘optimal structure’’,
understanding the associated developmental biomecha-
nics will be essential to our understanding most-to-all
aspects of mechanically induced adaptations and mala-
daptations of the vasculature.

5. FLOW-INDUCED CHANGES

Rodbard (25) put forth a provocative hypothesis to unify
prior observations that arteries vasodilate in response to
acute increases in flow and tend to enlarge in response to
sustained increases in flow. Specifically, he suggested that
‘‘each endothelial cell is equipped with receptors that are
sensitive to the magnitude of the drag force that impinges
upon it,’’ and that the lumen is controlled by ‘‘an immedi-
ate physiological adjustment in vascular tone induced by
the change in flow, and a delayed anatomical change that
occurs when the changed flow persists.’’ Diverse observa-
tions over the last two and a half decades largely supports
this hypothesis (1,26) for the means by which the lumen
enlarges or diminishes in response to sustained increases
or decreases in flow, respectively (Fig. 3).
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Figure 2. Predicted transmural distributions of stress (circum-
ferential in panel a and axial in panel b) given the assumptions of
no residual stresses and no basal tone (highest stress), residual
stress but no tone (middle curve), and residual stress plus basal
tone (lowest stress). With increasing complexity in the modeling,
therefore, we see increasing simplicity in the predicted state of
stress.
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For example, Furchgott and Zawadzki (27) showed in
vitro that the relaxation of vascular smooth muscle by
select intraluminal agonists (e.g., acetylcholine, ACh)
requires an intact endothelium. We now know, of course,
that the ACh stimulates the production of NO by the
endothelium similar to its increased production in re-
sponse to increased shear stress. In other words, through
chemo-mechano-transduction mechanisms, external sti-
muli influence endothelial function at the level of gene
expression and thereby contribute to the overall control of
vessel structure and function. Indeed, such control can be
effected over short periods. For example, Langille and
colleagues (1) showed in vivo that a sustained (2 week)
decrease in local blood flow results in an attendant reduc-
tion in the arterial lumen that depends on an intact
endothelium, one that appears to restore the wall shear
stress to its homeostatic level and cannot be reversed by
vasodilators. They reported further that such adaptations
to reduced flow are entirely due to vasoactivity during an
early period (at 3 days), partly due to vasoactivity at
intermediate times (at 7 days), and due to growth and
remodeling at later times (at 14 days). These findings have
been corroborated in other animals by other investigators.
Whereas Langille and colleagues found that such flow-
induced adaptations occurred independent of angiotensin-
II and prostanoids, others showed that nitric oxide (NO)
plays an essential role. This is not unexpected, of course,
given that endothelial cells increase their production of
NO, a potent vasodilator, in response to increased flows
and that they increase their production of endothelin-1
(ET-1), a potent vasoconstrictor, in response to decreased
flows. Although not emphasized previously, it is important
to note that NO promotes the growth of endothelial cells
(which makes sense for more cells are needed to cover the
increased surface area of a dilated vessel), but it inhibits
the growth of smooth muscle cells (which makes sense for
it enhances contractility); ET- 1, in contrast, promotes the
growth of smooth muscle cells. These differing effects on
cell growth may explain, in part, the common observation
that remodeling appears to occur faster in response to a
decreased flow than to an increased flow, a finding that is
also due to potential differences in the extents to which a
vessel can vasoconstrict or vasodilate. Regardless, one
must consider the many molecules that are involved in

vascular mechanotransduction and their potential multi-
functionality. Finally, Langille and colleagues also found
that flow-induced adaptations occur faster in juvenile
animals than in mature ones, which may reflect the
different basal rates at which cells and matrix turnover
(i.e., are produced and removed) during the different
stages of life. Turnover of vascular smooth muscle is, for
example, B80%/day in the embryo, B40%/day in the
fetus, but only B0.06%/day in the normal adult (22).
These basal rates can change dramatically in response
to altered hemodynamics, however, which allows the rapid
remodeling that is often observed. Cho et al. (28) reported
that a ‘‘coordinated regulation of cell death and cell
proliferation, in response to changes in arterial blood
flow rate, contribute to arterial remodeling during devel-
opment,’’ and Nissen et al. (29) showed that the turnover
of arterial collagen is faster than first thought, particu-
larly in disease states such as hypertension. Hence,
altered rates of the continual turnover of cells and matrix
are fundamental to the general process of vascular growth
and remodeling, which requires us to track changes in the
mechanical state in which the turnover occurs.

6. HYPERTENSION

Hypertension is defined as a persistent elevation of arter-
ial blood pressure. Although there are multiple criteria
for, and stages of, disease, systolic pressures 4160mmHg
or diastolic pressures 490mmHg in the systemic circula-
tion are usually diagnostic. Hypertension is a widespread
disease, affecting nearly 50 million Americans alone; it is
responsible for significant morbidity and mortality.

The most conspicuous consequence of hypertension is
that the walls of the arteries thicken dramatically (Figure
3). In addition, it has long been known that hypertension
alters the basic structure and properties of arteries.
Wolinsky (30) reported, for example, that hypertensive
rat aorta seemed to be stiffer, to retract less upon excision,
to have thicker walls, and to have altered amounts of
smooth muscle, elastin, and collagen. Moreover, he re-
ported that the circumferential wall stress was elevated
significantly early on due to the increased pressure, but
the increase in wall thickness over time, at a similar inner
diameter (slight increase due in part to aging), rendered
the final wall stress similar to, albeit slightly higher than,
the original value. Indeed, comparable findings continue
to be reported (31).

Advances in vascular biology continue to provide in-
creasing insight into the processes by which such growth
and remodeling occurs. For example, Xu et al. (32) re-
ported that the increased thickness of the rat aorta in a
coarctation-induced hypertension is due largely to the
accumulation of new collagen. That is, there is an overall
increased synthesis of matrix by smooth muscle cells in
response to the altered mechanical stimuli, which follows
a heightened proliferation (B14 fold) of smooth muscle
early and is followed by an increased apoptosis of smooth
muscle later on. These changes correlated with early
increases in transforming growth factors TGF-b1 and
TGF-b3 as well as early decreases in proapoptotic factors.
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Figure 3. Schema showing the primary geometric effects of
sustained increases or decreases in flow and pressure.
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Many other smooth muscle mitogens, including PDGF,
FGF, and ANG-II, are involved similarly (33), as is the
decreased production of NO and increased production of
ET-1 (34), all of which appear to correlate with an altered
mechanical environment. Indeed, Fung and Liu (35)
showed that the sequence of structural changes in the
wall of the vessel correspond with changes in the residual
stress opening angle. This implies that there is differential
growth in the inner and outer walls of the vessel at
different times of growth and remodeling, which again
appears to correlate with differential changes in the stress
/ strain fields due to the changing geometry, properties,
and applied loads. Although these few stated observations
reflect some general trends in the literature, it must be
emphasized that there are many conflicting reports on the
specific effectors, rates, and time-courses of changes and
their consequences. Many of these differences stem from
the use of different species and methods to induce the
hypertension. Indeed, we should probably not think of
hypertension as a single disease. Rather, the term hyper-
tension represents a family of diseases with different
causes and effects, all of which involve a persistent,
marked increase in blood pressure. Understanding better
the mechanobiology and biomechanics of hypertension is
critical, of course, for hypertension is an important risk
factor for many other diseases, including aneurysms,
atherosclerosis, congestive heart failure, end-stage kidney
disease, and stroke.

7. AXIAL LOAD-INDUCED CHANGES

Jackson et al. (36) recently reported an in vivo model
wherein the left common carotid artery in the rabbit was
subjected to an B22% increase in axial extension while
maintaining blood flow and blood pressure at near normal
values. They found that the axial strain [defined as (in situ
length-in vitro length)/(in vitro length)] decreased from
9772% to 7271% at 3 days, to 677% at 7 days, to 5573%
at 35 days, with B50% being a normal value. In other
words, the artery remodeled rapidly in such a way that the
axial strain (or stress) tended to re-normalize. They
reported that this growth and remodeling was due to
dramatically increased rates of cellular proliferation (par-
ticularly at 3 days), and ‘‘unprecedented’’ increases in the
synthesis of elastin and collagen, with cellular apoptosis
and the upregulation of matrix metalloproteinases (e.g.,
MMP-2 and MMP-9) playing significant roles. Finally,
based on hemodynamic measurements and morphologic
examinations of pressure-fixed cross-sections, they con-
cluded, ‘‘changes in neither circumferential tensile stress
nor shear stress can account for the rapid remodeling that
normalized increases in axial strain.’’ In other words, and
as expected, axial stress or strain is also a strong stimulus
for vascular growth and remodeling.

In a related study, Clerin et al. (37) maintained neona-
tal, juvenile, and adolescent porcine carotid arteries in
organ culture for 9 or 27 days. They found a limit (B8%
per day) to the amount of extension that could be imposed
per day in culture while maintaining normal structure
and function. Nevertheless, sequential extensions up to

48% stretch greater than in vivo resulted in a 20%
increase in the unloaded length after only 9 days. Of
particular importance, they found that the remodeling
was greater in the vessels from younger animals, which is
consistent with an aforementioned result on flow-induced
remodeling. In other words, as we observe more and more
examples of vascular growth and remodeling, we find
numerous common themes – in this case, that perturbed
loading alters the rate of turnover from basal values, but
the basal values are much higher prior to maturity.
Higher turnover rates, in altered mechanical states, result
of course in more rapid changes in structure and function.

8. INTRACRANIAL ANEURYSMS

Aneurysms are focal dilatations of the arterial wall; they
are thought to result from a local insult, probably invol-
ving a heightened protease activity that weakens the wall.
Notwithstanding the many different arteries in the body,
aneurysms tend to occur primarily in two regions: the
abdominal aorta and the circle of Willis in the brain. These
two classes of aneurysms have different etiologies and
different physical manifestations, however, and they even
attack different segments of the population (abdominal
aneurysms are more common in men in their 70 s whereas
intracranial aneurysms are more common in women in
their 40 s and 50 s). Here, we focus on the mechanically
simpler intracranial aneurysm. These lesions typically
have a balloon-like, or saccular, shape and they usually
occur at bifurcations in or near the circle of Willis, the
primary network of vessels that supplies blood to the
brain. Rupture of saccular aneurysms is the leading cause
of spontaneous subarachnoid hemorrhage (SAH) which,
despite advances in neurosurgery and neuroradiology,
continues to result in a high mortality rate (35–50%) and
severe morbidity among the survivors (38). Fortunately,
with advances in medical imaging, greater numbers of
unruptured aneurysms are being detected. There are two
primary methods of treating these lesions: intracranial
surgery, wherein the lesion is isolated from the blood flow
by placing a small metal clip at its neck (i.e., enforcing a
persistent mechanical compression), and catheter-based
interventions, which include the deployment of metallic
coils that promote the formation of clots within the lesion
that again isolate it from the blood flow (i.e., altering the
in vivo geometry, properties, and loads). Conservative
management is also a clinical option, however, for it is
thought that many saccular aneurysms will not rupture.
For example, a recent international trial (39) reported a
small risk of rupture (B0.1% per year) for aneurysms less
than 10mm in maximum dimension; these results have
generated considerable controversy, however (40). The
primary clinical dilemma, therefore, is whether a patient
should be subjected to a prophylactic procedure that has
associated risks given that it is unlikely that the aneur-
ysm will rupture, or if it is better to monitor periodically
the patient for changes in the lesion while accepting the
devastating consequences associated with SAH should a
rupture occur.
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The natural history of saccular aneurysms consists of
at least three phases: pathogenesis, enlargement, and
rupture. The initiation of saccular aneurysms is also the
subject of considerable debate, but it is generally accepted
that unique structural features of the cerebral vasculature
contribute to the pathogenesis. Cerebral arteries do not
have an external elastic lamina, they have sparse medial
elastin, they lack supporting perivascular tissue, and they
have structural irregularities at the apex of their bifurca-
tions. It is thought that these ‘‘mechanical factors’’ may
predispose the cerebral artery to a local weakening of the
wall under the persistent action of hemodynamic loads,
particularly in hypertension. One hypothesis, in particu-
lar, is that the internal elastic lamina and muscular media
must become markedly fragmented or degraded in order
for a saccular aneurysm to form; it is not clear, however,
what causes this initial insult to the structural integrity.
Other risk factors may include heavy alcohol consump-
tion, cigarette smoking, and the long-term use of analge-
sics or oral contraceptives, although these are thought to
play a lesser role. Increased familial incidence in some
populations suggests that genetics is important. It has
been hypothesized, for example, that a genetic defect may
disrupt the normal synthesis of certain types of collagen
(e.g., types III and V) within the cerebral vasculature,
which in turn may weaken the arterial wall. Alternatively,
it has been hypothesized that an asymmetrically formed
circle of Willis may be of genetic origin, and may increase
the hemodynamic load on portions of the vasculature.
There is a pressing need for much more research on the
roles of genetics, risk factors, cellular responses to me-
chanical stresses, and hemodynamics in the pathogenesis.

The second phase of the natural history is enlargement.
Saccular aneurysms typically enlarge from an initially
small out-pouching of the arterial wall into a larger sac-
like structure, which can be as large as 30mm in diameter
(with the parent vessel B4mm in diameter) and can be of
complex shape. Unfortunately, little is known about the
mechanisms by which this enlargement occurs, or its
time-course, although some recent studies suggest that
slower rates of enlargement (i.e., over years to decades)
are associated with a lower risk of rupture. Regardless,
among other hypotheses, it has been suggested that le-
sions may enlarge rapidly due to structural instabilities,
that is, via either a limit point instability or resonance.
Recent nonlinear analyses have shown these possibilities
to be unlikely, however, at least for particular classes of
lesions (41). There is, nonetheless, a pressing need for an
increased understanding of this critical phase of the
natural history.

Rupture of an aneurysm implies one of two outcomes: a
catastrophic tearing of a portion of the lesion, with sig-
nificant bleeding that is often fatal, or a small ‘‘leak’’, with
minimal bleeding but possible clinical symptoms. Small
leaks may be sealed by a fibrin patch and followed by the
formation of an intraluminal or intramural thrombus;
such repair may render the lesion more susceptible to
subsequent enlargement or catastrophic rupture.
Although histomechanical failure mechanisms are un-
known, rupture usually occurs at the fundus despite the
neck often being thinner. Moreover, in the case of coexist-

ing aneurysms, the larger one usually ruptures first, or if
of nearly the same size, the proximal one will usually
rupture first. Several studies have associated various
physical factors with rupture-potential – these include
the combination of lesion location (e.g., middle cerebral
artery), shape (i.e., multilobular or not), and the presence
of hypertension or alternatively that multilobular lesions
are more prone to rupture, particularly if in the posterior
circulation. The vast majority of other studies draw con-
clusions based primarily on the size of the lesion, however,
with estimates of the critical maximum dimension (e.g.,
diameter) ranging from 3 to 10mm.Because these lesions
are typically very thin and have negligible bending stiff-
ness, many can be modeled mechanically as inflated
membranes. From a mechanical perspective, therefore,
shape (i.e., curvature) and wall thickness are more im-
portant contributors to rupture-potential than overall size
(15). That shape has not been considered more is particu-
larly surprising since Crompton (42) showed long ago that
lesions in women tend to have a greater neck:height ratio
and they are more likely to rupture. Lesion thickness can
range from 15 to 500 mm in the unloaded configuration; it
is believed that increasing thickness corresponds primar-
ily, but not exclusively, with continued enlargement (43).
Whereas most previous mathematical models have as-
sumed idealized shapes and uniform wall thickness (in
the undeformed configuration), there is a clear need for
more complete data upon which more realistic (finite
element) models can be based.

9. CONCLUSION

As noted earlier, the more that we learn about vascular
growth and remodeling, the more it appears that there are
common underlying processes despite remarkable diver-
sity in outcome. From normal development and aging to
responses to injury and clinical intervention, mechani-
cally-induced changes in cellular activity (e.g., migration,
proliferation, apoptosis, synthesis of matrix, and produc-
tion of proteases) and matrix organization (e.g., composi-
tion, orientation, cross-linking) often lead to adaptations
that appear to restore the mechanical state of stress or
strain towards preferred values. Whereas such processes
may be near optimal in development, biological or me-
chanical constraints may render the remodeling sub-opti-
mal or even maladaptive in maturity. A prime example is
thickening of the aortic wall in response to an increasing
pressure (or hoop stress). In development, when elastin is
still being produced, the wall thickens by adding addi-
tional, similar structural units (called musculo-elastic
fascicles) consisting of smooth muscle and collagen delim-
ited by elastin. In contrast, in hypertension in maturity,
the wall thickens by adding smooth muscle and collagen
within extant layers, demarcated by existing sheets of
elastin, not by adding more layers. Hence, it appears that
the biological constraint against the production of cross-
linked elastin in maturity alters the means by which
growth and remodeling occur. There is a need, therefore,
to identify those parameters by which optimal adaptation
occurs as well as any constraints against such optimiza-
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tion. Indeed, there is a pressing need for a much greater
understanding of much of the associated mechanobiology
and biomechanics.

Towards this end, biomedical engineering has much to
offer. In particular, mathematical models can help guide
the identification and interpretation of new experiments
and they can aid in the evaluation of competing hypoth-
eses or potential clinical treatments. Important advances
have been made by A. Rachev, L. Taber, and others (44,45)
using the concept of ‘‘kinematic growth’’ that was proposed
by R. Skalak.(46) Alternative concepts, such as that of a
constrained mixture proposed by our group, have also
recently shown promise for modeling salient features of
multiple aspects of vascular growth and remodeling.
These and other approaches are reviewed in Humphrey
and Rajagopal (47); the interested reader should also see
numerous papers that are in press (at the time of this
writing) in the new journal Biomechanics and Modeling in
Mechanobiology. Much has been learned, yet much re-
mains unknown. The field of vascular growth and remo-
deling thereby remains one of great challenge as well as
great importance.
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1. INTRODUCTION

The vascular system provides the crucial task of deliver-
ing oxygen and nutrients to all of the body’s tissues. The
proper functioning of the system is made possible by very
specific mechanical characteristics that result from the
combination of different materials. Vessel walls contain
crucial cellular elements that themselves require nutri-
ents and strongly affect the mechanical performance. Ar-
terial mechanics are important in the formation and
progression of a number of diseases. In turn, the mechan-
ical properties are affected by disease development. Re-
search in this field is richly challenging because of the
complexity of the mechanics and the interaction with bi-
ological function.

2. PHYSIOLOGIC SETTING

In general, the wall of an artery is comprised of three lay-
ers: the intima, the media, and the adventitia (Fig. 1). The
intima is the innermost layer, and typically consists of a
monolayer of endothelial cells and an underlying basal
lamina. The basal lamina acts primarily as an adherent
meshwork to which the endothelial cell can adhere,
though it also provides some structural support to the ar-
terial wall. In the large arteries such as the aorta, the in-
tima may contain an additional subendothelial layer
composed of collagenous bundles, elastic fibrils, smooth
muscle cells, and fibroblasts. The middle layer, or media, is
separated from the intima by the internal elastic lamina.
The media contains smooth muscle cells embedded in an
extracellular plexus of elastin and collagen as well as
ground substance. Arteries can be categorized as either
elastic or muscular depending on the composition of the
media. In elastic arteries, which include relatively large
arteries near the heart, the media contains a high ratio of
elastin. In the muscular arteries, the media consists pri-
marily of smooth muscle cells, which are capable of active
contraction. The external elastic lamina separates the me-
dia from the outermost layer, the adventitia. The advent-
itia consists primarily of collagen fibers and ground
substance. Other components in the adventitia are fibro-
blasts, macrophages, myelinated nerves, and non-my-
elinated nerves. In the adventitial layer of large arteries,
blood vessels called vasa vasorum that supply the outer
portion of the wall with blood also exist.

The microstructure, composition, and proportion of
each of the three arterial layers vary with location along

the vascular tree according to local structural needs. The
elastic nature of the larger arteries assists in providing
what is known as the Windkessel Effect, which dampens
the highly dynamic pressure pulses coming from the
heart. The elasticity of the aorta allows it to expand in
response to systolic pressure increase. During diastole,
this stored elastic energy propels blood distally, which
smoothes out the pressure and flow waveforms such that
flow is nearly steady when the blood reaches the capillar-
ies. Smaller arteries regulate local tissue perfusion, and
thus contain proportionally more smooth muscle. Most of
the transfer of nutrients and waste products occurs at the
capillary level. These tiny vessels are essentially com-
posed of only endothelium and a thin basal lamina. Veins
are generally highly elastic and serve as a reservoir for the
heart to draw on as the circulatory path is completed.

Elastin and collagen are important structural compo-
nents of the artery wall. Elastin exhibits a nearly linearly
elastic behavior, and is capable of large deformations of
10% or more. The walls of arteries near the heart exhibit
great elasticity and contain a large amount of elastin. The
collagens are the most abundant protein in the body
(B25–30% of all protein). Although more than 16 distinct
forms have been identified, common forms in the cardio-
vascular system are Types I, III, and IV. Types I and III
form fibers and provide structural support in tension.
Type IV forms as porous network that acts as scaffolding
for endothelial cells. The collagen in the adventitia and
media of blood vessel is mostly Type III, some Type I, and a
trace of Type V. The collagen of the basal lamina is Type
IV.

Smooth muscle cells are the primary parenchymal cells
of the vascular wall, and exist abundantly in the media.
Vascular smooth muscle cells are spindle-shaped. They
are typically 100mm long and about 5 mm in diameter, ex-
cept near the nucleus where they are slightly thicker.
Structurally, smooth muscle cells contain a Ca2þ -regu-
lated actin-myosin contractile apparatus. Therefore, they
play an important role in relaxation and contraction of the
arterial wall to regulate blood flow, particularly in the
muscular arteries.

Endothelial cells provide a non-thrombogenic lining on
the luminal surface of the blood vessel and are constantly
subjected to mechanical forces associated with blood flow.
Endothelial cells are usually flat and elongated in the di-
rection of blood flow. However, their shapes are often po-
lygonal in places such as bifurcations where the flow can
be stagnated or complicated. Moreover, endothelial cells
are mechanotransducers; many biological functions of the
endothelium are initiated mechanically via changes in lo-
cal blood flow and the associated wall shear stress. Bio-
chemical responses to blood flow may result in a variety of
events including changes in vasomotor tone, cell prolifer-
ation, and platelet aggregation.

3. MECHANICAL FORCES AND THE ARTERIAL SYSTEM

In the body, arteries are subjected to a variety of mechan-
ical factors with components acting along the radial,
circumferential, and axial directions. Typical stresses
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and strains induced by these factors vary with the type of
artery, species, and location. Arteries are in most cases
‘‘tethered’’ in a state of tensile axial distension. Blood flows
through the arterial system at relatively high pressures,
resulting in a net outward radial force. Moreover, flow
through arteries imposes a shear stress on the inner lining
of the artery wall. As a result of the lamellar composition
of the artery wall, all of these forces result in shearing
between the laminae in both the axial and circumferential
directions.

The pressurization of arteries in most cases results in
the most significant force acting on the artery wall. Pres-
sure in the aorta, the largest artery in the systemic circu-
lation, varies over the cardiac cycle from approximately
120 mm Hg (systolic) to 80 mm Hg (diastolic) in healthy
individuals. After distribution to distal tissues via the ar-
terial system, blood returns to the heart under low, rela-
tively steady pressures (approximately 20 mm Hg) via the
venous system. At the junction of the vena cava and the
right atrium of the heart, gauge pressure is near 0 mm Hg.
The pressure in the pulmonary artery, which carries blood
from the heart to the lungs, varies from 25 mm Hg (sys-
tolic) to 8 mm Hg (diastolic). Pulmonary capillary pressure
averages about 7 mm Hg.

A person is considered ‘‘hypertensive’’ when their dia-
stolic pressure increases to over 90 mm Hg and their sys-
tolic pressure increases to over 135 mm Hg. In severe
hypertension, average pressure can rise from 150 to
170 mm Hg, with diastolic pressures as high as 135 mm
Hg and systolic pressures as high as 250 mm Hg. Even
moderate elevation of arterial pressure leads to shortened
life expectancy. High blood pressure may induce an excess
workload on the heart that can lead to heart disease, ar-
terial rupture or cerebral infarct resulting in a stroke, or
multiple hemorrhages in the kidneys resulting in failure.

Some arteries are also subjected to additional, complex
loads associated with the deformation of adjacent tissues.
Perhaps the simplest example is the popliteal artery that
passes through the knee joint. Other arteries in the leg,
arm, and neck region also deform along with body move-
ments. The coronary arteries that supply the heart muscle
with blood undergo quite large deformations as the heart
muscle contracts, but the effects of these forces on arterial
function are not well understood.

4. ARTERIAL MECHANICAL PROPERTIES

The mechanical properties of arterial tissue are much dif-
ferent than those of most materials typically analyzed in
traditional engineering. Material properties are typically
described in the framework of a stress–strain relationship
specified by a constitutive equation. For a constitutive law
to be acceptable, it must be in agreement with physical
observations of the material, such as material frame in-
difference, conservation of angular momentum, conserva-
tion of the second law of thermodynamics, conservation of
mass, and the inherent assumptions of the continuum hy-
pothesis (1).

Stress is defined as the measure of force acting over an
oriented area. The fact that both the force and the area
have orientations gives rise to the tensorial nature of
stress. The use of deformed or undeformed area gives
rise to different definitions of stress (1). Similarly, strain is
also a tensor quantity defined as the change in length per
unit reference length. The reference length is preferably
the relaxed length, but deformed length is used in some
definitions of strain. For small deformations (much less
than 1%) encountered in most metals, the choice of refer-
ence length does not greatly affect the analysis. However,
for large deformations such as those encountered by ar-

Figure 1. Illustration of the multi-layer
structure of the artery wall (Masson Tri-
chrome staining). The intima (I) is the inner-
most layer that interfaces directly with blood
flow. The media (M) contains successive lay-
ers of elastin, collagen and smooth muscle.
The adventitia (A) is a collagenous outer coat-
ing.
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teries (up to 20%), the choice of reference length is crucial.
Stretch ratio, or the ratio of deformed to relaxed length, is
sometimes used in arterial mechanics as well. Both stress
and strain have so-called ‘‘normal’’ components in which
the force or change in length is in the same direction as
the normal to the surface, and ‘‘shear’’ components in
which the force or change in length is in the plane of the
surface.

The simplest constitutive relation applies to a linearly
elastic homogeneous isotropic material in which normal
stress is linearly proportional to normal strain, for exam-
ple,

si¼E el;

where E is a constant of proportionality known as
Young’s modulus. The complete description of such a sim-
ple material also includes Poisson’s ratio, n, which de-
scribes the degree to which a material gets thinner in the
lateral direction when stretched longitudinally.

The substances that constitute the artery wall cannot
be characterized as linearly elastic materials. One reason
is that blood vessels tend to stiffen as loads are increased
(Fig. 2). In the early stages of pressurization, a small in-
crease in pressure will yield a large increase in diameter.
However, at higher pressures, a further increase in pres-
sure will only slightly increase the vessel diameter (Fig.
3). Experiments by Roach and Burton (2) showed that
elastin is responsible for the loading behavior in the initial
part of the curve, whereas collagen is responsible for the
stiffening behavior. The combination of both constituents
in the arterial wall explains the nature of the resulting
curve. Another important difference is the relative mag-
nitudes of deformations experienced by soft tissues versus
metals. Soft tissues experience smaller loads and have
larger deformations than metals. Both the strain stiffen-
ing behavior and the relatively large deformations that
soft tissues experience give rise to the nonlinear character
of its constitutive law.

The most commonly used method for specifying the
mechanical properties of a vessel is the definition of a
strain energy density function (SEDF). Strain energy is
the potential energy stored in a material as it is deformed.

The SEDF describes where that energy is stored through-
out the volume of material. No consensus exists as to what
the constitutive relation should be in soft tissues. An in-
finite number of functions exist that can describe this re-
lationship. However, it is important to choose a function
that does not violate basic physical laws. Once this func-
tion is identified for a particular material, one must take
the derivative of the SEDF with respect to strain to cal-
culate stress.

The definition of the SEDF requires knowledge of the
behavior of the material under a variety of loading condi-
tions. For example, if the material is stiffer in one direction
than another, this anisotropy must be taken into account
when proposing a SEDF. As a result of the high water
content, it is commonly assumed that artery walls are in-
compressible. This behavior is taken into account in the
SEDF through the use of a Lagrange multiplier (1). The
nonlinear, strain-stiffening behavior described above is in-
cluded in the SEDF through the use of polynomial or ex-
ponential functions.

In the definition of an SEDF, it is crucial that the true
stress-free state of the artery be known. Most arteries
possess residual stresses that can be visualized by per-
forming a radial cut on a short, unloaded ring segment
(Fig. 4). As was shown in the early 1980s (3,4), the artery
will spring open, indicating the presence of residual
stress. The residual stress results in compressive stresses
near the inner wall of the artery and tensile stresses near
the outer wall (Fig. 5). In the loaded configuration, the
stress through the wall is more uniform. That is, the stress
at the inner wall is approximately equal to that at the
outer wall. Without residual stress, the stress at the inner
wall would be much higher than the stress at the outer
wall, which demonstrates that arteries adapt their config-
uration to account for stress concentrations. As the SEDF
describes where energy from elastic deformation is stored,
it is important to define strain with respect to the truly
relaxed configuration, which can only be done with knowl-
edge of residual stress.

Another issue of potential interest in analyzing vascu-
lar tissue is viscoelasticity. A viscoelastic material is de-
fined as having elastic solid and viscous fluid properties.
In the case of a viscoelastic solid, stress is a function of
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Figure 2. Stress–strain plots for a linear elastic material and the
material that makes up the artery wall. The artery wall material
stiffens with increasing load.
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Figure 3. Pressure–diameter plots for a tube made of a linear
elastic material and a typical artery. The artery wall stiffens at
higher pressures, providing protection against bursting.
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both strain and time. For example, when an ‘‘instanta-
neous load’’ is applied to vascular tissue, an instantaneous
deformation occurs followed by a delayed time dependent
deformation. Similarly, when the load is removed, an in-
stantaneous recovery (relaxation) occurs followed by a
time-dependent recovery. Hysteresis in experimentally de-
rived stress-strain curves is another sign of viscoelasticity.
For most applications, arteries are assumed to be purely
elastic, and only the loading part of the stress-strain curve
is applied. This concept is known as pseudoelasticity.

Finally, the assumption that a material is homogeneous
or heterogeneous exists. As the artery is a layered struc-
ture, it is clearly heterogeneous. However, many studies
consider the artery to be a homogeneous material (only
having one constituent and evenly distributed through-
out). This assumption simplifies numerical simulations
and is somewhat of a lumped model. There have also been
studies where the artery is considered homogeneous
within each layer, which also simplifies calculations (al-
though more complex than completely homogeneous) but

discontinuity in stresses result across the layers. Another
alternative is to consider a functionally graded material
with respect to its constituents (1). Finally, diseased ar-
teries have more heterogeneity induced by the presence of
atherosclerotic plaque, thrombi, necrotic tissue, and oth-
ers. Heterogeneity can be included in a SEDF by defining
different SEDFs for different domains of validity through
the artery wall.

Arteries from different parts of the vascular tree have
different mechanical behavior, thus we need to employ an
appropriate strain energy function for each artery. Most
SEDFs for arteries employ polynomial or exponential
forms to account for the strain stiffening behavior. A key
issue in specifying an SEDF is the number of material
parameters that must be identified from experimental
measurements. For an isotropic SEDF, one may have
only two or three material constants to determine, de-
pending on the order of the polynomial if that form is cho-
sen. It is more challenging to determine material
parameters for non-isotropic SEDFs, as more material pa-
rameters (five or more) must be specified.

5. FINITE ELEMENT MODELING

The finite element method (FEM) is particularly useful for
problems involving complex geometry, and has thus been
applied to numerous studies of the artery wall. This
method is a numerical method that provides an approxi-
mate solution to a boundary value problem defined by dif-
ferential equations. A boundary value problem with a
difficult, or intractable solution is discretized into ele-
ments whereby the simplified equations can be solved
with computational techniques. Loads are applied gradu-
ally over steps, with solutions from one step used as the
starting point for the next. The elements are the shapes
between nodes (point locations) over which the interpola-
tion functions are generated. The fundamental feature of
FEM is that the deformation/value of an unprescribed
variable is restricted to one that can be given by a spatial
interpolation between nodal values.

State variables such as displacement or temperature
are either known or prescribed at certain locations within
some of the elements. From these locations, the interpo-
lating functions allow one to know the value of these state
variables throughout an element. From these values and
functions, the values for other elements are subsequently

�
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Figure 4. Illustration of the process that re-
veals residual stress in the artery wall. Under
the loaded condition (a), the artery is sub-
jected to pressurization, and tension in the
axial direction. In the unloaded configuration
(b), these externally applied forces are re-
moved. Cutting the artery radially (c) reveals
the presence of residual stresses, which cause
the artery to open up. The opening angle a
indicates the amount of residual stress.
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Figure 5. Illustration of stress versus radial position in the un-
loaded configuration (Fig. 4b). Bending the artery from the stress-
free state (Fig. 4c) to the unloaded state creates compressive
circumferential stress near the inner wall and tensile circumfer-
ential stress near the outer wall. In the loaded configuration, the
stresses are nearly equal at the inner and outer walls because of
these residual stresses.
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determined. Typical interpolating functions include linear
and quadratic functions, cubic splines, and others.

To calculate the displacement field of a boundary value
problem, the deformation is restricted to that given by our
interpolating functions and apply boundary conditions so
that the solution is unique. Then a virtual displacement
field or a variation of the real displacement field of the
same form is assumed. From this virtual displacement, a
virtual strain is defined, and therefore a virtual strain
energy. The latter is equated to the external virtual work
and subsequently yields and expression KX¼F, where F
is the applied load vector, K is the stiffness matrix, and X
is the real displacement vector. Then, X is solved for by
inverting the K matrix.

Once a solution is obtained, mesh refinement must be
performed in order to determine the accuracy of the solu-
tion. In FEM, the solution is strongly dependent on the
number of degrees of freedom or how many elements are
used to approximate the true geometry. A rule of thumb is
doubling the mesh density in every dimension until the
differences between resulting quantities of interest are
within prescribed accuracy tolerances. It is important to
compare solutions with other known analytic solutions or
approximations, if they exist, to ensure that the BVP was
properly defined and solved. As a result of the solver
working to minimize the error in the approximation of
the state variable, greater errors will occur in the calcu-
lations of quantities derived from the state variables as
error is compounded by the calculations. This error
change is not necessarily linear, as material behavior
equations can specify stress as a nonlinear function of de-
formation/strain. For details on implementing the finite
element method, Reddy’s text provides a starting point/
systematic method and references to more detailed works
for dealing with the special characteristics of nonlinear
materials (5).

Common software programs used in finite element
modeling are numerous, but for vascular mechanics the
simplified programs that use only linear elastic/small de-
formation theory are, in most cases, inadequate for cap-
turing the full physics of the material behavior. Also of
note, is that complex geometries (such as deployed intra-
vascular stents) stretch the functionality of most pro-
grams, and can be generated using other software
packages before being converted for use in the solver.
For instance, Patran was used by Delfino for the creation
of his carotid artery model, but the Abaqus solver was
used because of its capabilities in handling large defor-
mations (6).

6. APPLICATIONS OF FINITE ELEMENT MODELING

The finite element method has been applied to estimate
stresses in a variety of arterial geometries. Studies of
healthy artery geometries have aided in the understand-
ing of vascular development and remodeling, as well as
the development of disease. Diseased arteries have also
been modeled to provide clinicians with useful information
to guide treatment options. The interactions of treatment

devices and strategies with the artery wall have also been
studied to aid the device design process.

Early finite element models of arteries were con-
structed by Thubrikar’s group (7) using shell elements.
The work of Delfino et al. (6) focused on the carotid bifur-
cation and employed 3-D elements. They showed that the
incorporation of residual stress generated a fairly uniform
stress distribution through the thickness of the wall, ex-
cept at the lateral wall of the carotid sinus. At this loca-
tion, the inner wall stress was approximately four times
the outer wall stress, which is also the location of greatest
intimal thickening, an indication of early atherosclerosis
development. In a later study (8), it was found that the
inclusion of non-homogeneity did not have a large effect on
the results.

The finite element method has also been employed to
predict stresses in the walls of both cerebral and aortic
aneurysms. Aneurysms are local enlargements in the ar-
tery wall that are at risk of rupture, often a fatal event. In
the aorta, aneurysms typically form distal to the renal ar-
teries (Fig. 6). The ability to predict rupture using finite
element methods would be of great benefit to clinicians,
who must weight the risk of rupture versus the risks as-
sociated with surgical treatment.

Seshaiyer and Humphrey (9) modeled cerebral aneu-
rysms with and without obstacles to the growth of the an-
eurysm. These obstacles often result in symptomatic
aneurysms; the question was whether these were more
likely to rupture than asymptomatic aneurysms. From
their results, it would appear that contact may be protec-
tive, and symptomatic aneurysms are actually less likely
to rupture, with the exception of those in contact with
small objects acting as near point loads. However, their
study was restricted to contact that preserved axisymme-
try and the contacting object was treated as rigid. The
prior study of Kyriacou and Humphrey (10) analyzed the
decision point associated with operations and looked at
the influence of size, shape, and properties on the me-
chanics of an axisymmetric aneurysm. That FEM study
found that multiaxial estimation of stress was preferred to
maximum normal stress because it predicted failure at
areas of common rupture near the base of aneurysm, or
fundus. Also of note is the growth and remodeling that the
aneurysms can undergo, which can increase or decrease
the likelihood of rupture.

Abdominal aortic aneurysms (AAA) have also been
studied with the finite element method to estimate stress
levels and the likelihood of rupture/need for surgery. Work
by Fillinger et al. (11) focused on the decision threshold
criteria for operating on AAAs. Their analysis used CT
scans of the patient (obtained through routine care), as the
foundation of the geometry. The geometry was meshed
using a combination of automated and manual techniques,
which was time-and labor-intensive, but provided a more
realistic geometry than an idealized model. A uniform wall
thickness was assumed, on the basis of an average dimen-
sion from another study. The material properties used in
the FEM were also the product of a separate study. Their
work indicated that rupture likelihood of AAA is depen-
dent on shape of the aneurysm and not only its size. The
finite element method could be used to analyze each indi-
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vidual case and rate the need for surgery more accurately
than the usage of previously described clinical parame-
ters. The work of Wang et al. (12) in applying FEM to the
problem of AAAs illustrated the importance of intralumi-
nal thrombus, a collection of fibrin and other materials lo-
cated between blood flow and the vessel wall. Their limited
study highlighted a protective effect of intraluminal
thrombus, in that it reduces stress on the vessel wall.
Raghavan et al. (13) found the highest stresses generally
localized to the posterior wall of AAA, where 82% of rup-
tures occur.

The study of aneurysms and their likelihood of failure
has been advanced through the application of FEM. How-
ever, problems remain to be addressed to increase its ac-
curacy and usefulness. The analysis of idealized geometry
has provided the insight that max dimension is not the
most accurate predictor of failure and a more detailed pa-
tient specific analysis would be helpful. The problems pre-
venting using this more detailed analysis include
difficultly in getting patient-specific material properties
as the tissue cannot be removed without surgery, unclear
material failure criteria, technical issues with applying
FEM, and speed constraints preventing quickly convert-
ing patient specific geometry into FEM results.

The modeling of arteries that have been treated for
disease conditions is also a rich area for exploration with
finite element methods. In the case of occlusive athero-
sclerotic disease, catheter-based therapies such as balloon
angioplasty may be employed with or without a stent. An-
gioplasty involves deploying a thin catheter via a femoral
artery approach to the diseased artery, and inflating a
balloon to spread open the blockage, which in most cases is
not sufficient because the artery has not been perma-

nently deformed because of its high degree of elasticity.
Clinicians often supplement this procedure with the place-
ment of a stent, or an expandable metallic tube that props
open the artery. Stents may be expanded by the balloon, or
they may be elastically crimped into a constraining cath-
eter until deployment (self-expanding stent.) In either
case, the artery reacts strongly to the presence of a for-
eign object, as well as the high stresses imposed by the
stent struts. The reaction includes the buildup of addi-
tional tissue that may block the artery again, a process
called restenosis. Bare-metal stents suffer from restenosis
rates of 20% and higher. Recently, stents have been coated
with drugs that attempt to minimize the reaction of the
artery wall. Early results have shown restenosis rates of
around 10%.

The risk of restenosis depends on stent design, sug-
gesting that the stresses imposed on the artery wall are
important in determining the artery’s reaction. Finite el-
ement studies of the stent and artery wall coupled system
are difficult to perform. In addition to the factors listed
above, the contact mechanics between the artery wall and
the stent must be accounted for. The elastic nature of the
stent precludes imposing simple boundary conditions, as
the deformation of both elastic bodies must be included.
Berry et al. (14) used a linear elastic contact model to an-
alyze the potential benefits of transitioning the compli-
ance of the stent at the ends, and found that artery wall
stress could be minimized. Stadler and Holzapfel (15)
modeled several different commercially available stents,
and found a high degree of sensitivity to stent design in
the patterns of wall stress. As these modeling capabilities
increase in sophistication, tools for improving stent design
will yield clinically useful results.

Figure 6. Magnetic Resonance Imaging an-
giogram of an abdominal aortic aneurysm
that has formed between the renal arteries
and the aortic bifurcation. Aneurysms are at
risk of rupturing, often a fatal event. Mechan-
ical studies of these structures can help cli-
nicians predict the risk of rupture.
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1. INTRODUCTION

From the medical perspective, a ‘‘flap’’ may be defined as a
piece of tissue with an inherent vascular network that
sustains it independently. Susrutha in the sixth century
B.C. first described the use of the forehead and cheek flaps
for nasal reconstruction, but in the ensuing dark ages, the
art and science of reconstruction was lost (1). It was not
until the renaissance period in Italy that reconstructive
surgeons such as Tagliacozzi introduced a variety of local
flap procedures for nasal reconstruction (2). A few hun-
dred years later in the nineteenth century, Ollier,
Thiersch, and Wolfe introduced skin grafting as a means
of wound closure (3), but achieving bulk and contour
match was still a way off.

During the First and Second World Wars, increasing
numbers of soft tissue trauma with the need to achieve
quick wound closure resulted in an increasing demand for
reconstructive surgeons. One pioneering surgeon was Sir
Harold Gilles, who contributed extensively during the
First World War. After the Second World War, the intro-
duction of the operating microscope and microsurgical in-
struments sparked the beginning of the microsurgical era.
Buncke in the 1950s led the surgical revolution, making it
possible to create microvascular anastomoses for the re-
plantation of digits and setting the foundation for free tis-
sue transfer. In 1969, he and McLean performed the first
microvascular tissue transplant by using omentum to
close a scalp defect (4). He has since been known as the
‘‘father of microsurgery.’’

Since then, a compendium of reconstructive options
ranging from primary closure to free flaps has been for-
mulated and become known as the ‘‘reconstructive ladder.’’
It is a hierarchial system of choosing the method of skin
cover beginning with the simplest and gradually working
one’s way up the ladder in case of failure. The concept of an
angiosome (5), an area of tissue supplied by an individual
vascular pedicle, in 1987 by Taylor and Palmer has further
altered practice. Flaps based on such vessels are termed
axial pattern flaps like the deltopectoral flap. Its advan-
tage over the older flaps is that its dimensions are larger,
with length to width ratios of 1:3. The more recent intro-
duction of perforator flaps is proving to improve on this
principle (6).

In the twenty-first century, with the increasing demand
for quality wound closure, maximal aesthetics with min-
imum morbidity, the concept of the ‘‘reconstructive eleva-
tor’’ (7) is more applicable. Unlike the reconstructive
ladder, here the best option is chosen initially and, in
many cases, it is free flap transfer. These flaps are now
being prefabricated prior to surgery to become more case-
specific (8). Is tissue engineering then the next step in the
evolution of flaps?

7.5 million patients per year in the United States rely
on tissue-engineered implants (9). Current technology
limits the survival of these implants as they depend ini-
tially on diffusion and in the later stages on neovasculari-
sation. Overdependence on the former limits the thickness
of these implants whereas depending on neovascularisat-
ion per se may cause excessive fibrovascular ingrowth and
hence scarring. No tissue-engineered constructs are pres-
ently available that have an inherent vasculature ready to
be connected to the host vascular system, which repre-
sents a major limitation as the driving force of tissue en-
gineering is vascularity. Although attempts to develop
small-diameter vascular grafts have been successful in vi-
tro (10,11), it remains to be seen through clinical studies
whether they are reliable enough to sustain flow in vivo
(12–14). Even so, they are limited by the absence of a vi-
able capillary network for nutrient exchange. This miss-
ing link represents the bridge between the host and the
tissue-engineered implant. Moreover, it must be remem-
bered that artificial vascular networks have more far-
ranging implications than merely as artificial flaps with
uses in artificial lungs and dialysis machines as well.

2. THE BIOLOGY OF VASCULAR NETWORKS

Vascular networks here refer to the entire microvascular
system from small arteries, arterioles, and even venules to
the most basic unit of the circulation, capillaries. In this
section, the authors shall begin by first studying how the
circulatory system came into being and follow that up by
describing both its anatomy and physiology.

2.1. Embryology

The vascular system is of mesodermal origin. Angiogenic
cell lines form clusters of cells that coalesce together to
form solid tubes that eventually canalize to form blood
vessels (15). The outer ring consists of angioblasts that
form the vessel walls. The subsequent differentiation of
these precursor angioblasts into endothelial cells (ECs)
and the de novo formation of a vascular network is termed
‘‘vasculogenesis’’ (16). These vessels are capillary-like to
begin with and eventually differentiate into either arteries
or veins (17). The creation of this framework depends on
guidance molecules within the matrix such as ephrins at
the arterio-venous interface (18) and reversion-inducing
cysteine-rich (RECK) protein for paracellular proteolysis
(19).

Once the skeletal framework is in place, the vascular
network remodels itself by arteriogenesis and angiogene-
sis. Arteriogenesis is the opening up and enlargement of
existing collaterals (collateral enlargement) as well as the
formation of new vessels from the existing vessels (arte-
rialization) (20), which is mediated by monocytes and en-
dothelial progenitor cells (EPCs), as shown in Fig. 1 (21),
and is a mechanism that is dependent on changes in shear
stress. Studies have shown that turbulent flow at low flow
rates of 1.5 dynes/cm2 itself activates ECs whereas normal
laminar shear stress of 8–15 dynes/cm2 does not (22).
Thus, turbulence is the trigger. Collateral recruitment oc-
curs within a week with ‘‘pruning’’ of unwanted vessels by
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three weeks (23). Angiogenesis is the coordinated migra-
tion and proliferation of ECs and pericytes from the ex-
isting vascular bed (24) and their subsequent maturation
and stabilization by enveloping smooth muscle cells
(SMCs) (25). Stimulated by hypoxia, these vessels prolif-
erate by either capillary sprouting (20) or intussusception
(26) particularly into venules. Until recently, it was
thought that vasculogenesis was a purely embryological
phenomenon, but the discovery of migrating dedifferenti-
ated EPCs within the vascular tree to form tubules and
inducing vascularization has been termed post-natal va-
sculogenesis (27). In truth, these processes occur concur-
rently and represent a continuum of events during vessel
formation. Here, the authors attempt to give a sense of
direction to the different tissue engineering approaches,
by creating an overview of the final destination, the inde-
pendently vascularized tissue or flap.

2.2. Microvascular Anatomy

The vascular network may be classified into incoming and
outgoing vessels. Incoming or feeding vessels consists of
arteries and arterioles configured in the form of arcades,
plexuses, collaterals, and branched vessels whereas both
veins and venules form the outgoing collecting system.
The distribution of one vascular network over the other
varies from organ to organ. For example, the arteriolar
networks predominate in the heart and skeletal muscles
whereas the lungs and the retina are devoid of any such
network (28). Both arterial networks and venular net-
works may be interconnected indirectly by arcades or di-
rectly by meta-arterioles, as shown below in Fig. 2 (28).

Depending on the manner of branching within a net-
work, numerous classifications have developed to best de-
pict microvascular configuration. A commonly used
system is one adapted from the geologist Strahler, whose
classification is based on the ratio of branching (RB) from
the highest-order feeder arteries to the lowest-order cap-
illaries (29), a value that is in the range of 2.5 to 3.5. The
Strahler scheme has been found to reflect the branching
order of vascular networks for individual organs accu-
rately. This scheme has also been extended to describe the
branching ratios of the average diameters and lengths of
microvessels (30). An alternative classification is that of
Chen and Prewitt, wherein microvascular networks are
classed based on their 3-D spatial orientation and polar-
ization (31).

The most basic entity of vascular networks is the cap-
illary, minute vessels of the order of 15 to 20 mm in diam-
eter with a very thin wall consisting of a single endothelial
cell layer placed between the arteriolar and venular net-
works with the largest cross-sectional area available for
nutrient exchange in the microvascular environment. The
types of molecular transport allowed would further de-
pend on whether these capillaries had tight junctions or
were fenestrated.

2.3. Microvascular Physiology

Although the major arterial system serves to mass trans-
port blood around the body, the microvasculature serves to
distribute blood efficiently. They divide into numerous
smaller branches over a given volume of tissue, thus max-
imizing the available area for nutrient exchange. In this
microenvironment, stasis of flow is prevented by the
‘‘parachuting’’ phenomenon, repulsive charges between
blood cells and vessel wall as well as the thin glycocalyx
film on the endothelial layer (32).

As blood slows down in the meta-arterioles, intra-vas-
cular transit time increases. As this process occurs, nutri-
ent exchange shifts from flow-limited to diffusion-limited
exchange within the capillaries. Diffusion is dependent on
the concentration gradient (C), permeability (P), and sur-
face area (A) as represented below.

D¼ � P:S:C: ð1Þ

The permeability of the membrane (P), in turn, depends
on effective pore area (A) and pore length (l). In reality,
capillary exchange is a mixture of diffusion- and flow-lim-
ited exchange with the latter being important for the
transfer of water-soluble molecules and the former for
gas transport.

Plasma is a two-phase fluid consisting of solvent and
solute phases. Although solvents pass unimpeded into the
ECM, solutes are transported by means of convection
(bulk transport) and diffusion (33), represented by the for-
mula

Solute flow¼ convective flowþdiffusion: ð2Þ

Solute efflux is dependent on the rate of solvent transfer
within the medium. Solutes like glucose are transported
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Figure 1. The series of events illustrating the dual nature of
vessel development: angiogenesis and arteriogenesis (21).
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via convection with water (solvent), whereas gaseous ex-
change is based on Krogh’s diffusion model.

This process is augmented by the 5 mmHg suction ef-
fect of ECM on the capillaries. Hydraulic conductivity of
ECM refers to the ease with which fluids are transported
across it. It is proportional to the hydraulic radius of the
gel, the ratio of its porosity to net surface area of the
GAGs.

Hydraulic conductivity a
Porosity or voids ðeÞ

Surface area of the GAGs ðSÞ
:

ð3Þ

The suction effect (interstitial conductivity) of ECM is
proportional to its hydration and is usually in the range of
10� 10 to 10� 13 cm3/s per dyne. This force is balanced by
the intrinsic hydraulic resistivity of the endothelial cells
lining the microvessels, which studies have shown to be in
the vicinity of 10� 8 cm3/s per dyne (34). In summary, nu-
trient exchange depends on the balance between hydro-
static, osmotic, and interstitial pressure (32).

The flow and, hence, pressure within the vascular net-
work is regulated by smooth muscle cells (SMCs), which
dilate and contract in response to stress-induced nitric
oxide, prostaglandins, epinephrines, norepinephrines, ox-
ygen, pH, and so on. In accordance with Pouseille’s Law,
this myogenic contractile response should allow for a lin-
ear relationship between the pressures along its length,
but in the microcirculation, this relationship is nonlinear
as vasoregulation also depends on red blood cell (RBC)
deformability and microvessel distensibility (28).

Distensibility in the microvascular environment, un-
like at higher pressures, is more dependent on pressure,
ranging from 103 dyn/cm2 for venules to 105 dyn/cm2 for
arterioles, whereas the effect of shear stress (50 to
100 dyn/cm2) is minimal (35), which is mirrored by the
‘‘waterfall’’ effect, pressure dependence on arteriolar flow.
Therefore, passive arteriolar distension within the system
depends on two factors: (1) transmural pressure and (2)
external stress applied on the microvessels. The latter is
important as it defines the shape of arteriolar lumen and
thus affects pressure distribution across its walls. The

luminal shape of arterioles is also determined by its lining
endothelial cells, which would alter luminal shape if cy-
toplasmic processes were to protrude into the lumen or
SMCs contract within the tunica media.

Given that pressure in the in vivo setting is pulsatile,
distensibility of these microvessels then becomes time-de-
pendent as does RBC deformation and external compres-
sion. In addition, as the entire network is interconnected
from arterioles to venules, an asynchrony exists between
both sides that is determined by the viscosity of blood and
the elastic recoil of the arterioles, which results in a sig-
nificant mechanical hysteresis loop that, in turn, depends
on the pulse rate (36).

Apart from vessel characteristics of microvasculature,
blood flow within vascular networks is also determined by
plasma viscosity, but unlike simple fluids, blood tends to
follow nonNewtonian laws because the RBCs in blood tend
to deform (parachuting) and aggregate, which preserves
blood flow within vascular networks as increased intralu-
minal pressure increases both blood flow and apparent
viscosity (due to the RBCs), an effect that balances itself to
preserve the internal milieu of the network (28). When
dealing with blood flow within the capillary network, the
resistance to blood flow is elevated due to the passage of
the larger and stiffer leucocytes (WBCs) as well as RBCs
through the system (37). In this case, the WBCs being the
larger of the two occupy the central flow axis thereby
pushing the RBCs to the periphery and in contact with the
lumen (38), which significantly increases luminal resis-
tance to flow and is superadded by the presence of glyco-
calyx on the microvascular endothelium (39).

It is evident that the potential resistance to blood flow
through a vascular network is enormous. How does the
body cope with this? The answer lies in decreasing the
hematocrit of the microcirculation, which is possible by (1)
the radial migration of RBCs (Fahraeus–Lindqvuist effect)
and (2) blood separation at the microvascular bifurcations
(40). In the case of the arteriolar bifurcations, the cells
tend to occupy the central flow axis in a parabolic profile
resulting in lower hematocrit values at the luminal wall.
On reaching a branching system, the blood cells follow the
larger daughter vessel due to the shear stresses and the

Arcade venules
Arcade arterioles

0.2 mm

Figure 2. A magnified image of a vascular net-
work showing its interconnecting arcades (re-
printed with permission from Ref. 28).
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pressure drop caused by the faster flow through it (41)
thereby ensuring the progressively smaller diameter
branches have lower hematocrit values and eventually
helps reduce capillary hematocrit to near-zero values.
However, WBCs are more susceptible to being trapped
within the microvasculature because of their size and in-
flexibility especially when activated following inflamma-
tion (42).

3. MICROVASCULAR TISSUE ENGINEERING

Vascularizing artificial tissue or flaps depends on the tem-
poral viability of the component cells, the rate of ne-
ovascularization, and the intrinsic vascular network
within the flap. The relationship between these three fac-
tors is shown in Fig. 3 below (21). Shifting the tissue vi-
ability curve to the right as well as both angiogenesis and
arteriogenesis curves (43) to the left on a temporal scale
would ultimately allow the survival of the tissue con-
struct. Ideally, the tissue should be more robust as func-
tional vascularization should occur earlier. In order to
achieve this, one should create both microvascular and
capillary circulation. The maximum diameter for a micro-
vessel would be around 1 mm, whereas capillaries are
usually 7 to 10 mm in diameter, which would need to be
within 150 to 200mm of its target cells (44). In this section,
the authors shall first focus on the current attempts by
biomedical engineers to construct the microvascular cir-
culation of small arteries and arterioles followed by the
effect of angiogenic factors in inducing capillary develop-
ment (angiogenesis) in the next section.

3.1. Microvascular Grafts

The question to ask is what grafts to use and how to con-
figure them in order to achieve this application. The ideal
low-flow microvascular graft should have the following
characteristics: namely biocompatibility, nonthrombogeni-
city, availability, suturable, sterilizable, and cheap with
similar visco-elasticity to nature’s vessels. Although re-
sults with polytetrafluoroethylene (PTFE) and DacronTM

are satisfactory in larger vessels, patency is far lower in

grafts 6 mm or smaller (45–47). In vivo studies have shown
a 20–25% patency rate with PTFE microvessels (o1 mm)
whereas all vein grafts in similar settings remained pat-
ented (48,49). As such, autologous vein grafts remain the
gold standard for microvascular repairs. These autologous
grafts are compliant and biocompatible. However donor-
site morbidity and the need for an additional surgery lim-
its its potential. Furthermore, as flaps would require an
inherent vascular network, vein grafts per se are not suit-
able as it is technically impossible to dissect out the cap-
illary bed in its entirety. Hence, alternatives have been
identified.

Microvascular grafts can be constructed by using (1)
newer biomaterials, (2) coating its lumen with heparin or
endothelial cells, and (3) constructing completely biologi-
cal grafts in vitro prior to re-implantation (50). Apart from
DacronTM and PTFE, newer polymers like poly(carbonate-
urea)urethane/CPU (51,52) are entering the fray with
promising results being shown on canine aorto-iliac ves-
sels (53). Biodegradable polymers like PLA and PDS are
also being tried as templates for the formation of micro-
vessels, but balancing the rate of degradation against tis-
sue ingrowth poses a challenge. The latter is dependent on
pore size as pores greater than a ‘‘critical size’’ would allow
the graft to be vascularised in vivo whereas smaller pores
would elicit an inflammatory reaction (54) with potentially
devastating consequences in the microcirculation. Tissue
engineers have emphasized that this ‘‘critical pore size’’
varies with the polymer chains themselves (55). In order
to achieve this balance, varying proportions of polymers
are mixed but its characteristics may change once in vivo
(56). Preliminary reports on synthetic protein-based poly-
mers cross linked by g-irradiation suggest that it has sim-
ilar elasticity to arteries with a controllable rate of
degradation (57) thereby allowing local tissue infiltration
and integration.

At a more microscopic level, the advent of microfabri-
cation technology has now made it possible to fabricate
microvascular molds using a combination of replica-mold-
ing and micromachining (58) and opens up the possibility
of constructing an all-synthetic vascular network. How-
ever, this method would again be limited by poor patency
of current materials because of either increased
thrombogenicity or compliance mismatch.

Luminal modification of microvessels could reduce
thrombogenicity in these low-flow states (59). By modify-
ing its physical or chemical characteristics using irradia-
tion, presealing, and antiplatelet/anticoagulant/growth
factor incorporation (60,61), one could hope to emulate
some functions of endothelial cells (ECs) (44). However, no
substitute exists for endothelialization of microvessels
(62,63). At higher flow rates, randomized clinical trials
on endothelialized and nonendothelialized 6-mm diameter
PTFE vascular grafts have shown a 7-year primary pa-
tency rate of 73.8% for the endothelialized grafts versus
0% for nonendothelialized grafts, results that are compa-
rable with vein grafts (64). This fact underlines the im-
portance of endothelialization of vascular grafts. Other
studies on microvessels have shown that lining its lumen
with keratinocytes and even lymphocyte cell lines would
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Microvessel

network
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Figure 3. The triad of tissue vascularization (21).
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result in confluent endothelialization in a matter of weeks
(12).

Tissue-engineered grafts could be completely biological
or a hybrid of synthetic and biological materials (11). Syn-
thetic materials currently being studied for use in hybrid
grafts are biodegradable polymers such as poly-glycolic
acid (PGA), poly-lactic acid (PLA), poly-hydroxyalkanoate
(PHA), and elastic polymers like poly-(GVGVP) (65). In
the case of hybrid systems, endothelial or smooth muscle
cells can attach themselves to the scaffold via integrins or
cell adhesion peptide sequences such as the arginine-
glycine-aspartate (RGD) sequence (66,67). A modification
of this system is the fibronection (Fn)-like engineered pro-
tein polymer (FEPP), which contains multiple RGD se-
quences. These motifs have been shown to achieve
significantly improved endothelialization (82%) on syn-
thetic grafts in pulsatile flow within 2 hours (68,69). Such
bioactive scaffolds have also been infused with growth fac-
tors to promote neovascularization. In one study, polyure-
thane aortic grafts embedded with vascular endothelial
growth factors (VEGF) showed a dramatic increase in the
number of microvascular ingrowths (70). Other research-
ers have managed to develop multi-layered tissue-engi-
neered vascular grafts with each constituent layer seeded
and cultured separately (71), but long-term patency stud-
ies are not yet available.

Another method would be to place an acellularized ves-
sel into a conducive in vitro or in vivo environment and
allow the growth of incoming smooth muscle cells (SMCs)
and fibroblasts (Fb) into the existing biological scaffold
(72). This concept of allowing the host tissue to react with
the graft initially is termed the Vroman effect. Using en-
zymatic degradation, certain groups have managed to dec-
ellularize porcine aortic tissue and seed them with human
ECs. In vitro analysis showed good physical qualities of
the grafts with high burst strengths (73). As they are
acellular, the question of immunological rejection should
not arise, which makes it possible to use acellular xeno-
grafts as modular components to form the endothelium or
tunica media (74). Unfortunately, in vivo results thus far
have proved disappointing with acute graft rejection pos-
ing a big problem (47,75).

Entire vessels can also be developed in vitro using co-
cultures of ECs and SMCs. Co-cultures of ECs and SMCs
were passed through polypropylene capillaries at 3 dynes/
cm2 laminar shear stress. They found that ECs lined the
lumen of these tubes whereas SMCs managed to migrate
outside the capillaries (pore size 0.5mm, width 150 mm) to
form a two separate monolayers as in normal vessels (76).
Others have created biological vascular grafts by forming
sheets of ECs, SMCs, and Fb, which were then rolled into
tubes wrapped around one another to form a triple-lay-
ered artificial vessel mimicking an artery. Its component
cells were viable and showed excellent composite
strengths (77).

Recently, an in vitro microvascular model using thin
strands of nylon was used as a template onto which SMCs
in a culture medium could attach. After a week, this
strand was physically removed and the grafts were per-
fused in a pulsatile flow chamber mimicking the arterial
system (Fig. 4) (21). After 28 days in culture, these vessels

were shown to have 30 to 40 layers of SMCs evenly dis-
tributed throughout the lumen and strong enough to with-
stand its own weight. Nonabsorbable nylon was preferred
to absorbable cellulose because the constructs based on
cellulose had irregular or uneven luminal surfaces (54).
This model has the potential to form microvessels in vitro
that could then be transplanted into living tissue. Further
results using ECs in a similar model are currently being
awaited (78).

3.2. Vessel Configuration

According to Krogh’s principle, the limiting factor in me-
tabolite exchange is the extra-vascular distance needed to
be traversed. The physiological response is to pair up the
arteriolar and venular components together. Between
them, numerous small capillaries run across tissue at a
density of 1300 per mm2 with an intercapillary distance of
34 mm to form a rich perfusing network, which is well
within the maximum diffusing distance of oxygen, glucose,
carbon dioxide, and other waste metabolites (32). In stud-
ies on rat mesentery, it was found that arterioles and ve-
nules traveling together formed a counter-current system
responsible for auto-regulation and improved nutrient ex-
change (79). Therefore, arteries and veins should be
paired for greater efficacy.

A study of the temporal relationship of prefabricated
flaps was performed by inserting a flap of tissue under rat
abdominal skin. The femoral arterio-venous pedicles in-
duced flap neovascularization as early as two weeks post-
surgery, but it took up to eight weeks for the vascular
pedicle to sustain the flap alone (80). However, in a similar
study, the flap was found to survive after its pedicle was
divided in three to four weeks (81). Other studies on hy-
brid flaps have also shown that the pedicle can be divided
by four weeks, provided a highly porous biomaterial like

SM cell culture

Perfusate

Nylon thread

SMC

Day 1

Day 7

Nylon
thread

Medium

Figure 4. A viable microvessel perfusion system based on EC
and SMC co-cultures (21).
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polyethylene is used in conjunction with living tissue
(82,83).

Which is the most effective configuration, loop, ligated
bundles, or flow-through vascular pedicles? Several stud-
ies to date have attempted to study how best to initiate
and sustain tissue perfusion and neovascularization in an
artificial matrix. In one study, collagen I dermal implants
were placed in a rat groin model and then divided into four
groups. In the first group, the implant was placed on a
recipient bed with no vascular pedicle. In the second
group, a vascular loop formed of an arterial or venous
graft was employed. In the third group, an arteriovenous
(AV) bundle ligated at one end was embedded within the
matrix. Lastly, in the fourth group, an AV flow-through
graft was placed across the matrix (Fig. 5) (21). Four
weeks after surgery, the matrices were sectioned and
stained. Matrices from group two showed the greatest in-
crease in volume with flow rates of up to 20 times normal.
However, compared with the third group, it had less tissue
organization. AV ligation (group three) showed the dens-
est vascularity and maximal tissue regeneration with pre-
dominant sprouting from the venous end. It was thus
concluded that an AV loop quantitatively increased capil-
lary and new tissue formation, the ligated bundle config-
uration ensures better organization of these tissues (84).

4. ANGIOGENESIS

With the progressive branching of the microvascular net-
work, the ability to fabricate artificial vessels becomes in-
creasingly difficult and at the capillary level, near
impossible. Therefore, research at this level has tended
to induce capillary formation to and from the larger feeder
vessels in order to allow for better cellular perfusion. This
process may be classified into inosculation, wherein these
vessels grow from vascular network into the matrix and

angioinduction, which refers to the coaxing host va-
sculature to connect to the vascular network.

4.1. Inosculation

The presence of an inbuilt microvascular network itself
within a matrix is insufficient unless the intra- and peri-
vascular regions are seeded with ECs, SMCs, and Fb. Al-
though mature cells like ECs are responsible for angio-
genesis, circulating hematopoietic stem cells called
endothelial progenitor cells (EPCs) are capable of stimu-
lating the formation of a vascular network (postnatal va-
sculogenesis) (85). Its sources are the bone marrow,
mononuclear cells, and the vessel wall per se. These cells
can be harvested by either enrichment or ex vivo cultures
(86). Once these cells are injected into the circulation,
EPCs hone in on sites of neovascularization (therapeutic
vasculogenesis) (87). It would be fascinating to study the
effect of such EPCs on microvascular models.

The process of building a vascularized construct begins
with the extraction of cells. ECs are sourced from arteries,
veins, omentum, and subcutaneous fat (88). Using enzy-
matic degradation techniques, ECs are harvested from
vein grafts and cultured for 5 to 6 weeks. Alternatively,
ECs may also be harvested from fat. The fat is minced,
enzymatically digested, centrifuged, and extracted using
magnetic beads (88). The other cells are extracted along
similar lines. A novel method of obtaining ECs, SMCs, and
Fb has been to obtain it at the time of the same vein biopsy
(89).

The next step is in vitro culturing of cells like quail
blastodiscs, murine embryonic stem cells, human umbili-
cal vein cells (HUVECs), and human pulmonary micro-
vascular endothelial cells (HPMECs) on collagen, fibrin,
gelatin, or methylcellulose matrices. These cultures grew
capillary-like tubes (CLTs) that may be controlled by al-
tering the growth factor gradient or biomechanical tension
across the gel (90). While in culture, tissues can be genet-
ically modified by transfecting them with viral vectors like
the adeno-associated virus (AAVs). However, overexpres-
sion and carcinogenicity pose a problem. Alternatively,
cells like SMCs could be transduced with multiple genes
and then be allowed to repopulate the microenvironment
(transgenesis). These cells are harvested from tissue en-
zymatically and cultured serially until its differential cell
adhesion molecules are removed. The cells are then mag-
netically extracted and incubated with high-titre retrovi-
ral supernatants. 99% of these cells were transfected with
the genes (91).

Prior to in vivo implantation, these cells would need to
be seeded unto scaffolds. The seeding density would de-
pend on the scaffold material, its porosity, and the method
of cell inoculation. The standard mode of allowing cell at-
tachment is to culture cells onto the polymer with or with-
out adhesion molecules. A disadvantage is that cells tend
to adhere only to the outer layers of the scaffold. In order
to achieve more homogenous implantation throughout a 3-
D scaffold, other methods like the ‘‘drop on’’ and low-pres-
sure centrifugation techniques, where cells are systemat-
ically seeded mechanically onto a scaffold, are being used
(92).

III

III IV

Control Arterio-venous loop

V A

Arterio-venous
ligated bundle

Arterio-venous
flow-through

V A

Figure 5. The effect of vessel configuration on tissue vascular-
ization. Group I—control (acellular dermis); Group II—Arterio-
venous loop embedded in the matrix; Group III—Arterio-venous
bundle ligated within the matrix; Group IV—flow-through graft
(21).
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Tissue engineers have developed an in vitro model of
vascular stroma with ECs and stromal cells incorporated
within its matrix (93). Human adipose stromal cells placed
within microcarriers and co-cultured with human umbil-
ical vein endothelial cells (HUVECs) were grown in a se-
rum-free static culture model with the addition of
angiogenic factors. By day 16, stable CLTs with patent lu-
mens were formed. Larger loops coalesced as smaller ones
regressed, similar to the pruning phenomenon that is ob-
served during embryological development of the vascular
system. In vitro, this process is termed guided migration.
Furthermore, certain inosculating angiotypes have been
identified as ‘‘nonbranching’’ and ‘‘branching,’’ with the
latter being subclassified into dividing and sprouting
types (94). Hence, a myriad of possible angiogenesis sce-
narios exist and the trigger for each event is currently
being sought after.

From the clinical perspective, this fact is important as
it has been shown that the larger the microvessel, the
greater the perfusion (43). An in vivo model wherein
HDMECs seeded onto biodegradable polymer matrices
were put into immunodeficient mice showed the following
characteristics. On day 1, ECs migrated through the ma-
trix; on day 5, they formed CLTs; and by one week had
differentiated into functional microvessels. Maturation oc-
curred by 21 days, and these microvessels eventually
linked up with the host vessels (95,96), perfectly illustrat-
ing ‘‘angioconduction.’’ In a recent study, immunohisto-
chemical analysis of a murine myocardial model showed
that monocytes/macrophages actually drilled holes
through the myocardium using proteolytic enzymes, the
lumens of which were eventually colonized by EPCs (97).
If this fact was true, these vessels would then be formed by
drilling, not sprouting alone as is universally thought.

More recent evidence suggests that inosculation from
the vascular network is also dependent on mechanical
stresses. One observation is that increased microvascular
wall tension along a certain axis would result in newer
arteriole formation in that direction (98). This observation
has been further studied using simulations that have
shown the synergistic effects of endothelial wall shear
stress, intraluminal pressure, and metabolic as well as
flow stimuli that promote inosculation in a 3-D network
(99). In this manner, biomedical engineers may manipu-
late arteriolar formation in a tissue-engineered construct
using a simple physical approach.

4.2. Angioinduction

The process of inducing incoming blood vessel formation
depends on the growth factors used and the method of de-
livery. Currently, a plethora of factors are available. Their
angiogenic or angiogenic effects are studied using in vivo
models like chorio-allantoic membrane (CAM) (100,101).
FGF and VEGF are mainly involved in vasculogenesis.
Angiogenic sprouting is mediated by transforming growth
factor-b (TGF-b) whereas maturation of vessels is via the
angiotensin (Ang-tie) and platelet-derived growth factor
(PDGF) pathways (102). Their effects are summarized in
Table 1 below.

In normal tissue, the primary stimulus of capillary
sprouting is hypoxia. Within 30 minutes of its onset, early
growth response factors (Egr-1 and -3) are expressed. Egr-
1 is also called the master switch (103) and was first iden-
tified in murine myocardial tissue. VEGF is an oft-used
angiogenic factor that specifically acts on the endothelium
during vasculogenesis. In addition, it also modifies the
ECM to allow EC, EPC, and fibroblast migration (43,44).
Acting on the venules, it increases their permeability.
Subtypes A- and B- are generally involved in EC migra-
tion and proliferation, whereas C- and D- subtypes are
responsible for venous and lymphatic proliferation (25).
FGF is another common angiogenic factor used. Derived
from SMCs and ECs, it is stimulated by EC regeneration,
hypoxia, and collateral formation to elicit cell induction
and proliferation, a characteristic that has been applied to
prefabricated flaps (104).

Lesser-known but equally important factors are mono-
cyte chemoattractant protein (MCP-1) and granulocyte
colony-stimulation factor (GM-CSF). MCP-1 is released
following shear stress to the vessel wall. It attracts circu-
lating and in situ MCs to hone in at sites of ne-
ovascularization (105). GM-CSF acts synergistically with
MCP-1 by promoting arteriogenesis, stimulating MC/MP
release from the bone marrow as well as prolonging their
life span (15). Transforming growth factor beta (TGF-b) is
a growth factor that, depending on the receptor, either
ALK-1 or ALK-5, stimulates or inhibits angiogenesis, re-
spectively (106). Although numerous factors are being dis-
covered with time, the tissue engineer need not use all of
them. Based on the principles of pleiotropism and redun-
dancy, only vital factors for regeneration need to be iden-
tified and used (107).

The slow release of these growth factors would dimin-
ish its function whereas excessive amounts of growth fac-

Table 1. Role of Angiogenic Growth Factors During Vascular Development (21)

Event Factor Receptor Action

Angioblast induction FGF FGFr Angioblast formation
Angioblasts conversion to EC VEGF VEGFR2/Flk-1 EC formation
EC formation into tubes VEGF VEGFR2/Flk-1 Primitive vascular plexus
Angiogenic sprouting VEGF VEGFR-2/Flk-1, VEGFR-1/Flt-1 Angiogenesis
EC activation TGF-b1 ALK-1, ALK-5 Angiogenic modulation
Vessel thickening Angiopoietin-1 Tie-1 Vessel stabilization
Smooth muscle recruitment PDGF-b PDGFR-b Vessel stabilization
Vessel thinning Angiopoietin-2 Tie-1 and Tie-2 Antagonistic to Angiopoietin-1
Arterio-venous differentiation Ephrin B2 Eph B4 Remodeling

VASCULAR NETWORKS 7



tors in the matrix at any given time would induce fibro-
vascular growth. Therefore, controlled release of these
chemicals is ideal. In vitro, growth factors may be incor-
porated by co-culturing them with constructs or placing
these factors within bioartificial organs like microcarriers,
which allow regulated release of chemicals. In vivo, these
factors are introduced directly into the bloodstream, in-
corporated into cells, or packed into defects as beads (108)
or bioactive scaffolds (109), preferably surface-eroding
scaffolds like poly(glycerol sebacate)/PGS (110). Other
methods of delivery include viral transduction (111), di-
rect inoculation (112), or genetically-modified cells (91).

5. FUTURE PERSPECTIVES

The biggest hurdle in the construction of tissue-engi-
neered flaps is the inability of existing synthetic or tis-
sue-engineered small-diameter vascular grafts (o4 mm)
to sustain flow through them and, more importantly, the
absence of any source of an incorporatable capillary bed,
natural or otherwise. Current trials on EC-seeded infra-
popliteal vessel bypass grafts have only been proven to be
as successful as vein grafts in the same setting (113). As
for now, however, the development of an artificial capillary
is mostly limited to in vitro models (114–129). Perhaps a
better understanding of microfluidics and further break-
throughs in nanotechnology would pave the way.

Microcontact printing, printing biological molecules di-
rectly onto scaffolds, is spawning a new generation of tis-
sue-engineered constructs. Here, a blueprint is made
using a computer-aided design and the construct is then
built within 24 hours. For instance, gold or silver plates
are initially patterned with alkane-thiolates onto which
Fn is attached. In turn, Fn binds to ECs in culture (130).
These individual cell droplets then coalesce because of tis-
sue fluidity. When applied in many layers, 3-D constructs
can then be developed. This technique has been used to
form artificial liver microchannels (131). As the key issue
is tissue or cell perfusion, these constructs are finally
placed within a bioreactor (132). Recently, a porous en-
dotheliazed network based on human pulmonary endo-
thelial cells was successfully developed using this
technology (133). Once popularized, this technique would
revolutionize fabrication of precise tissue-engineered con-
structs.

The cutting edge of technology has also brought forth
bioelastic materials, monomeric protein polymers that
convert heat or chemical energy into mechanical energy.
Heat exchange, hydrophobicity, or hydrophilicity induces
a mechanical tensile force within the polymer that is me-
diated by competition between the molecules for hydra-
tion. These forces modulate cells within the construct to
form micropatterns and secrete new ECM. This process is
called cellular tensegrity or mechanotransduction (134).
An example would be poly (N-isopropylacrylamide), which
can mechanically reconfigure themselves with changes in
hydrophilicity and temperature (135).

Stem cells are another promising area in the develop-
ment of artificial tissue. The recent discovery by Moldovan
and Ferrari that ECs and EPCs in the bloodstream are

capable of literally ‘‘drilling’’ holes through matrices has
opened up a new perspective. This group has proposed
building an angiogenesis assist device or ‘‘angiochip’’ us-
ing nanotechnology wherein foci of ECs would be spatially
distributed within a 3-D matrix interconnected by artifi-
cially created grooves for its proliferation and subsequent
tube formation (130). This device is currently being used
to develop liver tissue. Such angiochips could be spatially
distributed within any tissue and act as angioconductive
and angioinductive foci.

Perhaps the most exciting tissue engineering advance
is the advent of nanotechnology. Earlier generations of
biomaterials had microdimensions whereas biomolecules
are nanostructures. As such, physiological processes
within the body could not be modulated by these devices
until now. A large volume of work is currently under way
in developing nanocomposites at the vascular interface
and eventually as bypass grafts as well (136–138). Ulti-
mately, it is the concurrent use of all approaches within a
tissue-engineered construct that would open the doors
into unchartered territory and the birth of organ and tis-
sue ‘‘cultivation.’’
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1. INTRODUCTION

Quantization is an unavoidable step in representing sig-
nals in digital form for computer processing. It is impos-
sible to represent signal samples in infinite precision in
computers or digital signal processors. Analog-to-digital
converters assign each data sample a numerical value
with finite precision. Therefore, the numerical values
must be quantized to the numerical precision of the com-
puter. Apart from the inherent quantization during digi-
tizing signals, a typical digital signal is stored in a
compressed form that is generated by a transform/predic-
tion stage, followed by quantization, and, finally, entropy
coding. If the signal samples coming from the optional
transform/prediction stage are quantized separately, the
operation is called ‘‘scalar quantization.’’ Consequently, if
these signal samples are grouped to form vectors, their
quantization is called ‘‘vector quantization’’ (VQ).

Changing the quantization dimension from one (for
scalar) to multiple (for vectors) has many important im-
plications. First of all, VQ does not necessarily correspond
to rounding of data values to coarse levels any more. The
VQ stage produces indices that represent the vector
formed by grouping samples. The output index, which is
an integer, has little or no physical relation with the vector
it is representing, which is formed by grouping real or
complex valued samples. The word ‘‘quantization’’ in VQ
comes from the fact that similar vectors are represented
by the same index. Therefore, many distinct vectors on the
multidimensional space are quantized to a single vector
that is represented by the index. Each index corresponds
to a previously decided vector. In that aspect, the number
of distinct indices defines the number of quantization lev-
els. It is reasonable to argue that the quantization index of
a data vector should be selected according to the nearest
vector in the set of previously decided vectors (which is
called the VQ codebook). As an example, if the considered
vector x is nearest to an element of the codebook, say vi,
then the VQ output is simply i. In the dequantization
stage, the index i is reconstructed as the vector vi, so one
can say that x is quantized to vi. The vector vi can be
called as a codevector or a prototype.

Assigning indices to a number of vectors has implica-
tions other than coding too (1–12). As vectors near to vi are
indexed as i and those near to vj are indexed as j, this
automatically provides clustering information around
codebook vectors. Clustering of vectors is commonly used
for finding groups in data or building a pattern classifier
for unsupervised classification (11–20). Classification of
data is a major element of pattern recognition. As a result,
many VQ algorithms that are developed for signal coding

(21) have analogous counterparts in the pattern classifi-
cation and recognition literature. ISODATA (22), k-Near-
est Neighbor (k-NN) (23), k-means (24–26), Fuzzy c- and
k-means (27–30), Learning VQ (LVQ) (12,19), and Self-or-
ganizing feature maps (SOM) (11,17–19,26,31) are popular
clustering methods that have algorithms very similar to
those for designing VQ codebooks, such as Max–Lloyd
(32,33) and Linde–Buzo–Gray (LBG) (34) algorithms. In
fact, the k–means clustering method corresponds to Max–
Lloyd codebook design, whereas ISODATA is an adaptive
variant in terms of the number of codevectors (prototypes),
which makes it similar to the LBG algorithm. Apart from
these prototype-based clustering methods, a huge amount
of literature exists concerning hierarchical clustering,
which is a fundamentally different technique (35–37).

Typical applications of VQ are pattern classification
and signal compression. A large amount of work regarding
algorithmic explanations and general and biomedical ap-
plications is given in Abut (2). Another VQ application is
‘‘color reduction’’ for images. Many acquisition devices
produce color images allocating 8 bits to red, green, and
blue components of a pixel, producing a color vector of
½r; g;b� for each pixel, which, equivalently, makes a total of
24 bits/pixel. As a result of display buffer limitations or
storage requirements, it is desirable to reduce the number
of bits to assign to each pixel. Therefore, each ½r; g;b� pixel
data is considered as the input to the VQ that quantizes
the color vector to a set of 256 or less vectors that can be
represented by 8 or less number of bits (38,39).

This chapter is organized as follows. First the basic
concept of a vector quantizer is presented. The issue of
distortion and several metrics used in the design and im-
plementation of a VQ are presented here. Second, proper-
ties of minimum distortion VQ and necessary equations
for optimality are presented. In the third section, the basic
iteration that optimizes the codebook with a given set of
data is presented and several VQ codebook design tech-
niques are introduced. Finally, some typical VQ applica-
tions are presented at the end of the chapter.

2. STRUCTURE OF A VECTOR QUANTIZER

A vector quantizer consists of two modules: an encoder E

and a decoder D (1). The encoder is a module that assigns
an index number i to an input vector x. For example, the
input vector in Fig. 1 consists of 16 scalar elements, and
the encoder generates an index number, say, 5. In this ex-
ample, the input data is in the form of a matrix. The input
vector corresponding to the data is obtained from the en-
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Figure 1. Encoder produces index¼5 to the input vector.
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tries of the matrix by an appropriate scanning of the ma-
trix.

In the encoder, a number of distinct vectors exist (called
the code vectors or codewords, vi) to form a set (called the
codebook, C). The encoder module searches the codebook
for the nearest match to the input vector. If the ith code
vector in the codebook (ci) is nearest to the input vector (x)
according to some metric, then the quantizer output is i.
The operation is illustrated in Fig. 2. As a result of encod-
ing, mere integers are obtained at the output, which re-
sults in a large amount of representation saving
(compression).

As the encoder output is only a representation of code
vectors, in order to reconstruct the signal (although with
losses), the representation formed by the index numbers
must enter to a decoder module that accepts integers at its
input and produces the code vector at its output (Fig. 3).
The decoder is also called the inverse quantizer.

Normally, the term ‘‘vector quantizer’’ (Q) is used for
the combination of the encoder and decoder modules. In
terms of mathematical notations,

i¼EðxÞ;

vi¼DðiÞ; and

vi¼QðxÞ¼DðEðxÞÞ:

ð1Þ

The vector quantizer Q has two attributes:

* the dimension, k, and
* the codebook size, N.

The integer k corresponds to the number of elements in
each vector. Therefore, if the elements of the vector are
real numbers, an input vector or a code vector is a point on
the k-dimensional Euclidean space (represented by Rk).
The other integer N represents the number of code vectors
inside the codebookC. Mathematically, N is called the size
of C. In this aspect, Q is an operator from the Euclidean
space to a finite set:

Q : Rk
!C ð2Þ

For coding purposes, the codebook is usually known by
both the transmitter (encoder) and receiver (decoder)
parts. Therefore, only the integer output (the index) of
the encoder is transmitted.

On the other hand, the codebook itself represents a
useful partitioning of the k-dimensional Euclidean space,
Rk into N regions, Ri. Each region Ri is directly defined by
the quantizer in such a way that, if the encoder produces
index i for the input vector x, then x is in region Ri. These
regions are also known as Voronoi cells. The ith cluster is,
therefore, determined as the set of all vectors in the da-
taset closest to the vector vi. Mathematically,

Ri¼fx 2 Rk
jQðxÞ¼vig; ð3Þ

which means that Ri is the set of all points that are closer
to vi than to all other code vectors. A region can be
bounded (granular cell) with finite k-dimensional volume,
or unbounded (overload cell).

Conversely, the above splitting of the k-dimensional
space into N regions implies an alternative definition of
the vector quantizer as follows: If x 2 Ri, then QðxÞ¼vi.
Notice that this definition is very suitable when using VQ
for grouping or clustering purposes (40). For these pur-
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Figure 2. Comparing the input vector to the code vectors in the
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Figure 3. Generating a code vector according to the input index
at the decoder.
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poses, the encoder indices immediately specify the cluster
that the input belongs to.

We have been using the term ‘‘nearer to one of the code
vectors than others’’ in the encoder stage since the begin-
ning of the section. Therefore, what is meant by ‘‘nearer’’
should be clarified. For most practical purposes, a Euclid-
ean distance between two vectors is used for measuring
how near two vectors are. On the other hand, we will see
that several other distance measures can be used for de-
termining how near two vectors are [Chapter 2 of Gray
(41)]. The only constraint about the definition of the dis-
tance is that it must be a proper metric.1 If the encoder and
decoder uses a proper metric for measuring the distance of
the input vector to a code vector in C, then the region Ri

must be convex.2

Figure 4 shows 2-D VQ region partitionings for (a)
evenly distributed and (b) arbitrarily distributed 2-D data.
The regions may correspond to bounded cells as in the
central portions, or unbounded cells that extend out of the
center. Notice that both partitionings are proper, in the
sense that the regions are all convex.

The final remark about the general structure of VQ is
because of its ability to optimize compression performance
for inputs that are grouped to form vectors. Shannon has
shown that if we have a coding system that maps input
vectors into one of N indices with the best coding perfor-
mance,3 VQ can achieve the theoretical compression limit
with the minimum distortion at a given bit-rate (which
will be denoted as rate) (42). The way to reach this per-
formance is through the optimization of the regions and
code vectors, which will be described in the next section.
As the minimization is with respect to a distortion, several
distortion metrics can be formulated, which all yield dif-
ferent optimization results (43,44). The most common
metrics are:

* Minkowski metric:

dLðx;viÞ¼
X

k

m¼ 1

jxðmÞ � viðmÞj
L

 !1=L

ð5Þ

and its special cases:

– Euclidean (Mean squared error - MSE, L¼ 2)
distance:

dEðx;viÞ¼
X

k

m¼ 1

jxðmÞ � viðmÞj
2

 !1=2

¼ ðx� viÞ
T
ðx� viÞ

ð6Þ

– Manhattan (Mean absolute error - MAE, L¼
1) distance:

dMðx;viÞ¼
X

k

m¼ 1

jxðmÞ � viðmÞj ð7Þ

– Chebychev (max, L¼1) distance:

dCðx;viÞ ¼ max
k

m¼ 1
jxðmÞ � viðmÞj ð8Þ

* Hamming distance:

dHðx;viÞ¼
X

k

m¼1

ð1� dxðmÞ;viðmÞÞ; ð9Þ

where

da;b¼
1; a¼ b

0; aOb

(

* Mahalanobis distance:

dRðx;viÞ¼ ðx� viÞ
TC�1x ðx� viÞ; ð10Þ

where Cx is the covariance matrix of x.
Many other distortion metrics can be developed de-

pending on the application and usefulness. Using a dis-
tortion metric, dð�; �Þ, the overall VQ diagram can be
reillustrated as in Fig. 5.

3. MINIMUM DISTORTION VQ

The performance of a vector quantizer is determined by
the optimality of the encoder and decoder parts, described
in the previous section. The terms ‘‘performance’’ and ‘‘op-
timum’’ are directly related to the amount of distortion the
quantizer produces at a given number of output levels. In
this chapter, we will describe the properties of encoder and
decoder parts necessary for a minimum distortion VQ.

1A proper metric is the distance measure Dð�; �Þ for a metric space
that satisfies four properties for vectors a, b, and c:

nonnegativity : Dða;bÞ�0

reflexivity : Dða;bÞ¼0, a¼b

symmetry : Dða;bÞ¼Dðb;aÞ

triangle inequality : Dða;bÞþDðb;cÞ�Dða;cÞ:

ð4Þ

2A Euclidean region is convex if the lines connecting any two
points in the region always lie inside the region too. A more gen-
eral definition for convex sets is if a and b are members of a convex
set, then laþð1� lÞb is also a member of the set for 0�l�1.
3The best coder with N output indices is the one that minimizes
the distortion between the original vector and the decoder output.
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3.1. Encoder Optimality

In the previous section, it is pointed out that the index of
the output vector is determined according to the minimum
distance rule. These kind of vector quantizers are known
as ‘‘nearest neighbor’’ quantizers. The ‘‘nearest neighbor’’
rule is required for the optimality of the encoder:

QðxÞ¼vi only if dðx;viÞ�dðx;vjÞ; 8j: ð11Þ

The justification of the nearest neighbor rule for encoder
optimality is quite simple; if a vector is quantized to a code
vector that is not the nearest to the input vector, then the
distortion is increased. For that reason, the optimal en-
coder must search the whole codebook for the smallest
distance d(x,vi):

dðx;QðxÞÞ¼ min
N

i¼ 1
dðx;viÞ: ð12Þ

This minimum distortion statistically minimizes the av-
erage expected distortion:

D¼Efdðx;QðxÞÞg¼

Z

dðx;QðxÞÞfXðxÞdx; ð13Þ

where fX(x) corresponds to the joint pdf of x. Conse-
quently, the regions Ri are formed, and the partitioning
rule specifies the encoder. The encoder optimality, there-

fore, corresponds to finding the best index for an input
vector with a given codebook. Obtaining the best codebook
for given data is a different issue and will be explained in
the following subsection about decoder optimality.

3.2. Decoder Optimality

The second optimality criterion is about the decoder part,
satisfied by finding the optimum codebook. In other words,
if we are given the clustering regions, we must find the
best representing code vector for that region. Statistically,
the code vector vi in a region Ri must be selected in such a
way that the expected distortion it makes with any input
vector x that lies inside region Ri must be minimized:

vi¼arg min
v

Efdðx;vÞjx 2 Rig: ð14Þ

Equation 14 is also known as the ‘‘centroid’’ rule, because
the minimization of the expected value corresponds to the
centroid of region Ri. The minimization of Equation 1 in
the Euclidean distance case corresponds to the mean vec-
tors of the respective regions (43,44). In other words, for
the MSE distortion metric (given in Equation 6), the cen-
troid corresponds to the minimum MSE (MMSE) estimate
of x 2 Ri:

vi¼ centðRiÞ¼Efxjx 2 Rig; ð15Þ

where centð�Þ stands for the centroid operation.

(a) (b)
Figure 4. Typical VQ regions for (a) evenly distributed
2-D data and (b) arbitrarily distributed 2-D data.

Input vector: x Minimize  d (x,vj)
with respect to
j = 1, 2, ...,  N

Encoder C :
{v1,v2, ... , vN}

Index : i

Decoder C :
{v1,v2, ... , vN}

Table lookup
Output vector: vi

Figure 5. VQ encoding and decoding process.
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The proof of Equation 14 is as follows:
The average distortion for a given codebook with a set

of code vectors vi is

D¼
X

N

i¼ 1

Z

Ri

dðx;viÞfXðxÞdx¼
X

N

i¼1

Pi

Z

dðx;viÞfXjiðxÞdx;

ð16Þ

where Pi is the probability of x being in region Ri, and
fXjiðxÞ is the conditional pdf of x given x 2 Ri. From the
definition of the expected value,

Efdðx;viÞjx 2 Rig¼

Z

dðx;viÞfXjiðxÞdx: ð17Þ

As the centroid minimizes the expected value at the left of
Equation 17, it also minimizes the integral at the right.
Therefore, the summing term of Equation 16, hence the
distortion, is minimized.

Equation 15 provides the method to select the code
vector corresponding to a region. From this equation, the
centroid can be calculated as

vi¼

Z

Ri

xfXjiðxÞdx¼

R

Ri
xfXðxÞdx

R

Ri
fXðxÞdx

: ð18Þ

Finally, an optimum vector quantizer satisfies the fol-
lowing properties:

(i) EfQðxÞg ¼Efxg;
(ii) EfxTQðxÞg ¼EfjjQðxÞjj2g; and
(iii) EfjjQðxÞjj2g¼EfjjðxÞjj2g � Efjjx�QðxÞjj2g:

Here, (i) corresponds to unbiased codevectors, and, as a
consequence, (ii) follows, whereas (iii) indicates that the
variance of the quantizer output is reduced by an amount
proportional to the quantization error.

4. VQ CODEBOOK DESIGN USING EMPIRICAL DATA

For the optimum VQ, encoder and decoder optimality cri-
teria must be satisfied simultaneously. For a given num-
ber of code vectors, say N, the goal is to achieve the
minimum distortion by selecting the code vectors, hence
the corresponding regions. The properties and equations
were described in the previous section. A number of meth-
ods were proposed for achieving the optimal or a subopti-
mal quantizer from the given data. One of the most
common techniques is called the Generalized Lloyd Algo-
rithm (32,33), which improves the codebook iteratively
starting from an initial codebook. The scalar version of
this quantizer design is also used for scalar quantizer de-
sign. Furthermore, this algorithm is commonly referred to
as k-means (23) or ISODATA (22) in the literature con-
cerning clustering.

The Lloyd–Max iteration consists of two steps:

* Nearest Neighbor condition: Given a set of code vec-
tors, C¼fv1;v2; . . . ;vNg, the clusters are defined as

Ri¼fx 2 Rk
jdðx;viÞoðx;vjÞg; 8iOj: ð19Þ

If the data x is on the boundary (with same distor-
tions) of Ri and Rj, assign it to the smaller of i and j.

* Centroid condition: Given N clusters, Ri, assign the
representative code vector vi as the centroid of the
cluster. Using the Euclidean distance measure, the
centroid corresponds to the arithmetic mean of data
vectors belonging to a cluster. For other distance
measures, the centroid calculation differs.4

These two steps are iteratively performed until the
overall distortion does not reduce any more, or the amount
of distortion improvement goes below a certain threshold
after an iteration. Notice that each iteration step must
reduce or keep the distortion level. In some cases, empty
regions may occur. In that case, a new code vector is as-
signed, or the codebook size N is reduced.

The Lloyd iteration is a very general method for opti-
mization. However, several more VQ design techniques
exist, some of which rely on the Lloyd iteration as inter-
mediate steps. We will name a few of these methods and
indicate their basic ideas here.

(a) Random Coding: Over a whole set of data vectors,
one choses N of the vectors randomly and assigns
them as the code vectors. Random coding is a very
empirical technique; however, if the data is strongly
correlated, it may yield acceptable results.

(b) Pruning: In this case, the data vectors are sequen-
tially appended to the codebook list according to
whether they are near enough to one of the code
vectors in the codebook. If the new vector has a high
distance to each code vector, that new vector is
added to the codebook (45).

(c) Pairwise Nearest Neighbor: The algorithm com-
bines clusters, which have nearest centroids, and
continues combining as long as the number of clus-
ters is more than the desired codebook size. Ini-
tially, each data vector forms its own cluster, and

4

vEuc¼
1

M

X

M

k¼1

xk

vManðiÞ¼ fxjPðxðjÞ > xðiÞÞ¼PðxðjÞoxðiÞÞg

vCheðiÞ¼ min
M

j¼1
xjðiÞþ min

M

j¼1
xjðiÞ

� ��

2

vHamðiÞ¼ fxkðiÞjPðxkðiÞÞ > PðxlðiÞÞ 8lg

vMah¼

PM
j¼1 C

�1
xj
xT

i

C�1xj

" #T
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the clusters grow iteratively, having more data vec-
tors inside them (46). The combination of clusters
produce a different centroid corresponding to the
weighted average of the combined centroids. There-
fore, the code vectors do not necessarily correspond
to data vectors.

(d) Product Codes: If the codebook size is represented
as N¼ 2kR, then a cartesian product of k scalar
quantizers with 2R levels can be used as the vector
quantizer (47). In this way, each scalar quantizer
has a rate of R and because k of them exist, the total
rate is kR.

(e) Lloyd Iteration with Stochastic Relaxation: A zero
mean noise is added to the centroids generated by
each iteration in the Lloyd algorithm, and the noise
power is decreased as the iterations proceed (48). If
the random noise is generated according to a tem-
perature parameter, Tm, which is decreased as it-
eration number m proceeds, then this technique is
also considered Simulated Annealing.

(f) Simulated Annealing: As a subset of the Stochastic
Relaxation algorithm, the noise is added to centro-
ids (which is called a perturbation), and the per-
turbed centroid is accepted with probability
P¼ e�DH=T, where DH is a cost that increases by
the iteration number (49,50).

(g) Fuzzy Clustering: Inclusion of a data vector inside a
cluster is not assigned binary values 0 and 1. In-
stead, a fuzzy membership (SjðxiÞ: degree of mem-
bership of xi in region Rj) value between 0 and 1 is
assigned (27–30). In this way, the membership of
the data vector to the considered region is only par-
tial, and a new fuzzy distortion definition is used:
DF ¼

1
M

PM
i¼ 1

PN
j¼ 1 dðxi;vjÞ½SjðxiÞ�

q. In the Lloyd it-
eration, the parameter q is initially selected as a
large number (indicating high fuzziness) and de-
creased gradually down to 1, where a crisp decision
is made at the end of the iteration.

(h) Linde–Buzo–Gray (splitting) Algorithm: Probably
the most conventional method that applies the
Lloyd iteration is the Linde–Buzo–Gray (LBG) al-
gorithm (34). In this case, the algorithm starts with
a single-code vector, which is normally assigned to
be the average of the data vectors. Then, the code
vector is split in two, by adding and subtracting a
vector small in magnitude, along the direction of
maximum variation in the vector space. With these
two new vectors, the Lloyd iteration is applied and
optimum code vectors with a codebook size 2 are
obtained. The LBG algorithm iteratively splits each
code vector in two by using the above perturbation
method, then applies the Lloyd iteration again un-
til the desired number of code vectors are obtained.
This method is a very convenient way to completely
design the optimal codebook from scratch without
the risk of obtaining empty or unbalanced clusters.

Other variations on the quantizer design technique
also exist. For instance, depending on the general struc-
ture of the input, it may be desirable to set up a fixed

structured quantizer. Lattice vector quantizers are popu-
lar for this aspect, where the clusters are selected accord-
ing to a geometrical grid, mostly hexagonal [Figure 4(a)].

Quantizer improvements are also studied in the liter-
ature. The most common improvements can be listed as:

* Lattice (structured) VQ: Lattice VQ is actually the
‘‘uniform’’ quantizer in higher dimensions. Each
quantization region has the same shape. Therefore,
the regions must obey two conditions: (1) They must
not overlap, (2) they must cover the N-dimensional
input space. Such structures can be called lattice or
Niederreiter sequences. VQ with quantization re-
gions that have this property are called Lattice VQ.

* Gain-Shape VQ: If the input data shows significant
dynamic range variations, the codebook needs to be
very large for a fairly small distortion. To remedy this
situation, the input vectors can be first normalized
and then vector quantized. The normalization factor
needs to be encoded separately (1).

* Mean-Removed VQ: In many images, the vector seg-
ments may contain similar shape characteristics, but
because of intensity variations, they may be quite far
from each other according to distance metrics. To
quantize such vectors into the same code vector
would improve the efficiency, which is possible if the
means of the vectors are subtracted from each, and
the resulting vectors are quantized. Similar to the
above situation, the mean values must be encoded
separately.

* Classified VQ: If the input data contains multiple
patterns that exhibit large spatial differences from
each other, while vectors generated from the same
pattern portion are quite similar, then designing qua-
ntizers separately for each pattern and applying the
appropriate quantizer to the vector improves the ef-
ficiency of the quantizer (51,52). Usually, an overhead
exists of transmitting the information of which code-
book the encoder will use.

* Multistage VQ: This method significantly reduces en-
coder complexity and memory requirements (53). The
idea is to quantize the input coarsely at the first
stage, and then continue quantizing the difference
between the signal and its coarsely quantized version
iteratively. As an example, if we have three qua-
ntizers Q1, Q1, and Q1, with an input x, then

y1¼Q1ðxÞ

y2¼Q2ðx�Q1ðxÞÞ¼Q2ðx� y1Þ

y3¼Q3ðx�Q1ðxÞ �Q2ðx�Q1ðxÞÞ¼Q2ðx� y1 � y2Þ;

and the quantization result is ~x¼y1þy2þy3.
* Adaptive VQ: For purposes such as online encoding of
signals that change characteristics over time, adap-
tive VQ is a method to cope with the situation. Usu-
ally, the method starts with a relatively large
codebook, and selects a subset of the codebook ac-
cording to the current input characteristics (54).
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* Trellis-Coded Quantization: Inspired by the trellis-
coded modulation technique in the communication
topic (55), the quantizer uses a quantizer codebook
for a given vector that is determined by the VQ out-
put of the previous vector. In that aspect, a data vec-
tor can be quantized only after the quantizer output
for the previous data vector is determined.

* Tree-Structured Quantization: The algorithm succes-
sively narrows code-vector choices to smaller number
of possibilities with smaller distortions, which pro-
vides a suboptimal solution in a computationally ef-
ficient manner. Therefore, it has been adopted by
several practical studies (10,56–58).

5. VQ APPLICATIONS AND EXAMPLES

5.1. Compression

The most widely used application of VQ is data compres-
sion (3–12,21,59). The input data can be compressed by a
VQ at the expense of distortion. From an information the-
oretical perspective, distortion and rate (which corre-
sponds to the total number of bits used in representing
the compressed data) are two inversely proportional quan-
tities. If the compression is high, then distortion increases,
but rate decreases. For a given source signal, the rate/dis-
tortion curve typically has a shape shown with dashed
lines in Fig. 6. This curve is obtained by evaluating the
minimum distortion achieved by the best encoder at a
given rate. On the other hand, the characteristics of a
vector quantizer usually look like the solid-line staircase–
like shape. Using the optimization techniques described in
the previous section, it is desired that the solid lines touch
the minimum rate/distortion curve at the given rate.

5.1.1. Quantization of Transform/Predictive Coding Co-
efficients. Normally, VQ is the second stage of a conven-
tional compression scheme. The compression is typically
composed of

(i) Transformation/Predictive coding stage,
(ii) Quantization, and

(iii) Entropy coding.

The first stage, transformation or predictive coding, re-
duces the correlation between samples of the input. Com-
monly used transforms are the Discrete Fourier
Transform (DFT), Discrete Cosine Transform (DCT, the
celebrated transform that is used in JPEG), Wavelet
transforms, and input-specific transforms such as the
Karhunen–Loeve Transform and Singular Value Decom-
position. The common point in most of these transforms is
that they reduce the correlation between the samples of its
input vector, hence compacting most of the energy of the
vector to only a few of the output vector elements. The
operation is reversible by the use of the inverse trans-
forms. Another decorrelating method is called predictive
coding, where an element in a sequence is first tried to be
predicted using previous elements of the same list, and
then only the prediction difference is generated as the
output. Using the same prediction algorithm, and given
the previously decoded elements, the decoder can re-gen-
erate the same prediction and add the prediction differ-
ence to reconstruct the signal.

After either of these methods, the signal samples
mostly contain small values, which can be safely quanti-
zed to zero. As an example, in the JPEG image compres-
sion standard, an image is typically divided into eight by 8
segments, and 2D-DCT of these segments are computed:

Xðm;nÞ¼ aman

X

7

i¼ 0

X

7

j¼ 0

gði; jÞcos
pð2iþ 1Þm

16

� �

cos
pð2jþ 1Þn

16

� �

;

ð20Þ

where a0¼
ffiffiffiffiffiffiffiffi

1=8
p

and ak¼
ffiffiffiffiffiffiffiffi

2=8
p

for 1�ko8.
This transform causes a majority of the transform sig-

nals to have values that will be quantized to zero. In order
to better understand the efficiency of transformation fol-
lowed by quantization, consider the example of an input
vector x¼ ½1:2; 1:1; 0:9; 0:8�. Assume that, in order to
achieve some compression, we want to quantize its ele-
ments by truncating the samples to the greatest smaller
integer ( �b c). If we apply this quantization without any
transformation, the output vector would be
~x¼ ½1:0; 1:0; 0:0; 0:0�, and the distortion would be
1
4

P4
i¼ 1ðxðiÞ � ~xðiÞÞ2

n o1=2
¼ 0:6124. Now, instead of direct

quantization, let us first apply DCT to the input signal,
and obtain a new vector c¼DCTfxg¼ ½2:0; 0:3; 0; 0�. Ap-
plying quantization over c, we get ~c¼ ½2; 0; 0; 0�. Taking
the inverse DCT, we obtain ~x¼ ½1:0; 1:0; 1:0; 1:0�, and the
distortion is only 0.1581.

As a second example, consider the 8 � 8 image shown
in mesh format in Fig. 7(a). The image values are between
0 and 255 (8 bits). We want to quantize it to 16 levels (4
bits). The quantized version has a distortion of 4.5343;
however, none of the quantized outputs have a value of the
desired zero. The 2D DCT of the same image is shown in
Fig. 7(b). Notice that most of the coefficients are already
very near to zero. If we quantize these coefficients to 4 bits,
and then take the inverse 2D DCT, the reconstructed im-
age has a distortion of 3.2112.

Rate

D
is

to
rt

io
n

Figure 6. Rate/distortion curves (dashed: ideal; solid: typical
vector quantizer).
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Similar to transform coefficients, prediction error sam-
ples are also efficiently quantized. However, in this case,
the quantization operation should not be applied to the
direct output of the prediction step. Instead, the quantizer
must be embedded into the prediction module [Fig. 8(a)] so
that the decoder [Fig. 8(b)] produces the quantized version
of the input signal instead of a diverging signal. The re-
sulting system is called the Differential Pulse Code Mod-
ulation (DPCM) (1).

The recent work on signal compression focuses on effi-
cient vector quantization of sub-band decomposition/
wavelet transformation samples. As examples of state-of-
the-art compression algorithms, the commonly used
MPEG Audio Layer-3 (known as MP3) standard (60)
uses adaptive quantization of sub-band samples accord-
ing to the energy of the bands. For images, the Embedded
Zerotree Wavelet coder (EZW) (61) and the SPIHT (62)
coders use signal-dependent grouping and quantization of
two-dimensional wavelet transform coefficients.

5.1.2. Direct Vector Quantization of Signals. It is also
quite customary to apply VQ over sub-blocks of signals,
specifically images, without the transformation or predic-
tion. In this case, sub-blocks of an image are taken and fed
to one of the VQ design algorithms described in the pre-
vious section. One can select the sub-block size n � m
(e.g., 4 � 4, 8 � 8, etc.), and the codebook size N¼ 2R.
When the codebook design finishes, each block is repre-
sented by R bits. If the original image is b bits/pixel (b is

usually 8), then the total original n � m � r bits will be
compressed to R bits.

Consider the 8 bits/pixel 256 � 256 ‘‘Cameraman’’ im-
age, shown in Fig. 9. In order to vector quantize this im-
age, 4 � 4 and 8 � 8 block sizes are selected, and codebook
sizes of 16 and 32 are tested. LBG and Random Coding
algorithms (described in the previous section) are used as
the design methods.
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Figure 7. (a) An 8 � 8 segment of an image, and (b) its DCT.
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u(n) = d(n)−q(n)
x(n)
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∧
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Figure 8. DPCM (a) encoder and (b) decoder.

Figure 9. 256 � 256, 8 bits/pixel Cameraman image.
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Case 1: 4 � 4 blocks: First, let us consider the sixteen 4
� 4 code vectors generated by the LBG algorithm [shown
in Fig. 10(a)]. It is quite interesting to see that all of the 4
� 4 sub-blocks of the original image could be represented
by one of the vectors in this codebook quite efficiently. In-
deed, the total reconstruction distortion is only 17.83. Im-
age distortions are usually presented in terms of the peak
signal-to-noise ratio (PSNR), which is defined as
PSNR¼ 20log10ðmaxfxðiÞg=distortionÞ. The distortion of
17.83 corresponds to a PSNR of 23.11 dB. The image quan-
tized by this codebook is shown in Fig. 11(a). Interestingly,
the codevectors generated by the Random Coding algo-
rithm [shown in Fig. 10(b)] produce an acceptable PSNR

performance of 22.98 dB [shown in Fig. 11(b)]. Note that
Random Coding has significantly less computational com-
plexity. For both cases, the compression ratio is
CR¼ ð4�4� 8Þ : ðlog216Þ¼ 32 : 1.

If the codebook size is increased to N¼32, this corre-
sponds to using an extra bit. In this way, the distortion
would decrease. Figure 12(a) shows 32 code vectors of size
4 � 4, generated by the LBG algorithm. In Fig. 12(b), the
quantized image is presented. This image has a PSNR of
24.32 dB.

Case 2: 8 � 8 blocks: Finally, the same compression ra-
tio of 32:1 could also be reached by using 32 code vectors of
size 8 � 8. The 8 � 8 code vectors generated by the LBG
and Random Coding algorithms are presented in Figs.
13(a) and 13(b), respectively. Using these codebooks, the
reconstructed images for LBG and Random Coding qua-
ntizers are shown in Figs. 14(a) (PSNR¼ 21.83) and 14(b)
(PSNR¼ 21.62), respectively.

It can be seen that using a vector block size of 4 � 4
(Case 1) produces better results than using 8 � 8 (Case 2)
blocks at the same compression ratio. The reason is that 4
� 4 blocks are smaller, and pixels within a smaller region
have higher correlations than pixels in a larger 8 � 8
block. As a result, 4 � 4 code vectors represent the input
vectors more efficiently.(a) (b)

Figure 10. Sixteen 4 � 4 codevectors generated by (a) LBG al-
gorithm and (b) Random Coding method.

(a) (b)

Figure 11. Quantized images with N¼16 and
block size of 4 � 4 using (a) LBG algorithm and
(b) Random Coding method.

(a) (b)

Figure 12. (a) 32 4 � 4 codevectors generated
by the LBG algorithm. (b) Quantized image us-
ing this codebook.
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5.2. Classification and Clustering

Another application of vector quantization is classification
(12–20). In many pattern recognition applications, auto-
matic clustering of the input data provides the clusters
according to which one decides on the attribute of an input
vector (63). We will demonstrate the codevector genera-
tion and index assignment behavior of VQ using square
portions of images in Figs. 13 and 14 corresponding to dif-
ferent segments of an image. Such an approach is com-

monly used in classifying portions of medical images as
malign or benign. In these figures, it can be noticed that
the ground portion inside the image [Fig. 14(b)] is quan-
tized to the same code vector [4th row, 3rd column of code-
book in Fig. 13(b)]. Similarly, the sky portion of the image
is quantized to a common code vector [1st row, 1st column
of codebook in Fig. 13(b)]. The same is true about the
jacket portion of the ‘‘cameraman’’ test image also. There-
fore, a portion of the image is classified to a meaningful
class according to the VQ output of that portion. In some
cases, the VQ outputs may not all be the same, but they
may belong to the same set of code vectors. In that case,
the classification is again done by checking which set the
VQ output belongs to inside the codebook. The situation
can be generalized to several other classification problems
with higher or lower data dimensions.

Consider the problem of classifying shapes of the 2-D
objects in a picture depicted in Fig. 15 using two features:
area and perimeter. The three types of objects are: large
circles, small circles, and ellipses. The classification diffi-
culties are: areas of ellipses and small circles are very
similar, and perimeters of ellipses and large circles are
very similar. As a result, one cannot discriminate all three
objects using a thresholding (scalar quantization) over ei-
ther of the two features. This example also indicates that
VQ over higher dimensions provide more efficient feature
clustering. If both area (a) and perimeter (p) are used to-
gether to form the input vector x¼ ða;pÞ, then the scatter
plot depicted in Fig. 16 is obtained. Running a simple
three-level VQ design produces the clustering drawn by

(a) (b)
Figure 13. 32 8 � 8 codevectors generated by (a)
LBG algorithm and (b) Random Coding method.

(a) (b)

Figure 14. Quantized images with N¼32 and
block size of 8 � 8 using (a) LBG algorithm and
(b) Random Coding method.

Figure 15. 2-D objects with three types of shapes in an image.
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the dashed lines. Hence, an efficient shape classification is
obtained.

5.3. Color Reduction

A 24-bit true color image can be represented as:

xm;n 2 O; ð21Þ

where xm,n is an image pixel at an arbitrary location (m, n)
and O is a set defined as O¼fðr; g; bÞjj0�r; g; b�255g. In
this representation, each image pixel is represented by
three primary colors: r, g, and b, which are all represented
by eight-bits. In a normal color image, the human eye does
not distinguish the slight differences among so many col-
ors. Therefore, a representation redundancy exists. Simi-
larly, many computer monitors (with frame buffers) or
printers are not capable of reproducing 24-bit colors. As a
result, it is a desirable application to reduce the number of
colors from 224 to, for instance, 28¼ 256 (38,39).

The reduction in the number of colors is normally done
by grouping similar colors into a single color index. In that
aspect, the operation corresponds to vector quantizing col-
ors (which are vectors with three elements) with a code-
book of size 256. One can, therefore, run a VQ
optimization program with the input as (r; g;b) pixel val-
ues, and output as the indices. As a result of computa-
tional and speed requirements for this operation, some
standard quantizers with fixed clusters are used, which is
also called the indexed colormapping, and images with
reduced number of colors are called colormap images (64).

A sample color quantizer is illustrated in Fig. 17. A
group of (r; g; b) vectors with a similar color are grouped to
a common color represented by an index, i. A colormap
image consists of such indices at the location of each pixel.
When a colormap image should be visualized, the display
should re-generate (r;g; b) pixel values. As an example, if a
pixel x(m, n) has the index i, the decoder must replace the
pixel value by the ith code vector inside the codebook. The
codebook for this purpose is conventionally called color-
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Figure 16. Area/Perimeter scatter of the objects and their clas-
sification regions using area and perimeter as features.
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map. The reconstruction of a pixel color is illustrated in
Fig. 18.

Color reduction is not always applied to images with
24-bit colors. Sometimes, even 256-level grayscale images
can be color-reduced to 16 levels. As a result of producing
fewer number of colors, color reduction must be made
carefully according to visual perception parameters. Usu-
ally, colormap images tend to exhibit contouring effects
around smooth regions [Fig. 19(b)]. To produce images
with better perceptual characteristics, the customary
practice is dithering, where a pseudo-random noise is
added to the colormap image [Fig. 19(c)].

Color reduction is also frequently used in clustering
images. A literature survey and application of color re-
duction in segmenting biomedical images can be found in
Raftery and Stanford (65).

6. SUMMARY

In this chapter, brief descriptions, fundamental proper-
ties, and application examples are given for Vector Quan-
tization (VQ). Although a closed-form VQ optimization is
not possible to obtain for a given dataset, several iterative
implementations exist that are practical and computa-
tionally efficient. VQ has intrinsic properties that cause it
to be used in several different applications and make it
quite different from scalar quantization of continuous
data. Apart from its application to signal and image com-
pression, its automatic clustering nature had attracted
researchers from the discipline of pattern recognition and
classification, including identification of objects in biomed-
ical images and classification of the underlying medical
causes in signals recorded by various biomedical electron-
ics techniques. Research is ongoing about the direct ap-
plication of VQ for analyzing, clustering, classifying,
recognizing, and compression of very different types of
signals, as well as the fundamental VQ concepts regarding
distortion metrics, fast methods for large datasets, and
intracluster and intercluster associations together with
their meanings.
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VENOUS AIR EMBOLISM: DETECTION VIA
WAVELET TRANSFORM
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1. INTRODUCTION

Venous air embolism (VAE) is a potentially lethal compli-
cation of surgical procedures in which the operative site is
above the right atrium or gas is forced under pressure into
a body cavity. Although it is associated with neurosurgery,
VAE is also a potential complication of laparoscopic, pel-
vic, and orthopedic procedures. Therefore, it is important
to detect and treat venous air entrainment. A number of
techniques for monitoring VAE exist. The most widely
used detection method is Doppler ultrasound, which is a
noninvasive method for monitoring emboli. Circulating
embolus produces an easily identifiable characteristic
sound. Embolic Doppler ultrasound signals are short-du-
ration transient-like signals. The fast Fourier transform
(FFT) is widely used to process embolic Doppler signals.
However, the FFT is not ideally suited to analysis of short-
duration embolic signals because of inherent trade-off be-
tween temporal and frequency resolution. Alternatively,
the wavelet transform is an ideal method for analysis and
detection of such signals by optimizing time-frequency
resolution. Aims of the study are to define fundamental
concepts and techniques to process quadrature embolic
Doppler ultrasound signals using both continuous and
discrete wavelet transform, and consequently to describe
a detection and classification system based on the discrete
wavelet transform.

2. NATURE OF EMBOLIC SIGNALS

Embolism is intravascular migration of an insoluble body
such as gas bubble (1), a fat globule (2), a blood clot, an
atheromatous plaque (3), or a piece of thrombus (4). Dur-
ing surgery of the head performed on a patient in a sitting
posture, an increased risk of the occurrence of an embo-
lism caused by bubbles of air trapped in the vein exists.
The cardiac function leads to subatmospheric pressure
levels in the vein. Air absorbed in the form of small bub-
bles can diffuse into the right ventricle and accumulate
there causing considerable decrease in the volume of blood
pumped. Retransmitted into the pulmonary blood stream,
the air bubbles cause relocations of arterioles. Sudden in-
crease in flow resistance, and a decrease in oxygen ex-
change. Such a pulmonary embolism could end in an acute
failure of the right ventricle (5). Therefore, classifying and
sizing emboli is critical for determining the type and size
of emboli causing the brain damage.

The most widely used emboli detection method is Dopp-
ler ultrasound. Use of the Doppler ultrasound in detecting
emboli was first reported by Spencer et al. during hyperb-
aric decompression experiments in the late 1960s (6,7). By
the development of transcranial Doppler systems, detect-

ing and monitoring emboli using Doppler ultrasound be-
came feasible (8). Cerebral microemboli have already been
detected in patients primarily with prosthetic heart valves
(9) or atrial fibrillation (10), following myocardial infarc-
tion (11) or stroke (12), in patients with carotid artery
stenosis (13), during cardiac (14), and carotid artery sur-
gery, and during circulatory assistance and carotid angio-
graphy (15).

2.1. Characteristics of Embolic Doppler Ultrasound Signals

An embolus, whether it is gaseous or solid, has different
acoustic properties than that of the blood in which it is
traveling. Although many specifications of the emboli are
unknown, some obvious characteristics to identify them
exists. They are sparse and produce a characteristic sound
like harmonic chirps, whistles, or clicks. For example, oc-
cluded air bubbles cause a characteristic swishing tone
(mill wheel murmur), which the practiced anesthetist
with a trained ear can easily differentiate. Most of the
contemporary works to identify emboli are based on the
Doppler effect. Doppler ultrasound is based on the fact
that any moving object in the path of a sound beam will
shift the frequency of the transmitted signal. It can be
shown that the difference between the transmitted fre-
quency ft and received frequency fr is given by:

fd¼ ft � fr¼
2vft cos y

c
; ð1Þ

where v is the velocity of the target, y is the angle between
the ultrasound beam and the direction of the target’s mo-
tion, and c is the velocity of sound in the medium. The
velocity and the transmitted frequency are known and the
angle between the ultrasound beam and the direction of
the target’s motion can be determined. In this case, the
velocity of the target can be found from the expression:

v¼
fdc

2ft cos y
: ð2Þ

As the reflectors in a moving media have different ve-
locities, the Doppler shift signal contains a spectrum of
frequencies that are within the audio range (0–20kHz).
The moving media is usually blood flow in clinical appli-
cations and Doppler studies are concentrated on inter-
preting the Doppler shift frequency spectra.

Embolic Doppler ultrasound signals reflected by em-
boli, which are much bigger than red blood cells, have
some distinctive characteristics when compared with
high-intensity signals from normal blood flow that are
termed as Doppler speckle (DS), and artifacts caused by
tissue movement, probe tapping, speaking, and so on.
They appear as increasing and then decreasing in inten-
sity for a short duration, usually less than 300ms (16).
The bandwidth of embolic signal (ES) is usually much less
than that of DS. Therefore, they can be considered as nar-
row-band signals relative to DS (17). They are also oscil-
lating and finite signals like wavelets. On the other hand,
DS are random fluctuations in the intensity of Doppler
signals from blood flow and are band-limited signals as
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they are caused by red blood cells within the ultrasonic
sample volume. DS does not have an associated charac-
teristic click or chirping sound that is always associated
with ES, and the distribution of high signal is more ran-
dom rather than rising to a peak at a single frequency.
Unlike artifacts, ES are unidirectional and usually con-
tained within the flow spectrum (18). The spectral content
of an ES is also time-dependent. Fig. 1 illustrates some
examples of ES (forward and reverse flow components)
seen in vivo and corresponding time-frequency (TF) rep-
resentations. The ES in Fig. 1a is well-defined. Detection
of such ES is quite easy. The ES in Fig. 1b has a complex
TF structure. ES corrupted by large artifacts are shown in
Fig. 1c and 1d. An implication of this is that simple anal-
ysis and detection techniques are likely to fail.

A number of methods to detect emboli using Doppler
ultrasound have been studied in the literature, including
discrimination of ES based on audio-visual characteristics
(19), spectral analysis (20), a trained neural network (21),
a coincidence method (22), a TF processing based on spec-
trogram (23,24), a frequency filtering method based on
bandpass filters with a fixed bandwidth (25), a rule-based
expert system (26), an offline automated emboli detection
based on the pseudo-Wigner power distribution (27), a TF
analysis method based on the matching pursuit (28,29),
and use of power M-mode Doppler for tracking emboli (30).
Some researchers have reported that the wavelet trans-
form (WT) performs better than the FFT for analysis and
detection of ES (31–34).

2.2. Mathematical Description of Quadrature Doppler
Signals

As the quadrature demodulation method is used to pre-
serve directional information (35), the outputs of Doppler
ultrasound systems are quadrature audio Doppler ultra-
sound signals. A quadrature Doppler signal pair can be
defined mathematically as a complex expression

sðtÞ¼ siðtÞþ jsqðtÞ

¼ fsf ðtÞþ jH½sf ðtÞgþ jfsrðtÞ � jH½srðtÞ�gg;
ð3Þ

where si(t) and sq(t) are in-phase and quadrature–phase
signals and contain information concerning the forward
and reverse channel signals sf(t) and sr(t) and their Hilbert
transforms H[sf(t)] and H[sr(t)]. Using the frequency re-
sponse of the HT, it is easy to obtain the FT of s(t):

FfsðtÞg¼SðoÞ¼
2Sf ðoÞ if o � 0

j2SrðoÞ if oo0:

(

ð4Þ

It is obvious that the positive frequencies of S(o) contain
only the spectrum of the forward channel signal sf(t), and
its negative frequencies contain only 901 phase-shifted
spectrum of the reverse channel signal sr(t). In fact, the
complex signal s(t) is the base-band equivalent of a mod-
ulated narrow-band signal having upper and lower side-
bands with different information contents (forward and
reverse flow information). Considering a quadrature
Doppler signal as complex expression has a very useful

practical result. The Fourier transform (FT) of such signal
results in mapping the directional information (upper and
lower side-bands) in the frequency domain.

3. WAVELET TRANSFORM DESCRIPTION OF EMBOLIC
SIGNALS

3.1. Time-Frequency Analysis

The majority of approaches used for automated embolic
signal detection have been based on the FFT processing,
which is the standard processing used by Doppler ultra-
sound machines. The FT expands a time-domain signal
into a family of waves, which are completely unlocalized in
time. That is, the spectrum gives us information on the
frequencies contained in the signal as well as their am-
plitudes and phases, but does not inform us at which times
these frequencies occur. Thus, FT assumes that the signal
is stationary, in practice, however, most natural signals,
including embolic Doppler signals, are nonstationary. In
order to characterize a nonstationary signal properly, it is
necessary to observe evolution of the signal both in time
and in frequency. The windowed Fourier transform (WFT)
has been used widely in this regard as it partially fullfils
these requirements. The WFT introduces time depen-
dency in the Fourier transform by prewindowing the sig-
nal s(t) around a particular time t, and calculating its FFT,
whcih is repeated for each time instant t. The WFT of s(t)
is given by

Fsðt; f Þ¼

Z þ1

�1

sðtÞg�ðt� tÞe�j2pf tdt; ð5Þ

where g(t) is a short time analysis window function. As
multiplication by relatively short window suppresses the
signal outside a neighborhood around analysis time point
t¼ t, the WFT is a local spectrum of the signal s(t) around
a particular t. The WFT results of quadrature Doppler
signals are presented as sonogram, which is a form of TF
representation and defined as |Fs(t,f)|

2.
Although Doppler signals are analyzed by using the

WFT, which involves processing data frames of fixed du-
ration, the Doppler signals are usually regarded as quasi-
stationary for frame sizes of less than 20ms. Using longer
frame sizes may cause transient behavior of the blood flow
to be missed. In this context, the WT, which is ideally
suited to the analysis of nonstationary transient-like sig-
nals such as embolic signals, may be used to study and
understand the behavior of an embolus within blood flow.

3.2. Time-Scale Analysis (Wavelet Transform)

The WT analysis is a relatively recent mathematical de-
velopment, with many powerful applications in the anal-
ysis of real-world signals and images (36–38). A complete
WT process creates a 2-D TS representation of a 1-D sig-
nal, typically with the horizontal axis as time and vertical
axis corresponding to the wavelet scale. The third dimen-
sion (color in a 2-D display) is the amplitude of the WT
coefficients. This representation allows exact localization
of any abrupt change, or an exact time and duration to be
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attributed to a short signal, which may not be evidenced
by conventional signal processing techniques. The contin-
uous WT is performed by projecting a signal s(t) onto a
family of zero-mean functions (the wavelets) derived from
an elementary function c(t), which is called the mother
wavelet, by translations and dilations, and given by

Wsða; bÞ ¼
1
ffiffiffiffiffiffi

aj j
p

Z

þ1

�1

sðtÞc�
t� b

a

� �

dt; ð6Þ

where c*(t) is the analyzing wavelet. In the TS analysis, in
which the wavelet can be defined as a complex function,
the variable a ðO0Þ, which controls the scale of the wave-
let, can be extended to the negative values. The variable b
is the time translation and controls the position of the
wavelet. A signal s(t) can be restored from its WT Ws(a,b)
using the formula:

sðtÞ¼
1

Cc

Z þ1

�1

Z þ1

�1

Wsða; bÞc
t� b

a

� �

dadb

a2
; ð7Þ

providing that the Fourier transform of wavelet c(t), de-

noted C(o), satisfies the following admissibility condition:

Cc¼

Z þ1

�1

CðoÞ
�

�

�

�

2

o
doo1; ð8Þ

which shows that c(t) has to oscillate and decay.

3.3. Complex Wavelets

Considering complex quadrature Doppler signals, the FT
coefficients are not symmetric and both the positive and
negative frequency parts of the spectrum should be con-
sidered independently. In order to process complex quad-
rature embolic Doppler signals, Aydin and Marcus
proposed a complex wavelet transform, which can sepa-
rate amplitude and phase components (39). It is well-
known that a signal s(t) is said to be analytic if its FT S(o)
is zero for negative frequencies. In the context of the
quadrature Doppler signals, an analytic signal is a subset
of the complex quadrature signals, in which positive and
negative frequency components have a physical meaning.
The signals with negative frequency components also
have a physical significance. Signals with a positive fre-
quency spectrum representing forward flow can be ex-
tended analytically to the upper half-complex time plane.
Similarly, a negative frequency spectrum representing re-
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Figure 1. Examples of normalized ES seen in

vivo and corresponding TF distributions. For
clarity, forward and reverse flow components
are scaled by 1 and �1, respectively.
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verse flow can be extended analytically to the lower half-
complex time plane. Their respective FTs can be given as

Sf ðoÞ¼
2SðoÞ if o � 0

0 if oo0

8

<

:

;

SrðoÞ¼
0 if o � 0

2SðoÞ if oo0:

8

<

:

ð9Þ

Analogous to negative frequency spectrum in the FT, a
negative scale in the WT can be obtained by use of the
complex wavelets. The WT for processing quadrature
Doppler signals can be implemented in such a way that
wavelet coefficients produced by the forward flow compo-
nents are obtained when the scale is positive and the
wavelet coefficients produced by the reverse flow compo-
nents are obtained when the scale is negative. This result
is attained by the sine-cosine formulation, which natu-
rally exists in some common wavelets such as Morlet and
Paul wavelets (40–42). These wavelets and corresponding
frequency spectra (for only upper analytic wavelets) are
shown in Fig. 2.

The Morlet wavelet, which is a locally periodic wave-
train, is obtained by localizing a complex sine wave with a
Gaussian envelope as given by:

cðtÞ¼ p�1=4 eio0t e�t
2=2

¼ p�1=4ðcoso0tþ i sino0tÞ e
�t2=2;

ð10Þ

where o0 is nondimensional frequency and ususally as-
sumed to be 5 to 6 to satisfy the admissibility condition. As
the directional coefficients are directly defined by the scale
parameter a, ignoring translation parameter b, the scale-
dependent Morlet wavelet is

cðt=aÞ¼ p�1=4eio0t=a e�t
2=2a2

¼ p�1=4 coso0
t

a
þ i sino0

t

a

� �

e�t
2=2a2

:

ð11Þ

The FT of the scale-dependent Morlet wavelet is given
by

CðoÞ¼

ffiffiffi

2
p

p1=4 aj je�ðao�o0Þ
2=2 HðoÞ if a > 0

ffiffiffi

2
p

p1=4 aj je�ðaoþo0Þ
2=2 Hð�oÞ if ao0;

(

ð12Þ

where H stands for the Heaviside step function. From
Equation 12, one can observe that a frequency spectrum of
an upper analytic wavelet is obtained for a40 and a fre-
quency spectrum of a lower analytic wavelet is obtained
for ao0.

Paul wavelet is also a complex exponential function and
given by

cðtÞ¼
2mimm!
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

pð2mÞ!
p ð1� itÞ�ðmþ 1Þ; ð13Þ

wherem (40) is order of the wavelet. Ignoring translation
parameter b, the scale-dependent Paul wavelet is given by

cðt=aÞ ¼
2mimm!
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

pð2mÞ!
p 1� i

t

a

� ��ðmþ 1Þ

: ð14Þ

Taking the FT of Equation 14 reveals the directionalty
property of this wavelet:

CðoÞ¼

ffiffiffiffiffiffiffiffi

p
ð2mÞ!

q

ð2aÞmþ 1ome�aoHðoÞ if a > 0

ffiffiffiffiffiffiffiffi

p
ð2mÞ!

q

ð2aÞmþ 1
ð�oÞmeaoHð�oÞ if ao0:

8

>

<

>

:

ð15Þ

3.4. Analysis of Embolic Signals Using Continuous Wavelet
Transform

In order to analyze an embolic Doppler ultrasound signal
using the WT, the complex WT of the complex signal must
be calculated over the positive and the negative scales as
described above. Then, the characterization of an embolic
signal needs to be defined by quantitatively evaluating the
TS (or TF) distribution. An embolic signal and respective
TF distribution is illustrated in Fig. 3.

The first parameter used is embolic-signal-to-back-
ground (or speckle) ratio (EBR), which is defined as fol-
lows:

EBR¼ 10 log
Apeak

Bavg
; ð16Þ

where Apeak is the power at frequency (scale for the WT)
with maximum intensity (1 for the normalized data) and
Bavg is the average power of the background intensity. The
latter is calculated by time and frequency/scale averaging
of the TF/TS analysis results.

Bavg¼
1

t2 � t1

Xt2

t¼ t1

1

N
Sðt; vÞ; ð17Þ

where S(t,v) is TF/TS distribution of the Doppler signal
and N is the number of frequency/scale points.

The second parameter is half-width maximum (HWM)
to define time and frequency resolutions. For time resolu-
tion, the TF distribution was integrated over all frequen-
cies. This process should ideally result in the
instantaneous power (IP) of the signal. The HWM for
the time resolution (HWMT) is defined as the distance be-
tween the two 50% powers of the normalized IP (Fig. 4),
which is an indication of the variability of temporal res-
olution as a function of a certain parameter considered.
For the frequency resolution, the TFD was integrated over
all times, which should result ideally in the energy spec-
trum of the signal. The HWM for frequency resolution
(HWMF) is defined as the distance between the two 50%
powers of the normalized energy spectrum (Fig. 5). The
third parameter, embolic signal onset (ESO), is defined as
the time at 20% of the normalized IP curve. The ESO in-
dicates how the time localization properties of the TS/TF

4 VENOUS AIR EMBOLISM: DETECTION VIA WAVELET TRANSFORM



distribution are influenced by the transform parameters
considered. The fourth parameter is the frequency/scale of

the spectral line with maximum energy (FMP). This pa-
rameter gives an idea on the variability of the frequency/

−2 0 2
−0.8

−0.4

0

0.4

0.8
MORLET

Dimensionless period

PAUL

−0.8

−0.4

0

0.4

0.8

−2 0 2

Dimensionless period

0.8

−3 −2 −1 0 1 2 3

Frequency (kHz)

0

MORLET

−3 −2 −1 0 1 2 3

0.8

Frequency (kHz)

0

PAUL

Figure 2. Two complex wavelets and respective fre-
quency spectra.
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Figure 3. (a) Forward, (b) reverse components of an
embolic signal with high EBR, and (c) related time-fre-
quency distribution (FFT size¼512, Hanning window,
size¼128).
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scale components depending on the analysis parameter
considered. This parameter is also helpful to show the fre-
quency/scale concentration of the embolic signals.

An example of quadrature embolic Doppler signal and
respective directional signals, which is recorded from a
patient with symptomatic carotid stenosis by a transcra-
nial Doppler system, its spectrogram, scalograms using
Morlet and Paul wavelets, and corresponding instanta-
neous envelopes and averaged Fourier and wavelet energy
spectra calculated from spectrogram and scalograms are
illustrated in Fig. 6.

4. DETECTION OF EMBOLIC SIGNALS USING DISCRETE
WAVELET TRANSFORM

4.1. Discrete Wavelet Transform and Embolic Signals

In the case of CWT, calculating wavelet coefficients for all
over the every possible scale is a computationally inten-
sive process and produces a redundant dataset. Instead, a
subset of scales and positions can be chosen, which is usu-
ally done by choosing scales and positions based on powers
of two, which is called dyadic scales and positions. It is
computationally much more efficient and just as accurate.
A discrete wavelet transform (DWT) yields a countable set

of coefficients, which correspond to points on a 2-D grid of
discrete points in the time-scale domain (43). The DWT is
defined with respect to a mother wavelet c and maps con-
tinuous finite energy signals to a 2-D grid of coefficients:

Wsðm;nÞ¼
1
ffiffiffiffiffiffi

am
0

p

Z þ1

�1

sðtÞc
t� nb0a

m
0

am
0

� �

dt¼osðtÞ;cm;n >;

ð18Þ

where m and n are discrete scale and translation steps.
The scale a in the CWT case becomes a¼am

0
, the transla-

tion b becomes b¼nb0a
m
0

in the DWT. a0 and b0 are dis-
crete scale and translation step sizes, respectively. When a
discrete-time finite energy signal with length N is consid-
ered, its DWT is a discrete inner product, which can be
written as a circular convolution:

Wsðm;nÞ¼
1
ffiffiffiffiffiffi

am
0

p

XN�1

k¼ 0
sðkÞc

k� nb0a
m
0

am
0

� �

¼ sðkÞ � cm;n:

ð19Þ

This circular convolution can also be calculated with the
FFT algorithm.

As an analogy to what the FFT does for the FT, an ef-
ficient method called fast wavelet transform (FWT) was
developed to implement the DWT using filters (44). In or-
der to understand the algorithm, consider a data vector
comprising a discrete signal s(k) of length N¼ 2n and
sampling interval Dt. At first stage, wavelet transform
splits this data vector into two subvectors A1 and D1 each
of length N/2 and sampling interval 2Dt. A1 is called ap-
proximation coefficients and D1 is called detail coefficients.
D1 is retained and A1 is split into two further subsignals,
A2 and D2, each of length N/4. The splitting process is re-
peated on approximations until the nth stage, when An

and Dn each consist of a single point. As a result, the WTof
s(t) is formed by D1, D2,y, Dn, and An. Total length of the
WT equals to the length of the original signal s(t). The
process implemented at each stage can be simplified as
low-pass filtering (averaging or blurring) of the signal for
the approximations and high-pass filtering (differencing)
of the signal for the details, and then decimating (down-
sampling) of the coefficients to reduce sampling rate by
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half. Decimation process is simply achieved by throwing
every second data point. Under certain conditions (45),
reconstructing a signal from its wavelet coefficients is also
possible. The process is called inverse discrete wavelet
transform (IDWT) and involves upsampling (interpola-
tion) and filtering. Upsampling is the process of lengthen-
ing a signal by inserting zeros between samples. Unlike
the CWT, some restrictions exist on the choice of the wave-
let for the DWTwhen a perfect reconstruction of the signal
from its wavelet coefficients is desired. In the case of the
CWT, because the transform is oversampled (redundant),
inverse transform can simply be achieved by applying in-
verse CWT equation. No restriction exists on the choice of
the wavelet except fundamental requirements. In the case
of the DWT with no redundancy, in reality, the filters are
not simple low-pass and high-pass filters as simplified.
The function used in obtaining approximation coefficients
is called the scaling function, f(t), and the function used in
obtaining detail coefficients is called the mother or ana-
lyzing wavelet, c(t). Scaling functions and analyzing
wavelets occur in linked pairs. Mathematically, the wave-
let c(t) is constructed from a given scaling function f(t).
Some properties of the scaling functions and analyzing

wavelets are:

Z

fðtÞdt¼1; ð20Þ

Z

cðtÞdt¼0: ð21Þ

The scaling functions and analyzing wavelets are local-
ized in both time and frequency. In practice, the scaling
filter is FIR, of length 2N, of sum 1 of norm 1=2�1=2, and a
low-pass filter. From this filter, four other filters are de-
fined for decomposition (low-pass and high-pass) and re-
construction (low-pass and high-pass). The DWT of a
signal of length N consits of log2N stages at most. For a
1-D signal, high frequencies influence the details of the
first levels; low frequencies influence the deepest levels
and associated approximations.

Reports on the use of the wavelet transform in emboli
detection started appearing in the literature in the late
1990s. Chan et al. reported their work on fast detection of
venous air embolism in Doppler heart sounds using dyadic
WT (31). Online ES detection systems based on the DWT
were described in Refs. 46 and 47, respectively. Prior to
discussing how DWT is used in detecting emboli, descrip-
tion of the relevant signals is instructive. Basically, any
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embolic signal detection system involves in processing a
signal, which is a combination of a number of signals, in-
cluding DS, artifact, ES, and system noise. A DWT de-
scription of DS, ES, and artifact compared with Gaussian
white noise can be found in Ref. 46. In this study, 100 ES,
100 DS, and 100 artifacts were analyzed using an eight
scales DWT with eight order Daubechies wavelet (db8).
The choice of the eight order Daubechies wavelet was par-
tially based on an extensive study to determine the best
wavelet for detection (48). Although it was not providing
the best detection rate, the eight order Daubechies wave-
let was considered as optimized in terms of the detection
rate and filter length. The study reveals that ES concen-
trate in the scales 2, 3, and 4, DS concentrate in the scales
1, 2, and 3, and artifacts concentrate on the scales 5 and 6.
Considering that blood flow has forward and reverse flow
components, ES and DS are mostly unidirectional
whereas artifact is bidirectional. Therefore, identifying
and suppressing artifacts using DWT is quite easy. Al-
though both are directional, ES differ from DS in certain
aspects. They are shorter in time, have higher amplitudes,
and narrower frequency bands. For the sake of clarity, a
simple statistical analysis on DWT coefficient of a complex
Gaussian white noise, a DS, and an ES have been per-
formed.

4.2. Discrete Wavelet Description of Gaussian White Noise

For this study, a complex Gaussian white noise n(t), of
length 2048, was generated numerically. The DWT (8
scales) was applied to the signal. db8 was used for the
analysis. All scales were independently reconstructed, and
some simple statistics such as mean and variance were
calculated. Table 1 shows the mean and variances of the
original signal (Gaussian noise) and the reconstructed ap-
proximations and details at each scale. Theoretically, the
mean of the Gaussian white noise is 0 and variance is 1.
For the signal considered here, the mean is 0.0128 and
variance is 0.999. It is interesting to note that the means
of approximations at all scales are almost equal to the
mean of the Gaussian noise. The means of the details are
approximately zero. From Table 1, it is possible to infer
that the variance decreases approximately two-fold be-
tween one level and the next. These results suggest that
each signal reconstructed at each scale is no longer white
noise as color is introduced by the filters. Approximations
and details of a Gaussian white noise are Gaussian colored
noises, and that these signals are increasingly interde-
pendent as the resolution increases.

4.3. Discrete Wavelet Description of Doppler Speckcle

Doppler signals can be described as band-limited signals
as they are caused by many small scatterers (red blood
cells) within the ultrasonic sample volume. As the speed of
the red blood cells are not uniformly distributed within the
sample volume, back-scattered Doppler ultrasonic signals
form a range of frequencies. Actual distribution of the
Doppler ultrasound signal is influenced by many other
factors as well, such as tissue interface, transducer char-
acteristics, filters, and so on. However, it shows charac-
teristics of a colored Gaussian distribution. Table 2 shows
mean and variances of the reconstructed approximations
and details at each scale of the forward component of a
Doppler signal x(t) obtained from the carotid artery of a
healthy subject, given in Fig. 7. Table 3 illustrates mean
and variances of the reconstructed approximations and
details at each scale of the reverse component of the same
signal. In fact, ideally, no Doppler signal at reverse com-
ponent should exist. Therefore, mean and variance of the
details should follow the same pattern as Gaussian white
noise described above. Variances of the approximations
and details should halve with increasing scale. The first-
level detail is mainly formed by noise, as no difference ex-
ist between forward and reverse flow amplitudes. At the
second and third scales, in addition to the noise, some
speckles produced by the Doppler hardware exist in this
particular application. Higher-level scales are dominantly
formed by the Doppler signal. However, this single exam-
ple should not mislead the understanding about the wave-
let transform of Doppler signals, as they display different
characteristics from patient to patient.

4.4. Discrete Wavelet Description of Embolic Doppler
Signals

Although both are directional, embolic signals differ from
normal Doppler signals in some respect. They are much
shorter in time, have higher amplitudes, and narrower
frequency bands. Table 4 shows mean and variances of the
reconstructed approximations and details at each scale of
the forward component of an embolic Doppler signal x(t).
Table 5 demonstrates mean and variances of the recon-
structed approximations and details at each scale of the
reverse component of the same signal. If the variances
given in Tables 4 and 5 are studied, it is possible to see
that variances of the details for forward signal at the
scales dominated by the embolic signal (scales 2, 3, and 4)
are much higher than the other scales. Variances at the
reverse flow usually follow the pattern shown by the
Gaussian white noise. It is also obvious that there is an
overlap between embolic signals and normal Doppler sig-

Table 1. Mean and Variances of the Original Complex Gaussian White Noise and the Reconstructed Approximations and
Details at each Scale

n(t) A1/D1 A2/D2 A3/D3 A4/D4 A5/D5 A6/D6 A7/D7 A8/D8

0.0129 0.0129 0.0131 0.0131 0.0139 0.0132 0.0136 0.0148
Mean 0.0128 0.0002 0.0003 0.0003 0.0006 0.0009 0.0008 0.0003 0.0013

0.4749 0.2352 0.1193 0.0541 0.0229 0.0111 0.0065 0.0028
Variance 0.9990 0.5234 0.2390 0.1159 0.0649 0.0307 0.0119 0.0044 0.0036

8 VENOUS AIR EMBOLISM: DETECTION VIA WAVELET TRANSFORM



nals. Therefore, it is impossible to isolate an embolic event
totally from the normal Doppler signal. However, a certain
degree of improvement on detecting embolic signal is
achievible by using the wavelet decomposition.

Several possibilities for further studies using the DWT
results exists. The first is to improve the EBR ratio by
employing some sort of denoising (or despeckling) or com-
pressing procedures. The existing methods may be
adapted to our purpose, as early investigation has pro-
vided some improvement on the EBR ratio. The second is
to develop and implement some detection statistics on the
scale domain. Both approaches require considerable un-
derstanding of the behaviors of Doppler speckles, arti-
facts, and embolic signals from various sources, which can

be achieved by analyzing data from as many different
sources as possible using the DWT.

5. DETECTION ALGORITHM

An embolic signal detection system using DWT consists of
processing blocks illustrated in Fig. 8. Almost all Doppler
ultrasound systems use the quadrature demodulation
method for obtaining audio Doppler ultrasound signals.
Many systems do not provide directional time-domain sig-
nal outputs. Therefore, the first step is to convert the
quadrature Doppler signal to the directional one. This
step is important to use one of the most distinctive fea-
tures of embolic signals. All embolic signals are assumed
to be unidirectional and most artifacts are bidirectional.

Table 2. Mean and Variances of the Reconstructed Approximations and Details at each Scale of the Forward Component of
a Doppler Signal Obtained from the Carotid Artery of a Healthy Object

xf(t) A1/D1 A2/D2 A3/D3 A4/D4 A5/D5 A6/D6 A7/D7 A8/D8

0.0032 0.0032 0.0032 0.0030 0.0027 0.0024 0.0025 0.0027
Mean 0.0032 0.0000 0.0000 0.0000 0.0002 0.0003 0.0003 0.0001 0.0001

0.1050 0.1048 0.1045 0.0948 0.0293 0.0011 0.0001 0.0000
Variance 0.1051 0.0001 0.0002 0.0003 0.0097 0.0655 0.0282 0.0010 0.0001

Figure 7. Sonogram of the Doppler signal ob-
tained from the carotid artery of a healthy sub-
ject.

Table 3. Mean and Variances of the Reconstructed Approximations andDetails at each Scale of the Reverse Component of a
Doppler Signal Obtained from the Carotid Artery of a Healthy Object

xr(t) A1/D1 A2/D2 A3/D3 A4/D4 A5/D5 A6/D6 A7/D7 A8/D8

0.0105 0.0105 0.0105 0.0104 0.0104 0.0104 0.0104 0.0104
Mean 0.0105 0.0000 0.0000 0.0000 0.0000 0.0000 0.0000 0.0000 0.0000

0.0021 0.0018 0.0013 0.0012 0.0006 0.0001 0.0000 0.0000
Variance 0.0022 0.0001 0.0004 0.0004 0.0001 0.0006 0.0005 0.0001 0.0000

Table 4. Mean and Variances of the Reconstructed Approximations and Details at each Scale of the Forward Component of
an Embolic Doppler signal

xf(t) A1/D1 A2/D2 A3/D3 A4/D4 A5/D5 A6/D6 A7/D7 A8/D8

0.0060 0.0060 0.0060 0.0059 0.0059 0.0059 0.0059 0.0058
Mean 0.0060 0.0000 0.0000 0.0000 0.0000 0.0000 0.0000 0.0000 0.0001

0.0215 0.0151 0.0048 0.0007 0.0001 0.0000 0.0000 0.0000
Variance 0.0239 0.0024 0.0063 0.0104 0.0040 0.0006 0.0001 0.0000 0.0000
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This feature is used to discriminate embolic signals from
artifacts. Inputs of this block are N points in-phase signal
si(k) and quadrature-phase signal sq(k). The outputs are
forward signal sf(k) and reverse signal sr(k). At the second
stage, the DWT coefficients of the forward and reverse
signals are obtained using an appropriate wavelet and
number of scales. This process provides decomposition of
the input signal into an optimum number of frequency
bands. It must be pointed out that the WT result is mainly
influenced by the wavelet chosen for a particular analysis.
The WT coefficients can be interpreted as the resemblance
indexes between the signal and the wavelet, so the WTof a
signal is not unique and very much depends on the choice
of the wavelet. Therefore, it is important to determine a
suitable wavelet for the signal being analyzed. From the
experimental results, it was found that almost all embolic
signals are represented; at first, four scales and artifacts
were at the higher scales (low frequencies). This inherent
feature of the DWT greatly simplifies artifact removal
procedure by scale domain filtering. The remaining indi-
vidual scales are reconstructed by the IDWT using the
same wavelet and corresponding instantaneous powers
are calculated. A threshold level for each scale is deter-
mined. An example of a directional embolic signal cor-
rupted by a large artifact and corresponding reconstructed
wavelet coefficients for 5 scales and associated instanta-
neous powers are shown in Figs. 9 and 10 respectively. An
embolic signal around the absolute time 400ms is embed-
ded in a very large artifact in the original Doppler signal.
However, after the DWT, the embolic signal is enhanced at
the scale 2. The noise appears at the scale 1. Doppler sig-
nals from normal blood flow appear at the scales 2 and 3.
Large artifact dominates scales 4 and 5. Note that embolic
signal is unidirectional, and artifact is bidirectional, as the
ratio of forward and reverse signal powers at this scale are
around 1. At the final stage, detection and classification

are performed. First, the scale, which is likely to consist of
am embolic signal, is determined by using three parame-
ters: the scale with maximum power (MP), the scale with
maximum peak-to-threshold ratio (MP2T), and the scale
with maximum variance (MV). Taking MP as the first
choice is logical because the assumption is that embolic
signals are at least several dB more intense than DS.
However, existence of much more intense artifacts occa-
sionally invalidates this assumption as seen in the exam-
ple given in Figs. 9 and 10. Therefore, choice of the scale
based on the MP must be validated by the MP2T. If these
three parameters refer to the same scale, then the classi-
fication is done on this scale. If these parameters refer to
different scales, then the scale with MP2T is considered.
This approach eliminates most of the mis-selection of the
scales for further analysis and classification process. Ad-
ditionally, existence of some components of the ES within
a certain time margin in the neighboring scales are also
investigated using the same criteria as above. If they ex-
ist, then those scales are also considered for detection. The
final step is to apply a decision system, which can be based
on fuzzy logic, neural network, or any other method.

In 1965, Lotfi A. Zadeh of the University of California
at Berkeley introduced the concept of fuzzy sets (49),
which laid out the mathematics of fuzzy set theory and,
by extension, fuzzy logic. Zadeh had observed that con-
ventional computer logic could not manipulate data that
represented subjective or vague ideas, so he created fuzzy
logic to allow computers to determine the distinctions
among data with shades of gray, similar to the process of
human reasoning. Fuzzy logic is an extension of Boolean
logic dealing with the concept of partial truth. Whereas
classical logic holds that everything can be expressed in
binary terms (0 or 1), fuzzy logic replaces Boolean truth
values with degrees of truth. These statement represen-
tations are in fact nearer to real-life human problems and

Table 5. Mean and Variances of the Reconstructed Approximations and Details at each Scale of the Reverse Component of
an Embolic Doppler Signal

xr(t) A1/D1 A2/D2 A3/D3 A4/D4 A5/D5 A6/D6 A7/D7 A8/D8

0.0026 0.0026 0.0026 0.0026 0.0026 0.0025 0.0026 0.0025
Mean 0.0026 0.0000 0.0000 0.0000 0.0000 0.0000 0.0001 0.0000 0.0001

0.0028 0.0018 0.0013 0.0004 0.0001 0.0000 0.0000 0.0000
Variance 0.0046 0.0018 0.0010 0.0005 0.0009 0.0003 0.0001 0.0000 0.0000
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Figure 8. Block diagram of the DWT-based embolic Doppler ultrasound signal detection system.
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statements, as truth and results are, most of the time,
partial (not binary) or imprecise (fuzzy) (50–52). Usage of
fuzzy logic in classification of ES can be found in Ref. 46
and 47. In this study, a fuzzy logic approach based on the
trapezoidal membership function was employed as de-
scribed in Ref. 46.

Although the earliest work in neural computing goes
back to the 1940’s when McCulloch and Pitts introduced
the first neural network computing model, real interest in
neural networks started in the early 1980s. Recent work
includes Boltzmann machines, Hopfield nets, competitive
learning models, multilayer networks, and adaptive reso-
nance theory models. A neural network is an intercon-
nected group of artificial neurons that uses a
mathematical or computational model for information pro-
cessing based on a connectionist approach to computation.
It involves a network of relatively simple processing ele-
ments, where the global behavior is determined by the
connections between the processing elements and element
parameters. The original inspiration for the technique was
from examination of bioelectrical networks in the brain
formed by neurons and their synapses. In a neural net-
work model, simple nodes, which are also called neurons,
processing elements or units, are connected together to
form a network of nodes. Like a biological brain, a neural
network is a massively parallel collection of small and
simple processing units where the interconnections form a
large part of the network’s intelligence. It replicates cer-

tain functions that seem exclusive to the brain such as
learning (53–55). A number of researchers have reported
successful application of neural network in detection and
classification of ES (56–60).

5.1. Some Parameters Used for the Detection and
Classification of Embolic Signals

At the detection and classification stage, many parame-
ters representing features of embolic signals are used.
Most of the parameters are calculated using the IP model
of embolic signal illustrated in Fig. 11. One of the most
important steps is perhaps threshold selection. As it is
used as a normalizing factor in almost all parameters, the
results are greatly influenced by the threshold. The
threshold is determined from the data, which is suffi-
ciently long, by using a statistical procedure, which de-
pends on data length and the standard deviation (61). It is
an average estimation of the background power of the
current scale.

Ath¼ sfn
ffiffiffiffiffiffiffiffiffiffiffiffiffiffi

log2 N
p

þ srn
ffiffiffiffiffiffiffiffiffiffiffiffiffiffi

log2 N
p

; ð22Þ

where sfn and srn are the standard deviations of the for-
ward and reverse signal energy at the nth scale and N is
the length of the observation.

The most widely used parameter in embolic signal de-
tection to date is embolic signal intensity to average back-
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Figure 9. Forward (f) and reverse (r) flow components of an ES corrupted with an artifact and
corresponding reconstructed wavelet coefficients for five scales.
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ground ratio (EBR), indicating how strong an embolic sig-
nal is relative to the background Doppler signal. One of
the definitions of the EBR is peak-to-threshold ratio
(PI2TR), which can be calculated using the quantities
given in Fig. 11.

P2TR¼ 10 log
Apeak

Ath
ðdBÞ: ð23Þ

Another parameter, which may be a good indicator of
the EBR, is total-power-to-threshold ratio (TP2TR) and

given as

TP2TR¼ 10 log
Atotal

Ath
¼

P

toff

t¼ ton

AforwardðtÞ

Ath
ðdBÞ; ð24Þ

where Atotal is the total power (area) of the embolic signal.
It is calculated by integrating the IP curve between ton and
toff as shown in Fig. 11. Two other parameters, which use
threshold indirectly, are embolic signal rise rate (RR) and
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Figure 11. Sketch of IP for a specific reconstructed wavelet
scale containing an ES and quantities used to calculate de-
tection parameters.
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fall rate (FR). They are defined as

RR¼
10 logðAPeak=AthÞ

tpeak � ton
¼

P2TR

tpeak � ton
ðdB=msÞ; ð25Þ

FR¼
10 logðAPeak=AthÞ

toff � tpeak
¼

P2TR

toff � tpeak
ðdB=msÞ: ð26Þ

Two parameters, which use the directionality properties
of embolic signals, are the forward-to-reverse-intensity
ratio at the scale with maximum intensity (F2R) and the
total-forward-to-reverse-power ratio (TF2R) calculated
over the duration between ton and toff as defined in Fig.
11. They are given as

F2R¼ 10 log
AforwardðtpeakÞ

AreverseðtpeakÞ
ðdBÞ; ð27Þ

TF2R¼ 10 log

P

toff

t¼ ton

AforwardðtÞ

P

toff

t¼ ton

AreverseðtÞ

ðdBÞ: ð28Þ

Although the DWT decomposes an ES into different fre-
quency bands, frequency characteristics of embolic signals
cannot be used properly because of the poor frequency
resolution of the DWT at higher frequency bands. The fol-
lowing parameters attempt to overcome this problem by
using some basic definitions of time-frequency character-
ization of narrow band signals in the context of informa-
tion theory. Although some of these definitions are invalid
for wide-band signals, the individual decomposed scales
may be regarded as narrow-band signals. Moreover, the
signals resulting from an embolus, which may be consid-
ered as a single scatterer, can be assumed as narrow-band
signals, which validate the narrow-band approach (17). A
simple way to characterize a signal simultaneously in time
and frequency is to consider its mean localization and dis-
persions in each of these representations, which can be
obtained by considering jsðtÞj2 and jSðf Þj2 as probability
distributions, and looking at their mean values and stan-
dard deviations. ts is the average time of the signal and fs
is the average frequency of the signal and they defined
respectively as

ts¼
1

Es

Z þ1

�1

t sðtÞ
�

�

�

�

2
dt; ð29Þ

fs¼
1

Es

Z þ1

�1

f Sðf Þ
�

�

�

�

2
df : ð30Þ

Time spreading ðT2
s Þ and frequency spreading ðB2

s Þ are

defined as

T2
s ¼

4p
Es

Z þ1

�1

ðt� tsÞ
2 sðtÞ
�

�

�

�

2
dt; ð31Þ

B2
s ¼

4p
Es

Z þ1

�1

ðf � fsÞ
2 Sðf Þ
�

�

�

�

2
df ; ð32Þ

where Es¼
R þ1

�1
sðtÞ
�

�

�

�

2
dtoþ1.

A narrow-band signal then can be characterized in the
TF plane by its mean position (ts, fs) and a domain of main
energy localization whose area is proportional to the time-
bandwidth product Ts�Bs.

Another way to describe a signal simultaneously in
time and in frequency is to consider its instantaneous am-
plitude and instantaneous frequency (62), which are de-
fined respectively as

aðtÞ¼ saðtÞ
�

�

�

�; ð33Þ

f ðtÞ¼
1

2p
d arg saðtÞ

dt
; ð34Þ

where saðtÞ¼ sðtÞþ jHfsðtÞg and H stands for Hilbert trans-
form.

Processing steps for the detection of embolic signals can
be summarized as follows:

* Obtain directional Doppler signals from quadrature
Doppler signals by applying one of the methods de-
scribed in Ref. 63.

* Apply DWT to each channel in order to obtain direc-
tional DWT coefficients. An appropriate wavelet and
number of scales must be chosen.

* Reconstruct individual wavelet coefficients using the
IDWT.

* Find IP of each scale.
* Derive a threshold value from the signal for each
scale to be used in detection.

* Evaluate the detection parameters described above
for each scale.

* Apply the detection logic.

In Ref. 46, it has been reported that an ES detection
system as described above performed extremely well on
different datasets specifically composed of low-intensity
(less than 10dB) embolic signals. Detection parameters
were tuned by using the first dataset, which included 100
ES, 100 DS, and 100 artifacts. It was reported that 98 out
of 100 emboli were detected. For the second independent
dataset, 95 out of 100 emboli were detected using the same
parameters tuned with the first dataset. In a third data
set composed of normal-intensity embolic signals, 198 em-
bolic signals out of 202 were detected. These results sug-
gest that the WT is likely to increase system sensitivity
and specificity. The availability of fast algorithms and its
ability to remove unwanted signals such as artifacts also
make the WT attractive in online systems. Comparing
with artifacts, which propagate through more than three
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scales, the description of ES as transients is not appropri-
ate. A transient is an unexpected complex signal distur-
bance having a range of frequency components. ES can
appropriately be expressed within the context of wavelet
theory, as they are composed of several ‘‘wavelets’’ result-
ing from a single scatterer passing through an ultrasonic
sample volume. They satisfy the basic properties of wave-
lets: ES oscillate and decay rapidly as wavelets do.

In this study, a signal-processing algorithm based on
the DWT to characterize ES, DS, and artifacts has been
described. Results show that the detection parameters de-
rived from the DWT coefficients are likely to improve the
sensitivity of an automated system. In an automated ES
detection system, several important aspects exist. First,
the algorithm must emphasize ES and preferably sup-
press DS and artifacts. Such a feature will lead to an im-
provement in the EBR. This problem can be considered as
the detection and estimation of signals in noise. The WT
has been proved to be an effective tool for the detection and
estimation of transients. The statistical properties of the
DWT for white noise and Doppler signals presented above
enables us to accurately estimate a signal from a small
number of wavelet coefficients. ES are most likely to ap-
pear in the scales with larger variance. If unusual activity
exists within the analysis window, it will be reflected on
the variance. A practical conclusion from this observation
is that a simple WT process can be employed to enhance
any Doppler signal or an ultrasonic image by simply can-
celing out related wavelet coefficients during reconstruc-
tion. However, one drawback of the DWT compared with
the FFT is the reduced frequency resolution at lower
scales, in which ES are mostly found. The performance
of the DWT-based system alone may not be as good as an
FFT-based system because of the lack of frequency reso-
lution, although it does have some advantages for very
small signals because of its high temporal resolution.
Therefore, some additional parameters based on the FFT
and instantaneous frequency have been introduced to be
used in the detection algorithm.

6. RECENT TRENDS IN EMBOLIC SIGNAL DETECTION

Earlier ES detection systems assumed that the signal was
stationary within the analysis window. The reason for this
assumption was that these systems were basically an ad-
aptation of normal blood flow analysis systems, which
were all based on the FFT. However, it is a fact that ES
are short-duration nonstationary signals. Therefore,
much of the research in detection and classification of
ES have concentrated on developing techniques, which
characterizes ES better. Recent research results suggest
that the WT is a suitable tool for processing ES and in-
creases sensitivity and specifity of ES detection systems.
However, it is also understood that the WT alone is not
sufficient to have a good ES detection system. Therefore,
the trend in ES detection is to use a combination of the
traditional methods supported by new techniques such as
the WT. Two approaches can be used to combine these
methods. The first is to use the DWT as the main analysis
tool for decomposing ES as described above, then derive

relevant parameters, and use some features of the signal
that are better characterized by the FFT. This approach
was reported in Ref. 46. The other approach is to use the
WT as a preprocessing tool for suppressing the artifact
and noise, and then to apply traditional techniques for
detection of ES. It is reported that this approach has im-
proved detection accuracy by 10–20% (64,65). These re-
sults suggests that the generation of ES detection and
classification systems should use a combination of existing
and newly developed techniques in order to achieve the
best possible detection accuracy.
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D. W. Droste, C. Molina, J. Serena, R. Sztajzel, P. Ruchat, C.
Lucchesi, G. Dietler, E. B. Ringelstein, P-A. Despland, and J.
Bogousslavsky, Automatic classification of HITS into artifact
or solid or gaseous emboli by a wavelet representation com-
bined with dual-gate TCD. Stroke 2001; 32:2803–2809.

30. M. A. Moehring and M. P. Spencer, Power M-mode Doppler
(PMD) for observing cerebral blood flow and tracking emboli.
Ultrasound Med. Biol. 2002; 28:49–57.

31. B. C. B. Chan, F. H. Y. Chan, F. K. Lam, P. W. Lui, and P. W. F.
Poon, Fast detection of venous air embolism in Doppler heart
sound using the wavelet transform. IEEE Trans. Biomed.

Eng. 1997; 44:237–246.

32. N. Aydin, S. Padayachee, and H. S. Markus, The use of the
wavelet transform to describe embolic signals. Ultrasound
Med. Biol. 1999; 25:953–958.

33. B. S. Krongold, A. M. Sayeed, M. A. Moehring, J. A. Ritcey, M.
P. Spencer, and D. I. Jones, Time-scale detection of micro-
emboli in flowing blood with Doppler ultrasound. IEEE Trans.
Biomed. Eng. 1999; 46:1081–1089.

34. J. M. Girault, D. Kouame, A. Ouahabi, and F. Patat, Micro-
emboli detection: an ultrasound Doppler signal processing
viewpoint. IEEE Trans. Biomed. Eng. 2000; 47:1431–1439.

35. D. H. Evans, W. N. McDicken, R. Skidmore, J. P. Woodcock,
Doppler Ultrasound: Physics, Instrumentation and Clinical

Applications. Chichester, UK: John Wiley & Sons, 1989.

36. M. Akay, Wavelets in biomedical engineering. Ann. Biomed.

Eng. 1995; 23:531–542.

37. M. Unser and A. Aldroubi, A review of wavelets in biomedical
applications, Proc. IEEE, 1996; 84:626–638.

38. M. Farge, N. Kevlahan, V. Perrier, and É. Goirand, Wavelets
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1. VARIABILITY OF THE VENTILATORY SYSTEM

Ventilation is not constant but exhibits variability within
individuals and across species, as demonstrated by fluc-
tuations in numerous respiratory variables on many time
scales of observation (1). Components of ventilatory out-
puts, dissected as intrabreath durations, interbreath spac-
ings, volume trajectories, and single-breath amplitudes,
can each vary independently over periods of days (circa-
dian rhythms), hours (state of consciousness), minutes
(metabolic demands), seconds (breath-by-breath fluctua-
tions), milliseconds (action potential triggers), micros-
ceonds (ionic current flows), nanoseconds (quantal
release of transmitters), and picoseconds (ion channel gat-
ing). Direct modulations of ventilatory outputs lead to in-
direct fluctuations in arterial blood contents and partial
pressures of oxygen and carbon dioxide. One scientific goal
of respiratory investigations is to provide reasonable ex-
planations for the intricate variations in breathing pat-
terns (Table 1). Just how much variability is really
healthy? How much/little variability is actually detrimen-
tal? These central questions are critical to clinical medi-
cine where abnormal breathing patterns (Cheyne Stokes,
Biot’s breathing, apneusis, gasping, obstructive apneas,
etc.) develop from ominous malfunctioning of the neuro-

logical and cardiovascular systems (2), and are not infre-
quently associated with poor patient prognosis (3).

In broad perspective, the overarching charge to and ul-
timate responsibility of the mammalian ventilatory sys-
tem is to maintain arterial blood gases within proper
homeostatic ranges (e.g., PaO2 485mm Hg; PaCO2

o45mm Hg). It then falls on the cardiovascular and cir-
culatory systems to properly convect and distribute oxy-
genated blood throughout the body appropriate to acute
metabolic needs. This interaction between pulmonary and
vascular systems implies some type of mandatory coupling
or cross talk between lungs and heart/vessels to render
the organism viable under various physiological situations
in the face of numerous environmental challenges (4). In
short, the deceptively simple command reduces to:
‘‘Breathe!’’ Or, in its more verbose form, ‘‘Keep the organ-
ism alive whatever it takes!’’ The ‘‘whatever’’ implies com-
plex, coordinated, and appropriate interactions with and
responses to external threats to life itself, expressed in
terms of ventilatory adjustments on a breath-by-breath
basis. It is no wonder that external factors (e.g., noxious
gases) or internal factors (e.g., brain stroke) can alter
breathing patterns rather quickly. Insofar that multifac-
eted variability keeps the system on its toes as it were,
dynamic variability can be viewed as good, even life-sav-
ing. So whether the challenge is from the world without or
compromised systems within, only the solution changes
(e.g., altered breath timings and volumes), not the basic
charge (e.g., ‘‘Somehow, keep breathing!’’).

2. COMPLEXITY OF THE VENTILATORY SYSTEM

We should not be surprised that the components of the
ventilatory/circulatory system are so numerous and intri-
cately interwoven in space (distributed elements) and
time (phasic delays) as to preclude prediction of future
breaths and patterns of breathing, save on some statistical
basis. In this sense, statistical physics and breathing pat-
terns might share more in common than heretofore ap-
preciated. And more than a fully deterministic
mechanism, ventilation and its integration with environ-
mental cues make use of stochastic processes to help steer
or guide both the timings and trajectories of volume ex-
cursions. What we are dealing with is not a simple deter-
ministic or low-dimensional chaotic complexity with its
sensitivity to initial conditions (5), embodied in the so-
called three-body problem of physics. Rather, the mani-
festation of breathing in all its forms rides on a foundation
of what might be described as high-dimensional complex-
ity (6). To be sure, numerous interacting physiological
variables and their intricate interconnections are both
implicated, neither of which are static or stationary in
time.

How are we to deal with such high-dimensional com-
plexity, especially as it pertains to the nuances of ventila-
tion? On the surface, the ‘‘divide and conquer’’ approach of
reductionistic science might be construed as fruitful. The
less the number of participating system variables with
which we must deal, the better the chance of understand-
ing the system. At least that is the rationale. When one

Table 1. Multiplicative Interacting Factors that Serve as
Potential Sources of Mammalian Ventilatory Variability in
States of Health and Disease

Connectivity of Components Physical and Chemical Factors
Central respiratory neurons Airway resistance
Efferent respiratory nerves Pulmonary compliance/

elastance
Effector muscles of breathing Chest wall compliance/

elastance
Afferent chemoreceptors Ventilation/perfusion

matching
Afferent mechanoreceptors Blood viscosity
Higher brain inputs Blood PaO2, PaCO2, pH

Extrinsic Influences Physiological State
Speech Awake
Posture Control REM and nonREM sleep
Neuromechanical interactions

with heart
Anesthetized

External environment Exercise
Temperature Disease
Drugs Acute and chronic pain
Noise Psychological condition

1
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thinks about it, probably the first reduced preparation of
note from over a century of studies is the anesthetized
experimental animal. The literature is replete with exam-
ples of how anesthesia reduces (cripples) the ventilatory
system, leaving only the most rudimentary (low brain-
stem) functions intact, with a concurrent loss of dynamic
variability (7). Then there is the decerebration procedure,
which reduces the preparation surgically, leaving the
lower neuroaxes intact and unhampered by anesthetic de-
pression. More recently, critical studies have been con-
ducted on the neonatal rat brain preparation in which
both feedforward and feedback signals are removed (8).
Nevertheless, two practical problems persist. First, when
working with ‘‘simplified’’ systems, it is inappropriate to
extrapolate back to the integrated system that was never
studied in the first place. Second, physiological systems
refuse to be reduced in the sense that each scale of obser-
vation presents its own set of complexities that resist
strict simplification.

Another approach to complexity is to allow the venti-
latory system to function with its full repertoire of com-
plex moves (natural state?) and then apply methodologies
from nonlinear dynamics to the complicated (befuddling?)
behaviors of the respiratory variables (9). This perspective
at once acknowledges that breathing is dynamic and not
static, complex and not simple, nonlinear and not linear,
nonstationary and not stationary, and buffeted by noise
and not noise-free. Thus, we are tempted to speak in terms
of mathematical chaos theory, positive Lyapunov expo-
nents, nearest-neighbor dimensions, dynamical attrac-
tors, time/space fractals, information entropies, etc. (5).
But to the extent that living, breathing systems are non-
stationary in time and space, we are ill-advised to make
such recommendations. Whereas these numerical tech-
niques may somehow address the nonlinear nature of dy-
namic systems, real-life nonstationarity (drift) of
ventilation precludes their proper implementation. Wig-
ner distributions or wavelet transforms may fare better in
the analysis of nonstationary respiratory signals, but time
series data should never be over-filtered or linear-detrend-
ed, lest physiological reality itself be distorted.

3. VENTILATORY OUTPUTS

The average output of the lungs, minute ventilation, is
measured in units of air flow (mL/min) computed from the
product of the respiratory oscillator frequency (min�1)
and mean tidal volume of the respiratory pump (mL). To
escape the ‘‘curse of the mean’’ and capture faster time
scale events, however, it is mandatory to examine the pat-
tern on a breath-by-breath basis. We believe it is not only
sufficient but necessary to view the breath as a unitary or
discrete event. Consider, for example, the raw phrenic
electroneurogram (ENG) recorded from a decerebrated,
paralyzed, vagotomized, mechanically ventilated, and oth-
erwise ‘‘normal’’ cat (Fig. 1, top) (10). Each neuronal burst
or envelope of activity has its own unique characteristics
in timing and amplitude, despite the fact that the average
burst frequency is about 17 breaths per minute. Clearly,
the ‘‘volume’’ of each breath, represented by integrated

phrenic ENG, exhibits variability from one breath to the
next in this reduced preparation (Fig. 1, bottom). The
phrenic nerve is so important because it is the sole (bilat-
eral) efferent innervation to the diaphragm, the principle
muscle of breathing. And the diaphragm, in turn, is the
principle effector pathway for molding the volume trajec-
tory of each solitary breath (11). However, phrenic moto-
neurons take their orders from pre-motoneurons
descending from brainstem nuclei, which supply the im-
petus for respiratory rhythm and amplitude in the first
place (12). Thus, any consideration of ventilatory variabil-
ity must necessarily involve the neural organization of the
central respiratory pattern generator.

Neuro-mechanical-chemical loops are formed when me-
chanical and chemical afferents feedback on the system at
spinal cord and brainstem levels. In one sense, these sen-
sory feedback signals give moment-by-moment status re-
ports to the central respiratory controller as to how well
the system en total is performing in overcoming elastic
forces of the ribs and chest cage (compliance issues), con-
firming adequate airway patency (airflow resistance is-
sues), and maintaining proper blood gas tensions (PaO2

and PaCO2 issues). Then these features of automatic
breathing are further modulated by feedforward pathways
from higher brain centers, including the cerebral cortex
itself (13). These descending neuronal signals allow us to
voluntarily hold our breath, speak, sing, whistle, grunt,
and so on, putting the automatic system on hold momen-
tarily. Still other factors perceived pain from the periph-
ery, blows to the abdomen, inhaled particles or smoke,
altered physiological states, psychological fear, rage, etc.
all have the ability to adjust the characteristics of indi-
vidual breaths. Again, it is no wonder why ventilation is so
variable in normal, every day life.
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Figure 1. Phrenic electroneurogram (ENG) recorded from a
decerebrated cat (top) and its corresponding full-wave rectified,
leaky-integrated ENG (bottom). Feline phrenic recording from
Webber (10).
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Mechanically speaking, the pulmonary system consists
of conducting tubes (the airways) and bellows (alveolar
sacs) through and into which air flows reciprocally during
each respiratory cycle. Fresh air flows into the system
during inspiration as the contracting diaphragm de-
scends, pulling the lung with it, and increasing lung vol-
ume. Exhaust air flows out during expiration as the
system returns to its mechanical equilibrium position
(functional residual capacity). From these facts, early re-
searchers reasoned that reciprocal breathing is accom-
plished by a two-phase pump with inspiratory and
expiratory half cycles. Conceptually, inspiration was ter-
minated by an inspiratory ‘‘off-switching’’ mechanism (14).
However, consider once again the phrenic electroneuro-
gram (Fig. 1). If you look carefully, it is possible to identify
at least three phases of respiration that are more in line
with more modern models of breathing (15). Phase 1 is
identified by crescendo activity in the phrenic ENG and is
commensurate with inspiratory airflow. Phase 2 is identi-
fied by the postburst activity in the phrenic ENG when air
is actually flowing out of the system. In effect, maintained
tone on the diaphragm, an inspiratory muscle, regulates
the rate of expiratory airflow and smoothes (breaks) the
transition from inspiration to expiration (normal breath-
ing is not jerky). Phase 3 is identified by phrenic quies-
cence prior to the subsequent phrenic burst. During this
third phase, expiratory airflow has ceased and the system
is paused waiting for the initiation of the next inspiration.
As will be demonstrated, phase 3 is the critical window of
opportunity for the modulation of respiratory timings and
trajectories.

4. CONTINUOUS VERSUS DISCONTINUOUS DYNAMICS

Are natural world processes, including physiological dy-
namics, continuous or discrete? At first it seems that mat-
ter and time can be subdivided into smaller and smaller
units ad infinitum. However, the atomic view of nature
states that matter is discrete at its lowest scales (quarks,
etc.); and quantum mechanics and relativity theory posit
discrete events in the space–time domain, which means
that continuous systems may better reflect theoretical
mathematical constructs (infinities and infinitesimals)
than the stuff of physical reality. But what does all this
have to do with breathing and variability in ventilation?

If one subscribes to the belief that nature and dynamics
are continuous, it makes sense to attempt to model breath-
ing, for example, using differential or partial differential
equations. These equations may be complicated in terms
of numbers of coupled operating variables, but in the end,
the equations would still be fully deterministic, accurate
into the future (þ time) as well as the past (– time). Of
course, all models are simply mimics of real life, not real
life itself. This caveat acknowledged, how might such
equations jive with real-life experiences and expectations?
If biological systems were modeled on the basis of deter-
ministic equations, at least two problems would surface.
First, is it really feasible to derive equations of motion that
would exactly predict breathing patterns (and all its vari-
ability) in any given individual over a year, a month, a day,

an hour, or even a minute? To be sure, if one populated the
model with enough parameters, in principle, anything
could be modeled (curve fit), but only retrospectively, af-
ter the fact. Second, if breathing could be reduced to con-
tinuous mathematical equations, how would the system
survive in new environments against which the equations
were neither prepared to predict nor navigate? For sure,
different and robust physiological solutions must be
sought in order for organisms to remain viable and nav-
igate in noisy, unpredictable environments.

If dynamic systems are not continuous, the obvious al-
ternative is that they are discontinuous. Matter and time
at their deepest levels are quantized, but lessons from
nonlinear science demonstrate how small-scale events can
have large-scale ramifications (5). That is, discontinuous
behavior can be exhibited in large-scale features of dy-
namic systems. Such systems fall into the category of ter-
minal dynamics (technical term), of which there are
numerous examples (16). By definition, a terminal dy-
namic is comprised of two alternating components, includ-
ing a deterministic trajectory and a stochastic pause. The
adjective ‘‘terminal’’ comes from the idea that the trajec-
tory actually has a terminus, ending on a singularity. The
singularity is unstable, however, and noise can push the
dynamic onto another deterministic trajectory. Thus, each
next trajectory can be uniquely and appropriately selected
for the environmental need at hand. This feature gives the
organism great flexibility (such as is needed for walking
across an unknown field of rocks and holes, for example).

Breathing can be viewed as a discontinuous or terminal
dynamic as seen in rodent tracheal pressure fluctuations
over time (Fig. 2, top). Whenever tracheal pressure is neg-
ative (subatmospheric), a pressure gradient is established
that sucks the atmosphere into the tracheal, bronchial,
and alveolar tubes of the lung (inspiration). Conversely,
whenever tracheal pressure is positive (supra-atmo-
spheric), the pressure gradient is reversed and air is
pushed out of the lungs over the same air passageways
(expiration). But when tracheal pressure is zero, air flows
in neither direction (pause). From these observations,
three phases of the ventilatory cycle are easily discerned:
inspiration (Ptracho0 cm H2O), expiration (Ptrach40 cm
H2O), and pause (Ptrach¼0 cm H2O). From a terminal dy-
namic perspective, here is the alternating sequence of
events: 1) select and execute a deterministic inspiratory
trajectory; 2) terminate the inspiratory trajectory; 3)
pause stochastically; 4) select and execute a determinis-
tic expiratory trajectory; 5) terminate the expiratory tra-
jectory; 6) pause stochastically; and 7) return to step 1.
However, from a practical perspective, how can we detect
a terminal dynamic within a physiological time series?

Characteristic of all discontinuous dynamics is the
presence of orthogonal (right-angle) trajectories at the
singular points. Singularities can be visualized by plot-
ting the dynamic variable of interest against a delayed
version of itself, as is done for the rodent tracheal pressure
(phase space representation). As shown (Fig. 2, bottom), a
right-angle feature identifies the singularity developing
between the expiratory and inspiratory phases, coincident
with the notable pause in the dynamic when the tracheal
pressure is zero. The second singularity interposed be-
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tween the inspiratory and expiratory phases is not dis-
cernable because it is too short-lived ({2msec) with re-
spect to the relatively slow digitization frequency (500Hz).
In terms of variability, it is at the points of singularity
where the dynamic is most vulnerable. Once a dynamic is
following (riding) a deterministic trajectory, it is relatively
robust against change. However, when the system is
paused at a nondeterministic singularity, noise features
can push the dynamic onto another determined trajectory.
A good example of this feature is the heart, which can be
electrically paced during its quiescence period (T-P singu-
larity of the ECG), but not during its periods of depolar-
ization (P-Q-R-S waves) or repolarization (T wave).

5. VENTILATORY PHASE RESETTING

Further demonstrations that the pulmonary system fol-
lows a terminal dynamic paradigm come from phase re-
setting experiments. Timed activations of respiratory
afferents, mechanical or chemical, can influence subse-
quent breaths, provided they are delivered during the

nonactive phase of breathing (17). If stimuli are applied
early in the preinspiratory phase (dynamic pause), the
subsequent inspiration is phase-delayed. If the stimuli are
applied late in the preinspiratory phase, the subsequent
inspiration is phase-advanced. If the entire preinspiratory
phase is explored, singular points can be identified that
result in responses that are absolutely nonpredictable.
That is, at a specific time delay into the preinspiratory
phase, the stimulus will either phase-advance or phase-
delay the next breath to varying degrees. Beautiful phase
resetting surfaces can be constructed that clearly illus-
trate the nondeterministic behavior or the system at its
points of phase singularity (18).

Nondeterminism at singular points gives a clue as to
why neighboring breaths are singular events, not coupled
events. To demonstrate this effect, intrapleural pressure
was recorded from awake, unanesthetized, and behavior-
ally performing rats (19). Breath periods were defined as
the time interval from one nadir in intrapleural pressure
fluctuation to the next. Strings of respiratory periods ex-
hibited dynamic fluctuations over hundreds of cycles when
the rat was either quiescent (long respiratory periods, low-
frequency breathing) or active (short respiratory periods,
high-frequency breathing) (Fig. 3, top). If subsequent
breaths were contingent on previous breaths (e.g., contin-
uous deterministic dynamic), one would expect them to
form some type of a quasi-periodic or even chaotic attrac-
tor, which, however, is not the case (e.g., discontinuous
dynamic). Rather, when one breath period is plotted
against the very next breath period, the phase-space re-
constructions of the quiet and active dynamics result in
clusters of points without any distinctive features (Fig. 3,
bottom). Save for the constrained boundary conditions
(corralled by maximal and minimal breath periods), no
disallowed regions in the cluster, exist indicating that the
clusters of points form stochastic attractors. As the mea-
sured breath periods span from nadir to nadir of intra-
pleural pressure, necessarily three phases of breathing
are encompassed: expiration, singular pause, and inspira-
tion. In other words, each respiratory period has two de-
terministic trajectories surrounding a stochastic
singularity. It is the nondeterminism of the interposing
singularity that decouples adjacent breaths, making it
impossible to predict the duration of any future breath,
except in statistical terms.

Singularities can also be discerned from recurrence
plots of dynamic systems. The concept of recurrence has
a long mathematical history (20), but, more recently, the
methodology has been successfully applied to the fields of
physics (21) and physiology (19). A recurrence plot of the
first three tracheal pressure waves already discussed is
now presented (Fig. 4). The embedding dimension was set
to 10 with a delay of one, meaning that strings of 10 con-
secutive points in time were compared with all other
strings of identical length. To account for noise in the sig-
nal, patches of signal were defined as recurrent if their
distance of separation was within 1.5% of the maximum
distance of the entire signal, which resulted in a sparse
recurrence matrix in which only 2.5% of the points were
identified as recurrent. Most important is the patterning
of these rare recurrent points. As shown, the recurrence
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Figure 2. Tracheal pressure fluctuations recorded from an anes-
thetized rat (top) and its phase-space reconstruction by the
method of time-delays (bottom). The loops are inscribed clockwise
in time (arrows). Unpublished rodent data from Webber.
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plot has a long central diagonal (self-identity matches)
and off-center diagonals. Two features in the recurrence
plot localize the phase singularity to the preinspiratory
phase of the pressure trace. First, recurrent points display
noticeable swellings at those positions where the pressure
trace is relatively unchanging. Second, at these swellings,
entire off-center diagonal lines are shifted, denoting an
instantaneous change in interbreath intervals at these
points in time.

It is crucial to understand that dynamic systems are
most easily steered (controlled) from their singular points,
not their deterministic trajectories, which, once initiated,
resist change. Thus, variability of the ventilatory cycle
over time depends on a multitude of signals impinging on
the system during this vulnerable phase, their mixing and
matching in amplitude and phase. On the other hand,
variations in volume envelops (profile or shape of individ-
ual breaths) may simply reflect the selection of alternative
trajectories that are appropriate for the physiological state
and environmental cues at hand.

6. MATHEMATICAL MODELS OF BREATHING

Numerous and elegant models of breathing exist (22),
many fundamentally based on Hodgkin and Huxley ionic
currents. However, this type of modeling is coming under
scrutiny (23). One major problem of these models is that
each assumes breathing to be a continuous process or
smooth dynamic. It is not uncommon to find that these
models fail to reproduce realistic variability in breath tim-
ings, breath amplitudes, or volume profiles. A more real-
istic model would be one that captures the essence of
discontinuous or terminal dynamics. No need exists to
abandon the deterministic models in their entirety, how-
ever, just as long as the deterministic equations are con-
fined to the trajectories themselves, not the intervening
pauses. More realism can be modeled by introducing: 1)
singular phases between the deterministic trajectories;
and 2) a whole repertoire of equations to account for nu-
merous trajectory selections.

Consider, for example, the Bonhoeffer-van der Pol non-
deterministic equations of motion that have been em-
ployed to mimic feline breathing (24). A pair of coupled
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differential equations can be parameterized such that the
system forms a stable node, the singularity. This stable
node is reached every time the equation reverts to zero,
terminating the trajectory. After a stochastic delay, a new
trajectory is selected when random noise of sufficient am-
plitude (threshold exceeded) pushes the system away from
the node and out onto a deterministic trajectory (the sep-
aratrix). The amplitude of this unique orbit is controlled
by a drive parameter that mimics the carbon dioxide drive
on the system. The single orbit terminates (is extin-
guished) as it returns to the stable node, awaiting suffi-
cient stochastic impetus to initiate the next cycle. This
type of modeling reproduces realistic breathing patterns,
replete with inherent variability in breath timings. In-
trinsic to this type of model is its piecewise deterministic
structuring, whereby deterministic equations of motion
are interrupted by stochastic pauses. Thus, stochastic
variability is seen not only in the timing variables (breath
frequency) but also in the unique trajectory selections
(breath volume) appropriate for each and every breath.

After all is said and done, ubiquitous ventilatory vari-
ability may ultimately track back to the fundamental
characteristics of the central respiratory controller. Theo-
ries abound as to how the brain circuitry is organized to
effect the automatic rhythms and patterns of breathing
(Table 2). The lesson is that the controller is notably

adaptable, flexible in health, but very much restricted in
disease. Future work may confirm that variability in ven-
tilatory outputs is the signature of successful searching
strategies that optimize breathing performance on a
breath-by-breath basis (local) throughout life (global).

7. CONCLUSIONS

Normal ventilation is characterized by dynamic variabil-
ity, which endows organisms with the flexibility to survive
and thrive in many different environments. Respiratory
problems develop when the external threat is too great
(e.g., high altitude hypoxia) or the internal mechanism is
too compromised (e.g., brainstem stroke). In either case,
the concept of dynamic disease may fully apply to breath-
ing and its many possible abnormalities (25). In the past,
respiratory patterns have been dissected and studied from
an engineering perspective, including stability and per-
turbation analyses, often with linear tools. However, the
recognition that many physiological control systems lack
error signals throws into question the robustness of set
point theory and homeostatic negative feedback in living
systems (26). Contrary to conventional wisdom, growing
appreciation exists that the key to dynamic systems might
be their instability at singular points (16). This nonlinear
and nondeterministic feature, coupled with trajectory se-
lection, provides a conceptual framework explaining why
breathing is so successful in keeping the organism alive in
hostile environments (27). Success depends on the system
being flexible to momentary demands; flexibility implies a
repertoire of dynamic options; and dynamic variability is
exactly what we observe across numerous ventilatory
variables over a range of scales.
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Table 2. Complex Interactions of Neuron Populations of
Varying Size, Distribution, Connectivity, and State
Dependency Interact to Render Breathing Appropriately
Adaptable to Organismal Requirements and
Environmental Challenges

Network Models Pacemaker Models

Breathing rhythm develops
from distributed and
interacting networks of
neurons, which oscillate as
an ensemble

Breathing rhythm is
attributed to a small island
of bursting neurons, which
set the pace

Pacemaker-Network Hybrids Switching Circuits
Rhythm and patterns of

breathing are attributed to
pacemaker neurons, which
are embedded within a
more extensive neuronal
network

Rhythm and patterns of
breathing are triggered and
governed by discontinuous
state changes within the
system

Table modified from http://www.rybak-et-al.net/ncb.html.
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ŽELJKO OBRENOVIĆ
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1. INTRODUCTION

Virtual instrumentation is an interdisciplinary field that
merges sensing, hardware, and software technologies to
create flexible and sophisticated instruments for control
and monitoring. Several definitions of a virtual instru-
ment are available in the open literature. Santori defines a
virtual instrument as ‘‘an instrument whose general func-
tion and capabilities are determined in software’’ (1). Gold-
berg states that ‘‘a virtual instrument is composed of some
specialized subunits, some general-purpose computers,
some software, and a little know-how’’ (2). Although in-
formal, these definitions capture the basic idea of virtual
instrumentation and virtual concepts in general, provided
with sufficient resources, ‘‘any computer can simulate any
other if we simply load it with software simulating the
other computer’’ (3). This universality introduces one ba-
sic property of a virtual instrument: its ability to change
form through software, enabling a user to modify its func-
tion at will to suit a wide range of applications. The con-
cept of virtual instrumentation was born in the late 1970s,
when microprocessor technology enabled a machine’s
function to be more easily changed by changing its soft-
ware (1). This flexibility is possible as the capabilities of
virtual instruments depend very little on dedicated hard-
ware — commonly, only the application-specific signal
conditioning module and the analog-to-digital converter
used as an interface to the external world. Therefore, sim-
ple use of computers or specialized onboard processors in
instrument control and data acquisition cannot be defined
as virtual instrumentation.

An increasing number of biomedical applications use
virtual instrumentation to improve insights into the un-
derlying nature of complex phenomena and reduce costs of
medical equipment and procedures (4). Although many
general virtual instrumentation concepts may be directly
used in biomedical measurements, the measurements in
the medical field are peculiar as ‘‘they deal with a terribly
complex object — the patient — and are performed and
managed by another terribly complex instrument — the
physician’’ (5).

In this article, we describe basic concepts of virtual in-
strumentation as well as biomedical applications of virtual
instrumentation. In the second section, we give a brief
history of virtual instrumentation. The architecture of a

virtual instrument is described in the third section. In the
fourth section, we describe the organization of distributed
virtual instrumentation. After that, we present contem-
porary virtual instrument development tools. Finally, we
present some biomedical applications of virtual instru-
mentation.

2. A BRIEF HISTORY OF VIRTUAL INSTRUMENTATION

A history of virtual instrumentation is characterized by a
continuous increase of flexibility and scalability of mea-
surement equipment. Starting from manually controlled
vendor-defined electrical instruments, the instrumenta-
tion field has made a great progress toward contemporary
computer-controlled, user-defined, sophisticated measur-
ing equipment. Instrumentation development can be
traced through the following phases:

* Analog measurement devices
* Data acquisition and processing devices
* Digital processing based on a general-purpose com-
puting platform

* Distributed virtual instrumentation

The first phase is represented by early ‘‘pure’’ analog mea-
surement devices, such as oscilloscopes or
electroencephalography (EEG) recording systems. These
devices were completely closed dedicated systems, which
included power suppliers, sensors, translators, and dis-
plays (6). They required manual settings, presenting re-
sults on various counters, gauges, cardiac
resynchronization therapy (CRT) displays, or paper. Ad-
ditional use of data was not part of the instrument pack-
age, and operators had to physically copy data to a paper
notebook or a data sheet. Performing complex or auto-
mated test procedures was complicated or impossible, as
everything had to be set manually.

The second phase started in the 1950s as a result of
demands from the industrial control field. Instruments
incorporated rudiment control systems, with relays, rate
detectors, and integrators. That led to creation of propor-
tional-integral-derivative (PID) control systems, which al-
lowed greater flexibility of test procedures and automation
of some phases of the measuring process (2). Instruments
started to digitalize measured signals, which allowed dig-
ital processing of data and introduction of more complex
control or analytical decisions. However, real-time digital
processing requirements were too high for any but an on-
board special-purpose computer or digital signal processor
(DSP). The instruments were still stand-alone, vendor-de-
fined boxes.

In the third phase, measuring instruments became
computer based and begun to include interfaces that en-
abled communication between the instrument and the
computer. This relationship started with the general-pur-
pose interface bus (GPIB) originated in the 1960s by Hew-
lett-Packard (HP), then called HPIB, for the purpose of
instrument control by HP computers. Initially, computers
were primarily used as offline instruments. They further
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processed the data from recorded measurements stored on
a disk or tape (7).

As the speed and capabilities of general-purpose com-
puters, advanced exponentially general-purpose comput-
ers became fast enough for complex real-time
measurements. It soon became possible to adapt conven-
tional high-speed computers to the online applications re-
quired in real-time measurement and control. New
general-purpose computers from most manufactures in-
corporated all hardware and much of the general software
required by the instruments for their specific purposes.
The main advantages of commonplace personal computers
are the low price driven by the large market, availability,
and standardization.

Although the computers’ performance soon became
high enough, computers were still not easily used by or-
dinary experimentalists. Nearly all early instrument con-
trol programs were written in BASIC, because it had been
the dominant language used with dedicated instrument
controllers. Therefore, it required engineers and other us-
ers to become programmers, which made it hard for them
to exploit the potential that computerized instrumenta-
tion could bring. Therefore, an important milestone in the
history of virtual instrumentation was the introduction of
LabVIEW 1.0 on a PC platform by National Instruments
in 1986 (1). LabVIEW introduced graphical user interfaces
and visual programming into computerized instrumenta-
tion, joining the simplicity of user interface operations
with the increased capabilities of computers. Today, the
PC is the platform on which most measurements are
made, and the graphical user interface has made mea-
surements more user-friendly.

As a result, virtual instrumentation made possible a
significant decrease in the price of instruments. As virtual
instruments depend very little on dedicated hardware,
customers could use their computers, and instrument
manufacturers could supply only what the user could
not get in the general market.

The fourth phase became feasible with the develop-
ment of local and global networks of general-purpose com-

puters. Because most instruments were already
computerized, advances in telecommunications and net-
work technologies made possible physical distribution of
virtual instrument components into telemedical systems
to provide medical information and services at a distance.
The possible infrastructure for distributed virtual instru-
mentation includes the Internet, private networks, and
cellular networks, where the interface between the com-
ponents can be balanced for price and performance.

3. VIRTUAL INSTRUMENT ARCHITECTURE

A virtual instrument is composed of the following blocks:

* Sensor module
* Sensor interface
* Medical information systems interface
* Processing module
* Database interface
* User interface

Figure 1 shows the general architecture of a virtual in-
strument.

The sensor module detects physical signals and trans-
forms them into an electrical form, conditions the signal,
and transforms it into a digital form for additional ma-
nipulation. Through a sensor interface, the sensor module
communicates with a computer. Once the data are in a
digital form on a computer, they can be processed, mixed,
compared, and otherwise manipulated or stored in a da-
tabase. Then, the data can be displayed or converted back
to an analog form for additional process control. Biomed-
ical virtual instruments are often integrated with some
other medical information systems such as hospital infor-
mation systems. In this way, the configuration settings
and the data measured may be stored and associated with
patient records.

In the following sections, we describe in more detail
each virtual instruments module.

Medical
information

systems
interface

Processing module

Sensor interface

Database
interface

User interface-display and control

Computing module

Sensor module
Sensing (or transducing)

signal conditioning
A/D conversion

Figure 1. Architecture of a virtual instrument
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3.1. Sensor Module

The sensor module performs signal conditioning and
transforms the signal into a digital form for additional
manipulation. The sensor module interfaces a virtual in-
strument to the external, mostly analog world, transform-
ing measured signals into a computer readable form.
Table 1 summarizes some often used human physiologi-
cal signals (8).

A sensor module principally consists of three main
parts:

* Sensor
* Signal conditioning part
* A/D converter.

The sensor detects physical signals from the environment.
If the parameter being measured is not electrical, the sen-
sor must include a transducer to convert the information
to an electrical signal, for example, when measuring blood
pressure. According to their position, biomedical sensors
can be classified as follows:

* Implanted sensors, where the sensor is located inside
the user’s body, for example, intracranial stimula-
tion.

* On-the-body sensors, which are the most commonly
used biomedical sensors. Some of those sensors, such
as EEG or electrocardiography (ECG) electrodes, re-
quire additional gel to decrease contact resistance.

* Noncontact sensors, such as optical sensors and cam-
eras that do not require any physical contact with the
object being measured.

The signal-conditioning module performs (usually analog)
signal conditioning before A/D conversion. This module
typically does the amplification, transducer excitation,
linearization, isolation, or filtering of detected signals.

The A/D converter changes the detected and condi-
tioned voltage into a digital value (9). The converter is
defined by its resolution and sampling frequency. The con-
verted data must be precisely time-stamped to allow later
sophisticated analyses (1).

Although most biomedical sensors are specialized in
processing of certain signals, it is possible to use generic
measurement components, such as data acquisition
(DAQ), or image acquisition (IMAQ) boards, which may
be applied to a broader class of signals. Creating generic
measuring boards, and incorporating the most important
components of different sensors into one unit, it is possible
to perform functions of various medical instruments on
the same computer (4).

3.2. Sensor Interface

Many interfaces can be used for communication between
sensor modules and the computer. According to the type of
connection, sensor interfaces can be classified as wired
and wireless.

* Wired Interfaces are usually standard parallel inter-
faces, such as GPIB, small computer systems inter-
face (SCSI), system buses (PCI eXtension for
Instrumentation—PXI or VME extensions for instru-
mentation—VXI), or serial buses (RS232 or USB in-
terfaces) (10).

* Wireless Interfaces are increasingly used because of
convenience. Typical interfaces include the IEEE
802.11 family of standards, Bluetooth, or GPRS/
GSM interface (11). Wireless communication is espe-
cially important for implanted sensors in which the
cable connection is impractical or not possible (12). In
addition, standards, such as Bluetooth, define a self-
identification protocol, which allow the network to
configure dynamically and describe itself. In this way,
it is possible to reduce installation cost and create
plug-and-play like networks of sensors. Device min-
iaturization allowed development of personal area
networks (PANs) of intelligent sensors (13,14).

Communication with medical devices is also standardized
with the IEEE 1073 family of standards (15,16). This in-
terface is intended to be highly robust in an environment
where devices are frequently connected to and discon-
nected from the network.

3.3. Processing Module

Integration of the general-purpose microprocessors/micro-
controllers allowed flexible implementation of sophisti-
cated processing functions. As the functionality of a
virtual instrument depends very little on dedicated hard-
ware, which principally does not perform any complex
processing, functionality and appearance of the virtual
instrument may be completely changed using different
processing functions.

Broadly speaking, processing functions used in virtual
instrumentation may be classified as analytic processing
and artificial intelligence techniques.

3.3.1. Analytic Processing. Analytic functions define
clear functional relations among input parameters. Some
common analyses used in virtual instrumentation include
spectral analysis, filtering, windowing, transforms, peak
detection, or curve fitting (17). Virtual instruments often

Table 1. Commonly Used Biomedical Data Formats.

Group Physiological Signal

Electrical signals (requires
only amplification)

Electromyograph (EMG)

Electrocardiograph (ECG)
Electroencephalograph

(EEG)
Electrooculograph (EOG)

Non-electrical signals
(require a transducer to
change the information
to an electrical signal)

Skin conductivity (Galvanic
Skin Response - GSR)

Respiratory rate
Blood pressure
Peripheral body

temperature
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use various statistics function, such as random assign-
ment and biostatistical analyses (18). Most functions can
nowadays be performed in real time.

3.3.2. Artificial Intelligence (AI) Techniques. AI technol-
ogies could be used to enhance and improve efficiency, ca-
pabilities, and features of instrumentation in application
areas related to measurement, system identification, and
control (19,20). These techniques exploit the advanced
computational capabilities of modern computing systems
to manipulate sampled input signals and extract the de-
sired measurements.

AI technologies, such as neural networks, fuzzy logic,
and expert systems, were applied in various applications,
including sensor fusion to high-level sensors, system iden-
tification, prediction, system control, complex measure-
ment procedures, calibration, and instrument fault
detection and isolation (21). Various nonlinear signal pro-
cessing, including fuzzy logic and neural networks, are
also common tools in analysis of biomedical signals
(22,23).

Using AI, it is even possible to add medical intelligence
to ordinary user interface devices. For example, several AI
techniques, such as pattern recognition and machine
learning, were used in a software-based visual-field test-
ing system (24). Visual-field testing, called perimetry, can
help in early detection of various eye diseases such as op-
tic neuritis or glaucoma. A proposed self-screening system
uses software-controlled perimetry that operates on PCs,
where crucial positions in the visual field of subjects relate
to specific locations on the screen. The test screen presents
several objects of the same type, where one of them, the
stimulus, is moving, and subjects respond to stimuli by
clicking the mouse. A computational method for identify-
ing measurement noise uses Kohonen’s self-organizing
maps with two layers of nodes. Therefore, AI techniques
such as intelligent user interface, software-based perime-
try, and pattern discovery method replace medical opera-
tors that otherwise have to constantly monitor the subject
during the test and even perform initial screening without
doctors on a general-purpose computer.

3.4. Database Interface

Computerized instrumentation allows measured data to
be stored for offline processing or to keep measurement
records as a part of the patient record (25). The database
can also store configuration settings. Several currently
available database technologies can be used for this pur-
pose (Table 2).

Simple usage of a file system interface leads to the cre-
ation of many proprietary formats, so the interoperability
may be a problem. The eXtensible Markup Language
(XML) may be used to solve the interoperability problem
by providing universal syntax (26). The XML is a standard
for describing document structure and content (27). It or-
ganizes data using markup tags, creating self-describing
documents, as tags describe the information it contains.
Contemporary database management systems, such as
the Structured Query Language (SQL) Server and Ora-
cle, support XML import and export of data.

Many virtual instruments use (DBMSs). They provide
efficient management of data and standardized insertion,
update, deletion, and selection. Most of these DBMSs pro-
vided an SQL interface, enabling transparent execution of
the same programs over databases from different vendors.
Virtual instruments exploit these DMBSs by using some
programming interfaces, such as ODBC, JDBC, ADO, and
DAO (28).

3.5. Medical Information System Interface

Virtual instruments are increasingly integrated with
other medical information systems, such as hospital in-
formation systems. Consequently, they can be used to cre-
ate executive dashboards, assisting decision support, real-
time alerts, and predictive warnings (29). Some virtual
interfaces toolkits, such as LabView, provide mechanisms
for customized components, such as ActiveX objects (28),
which allow communication with other information sys-
tem, hiding the details of the communication from virtual
interface code.

In Web-based telemedical applications, this integration
is usually implemented with unified resource locators
(URLs) as Fig. 2 shows. Each virtual instrument is iden-
tified with its URL, receiving configuration settings via
parameters. The virtual instrument then can store the
results of the processing into a database identified with its
URL (30).

In addition to described integration mechanisms, there
are standards for communications among medical appli-
cations. For example, the Object Management Group
(OMG) Healthcare DTF (http://healthcare.omg.org/) is
defining standards and interfaces for health-care objects,
such as CORBAmed standard, to develop interoperability
technologies for the global health-care community (31).
Although these standards are still not widely used, they
have the potential to ensure interoperability among vir-
tual instruments and medical information systems on var-
ious platforms.

Table 2. The Most Frequently Used Contemporary
Databases Interfaces

Data System Description

File system Random writing and reading of files
eXtensible Markup

Language (XML)
Standardized markup files

Open Database
Connectivity
(ODBC)

SQL based interface for relation
databases

Java Database
Connectivity
(JDBC)

Java programs’ SQL based object-
oriented interface for various
databases

Active X Data Objects
(ADO)

Windows programs’ object-based
interface for various data sources
including relational databases and
XML files

Data Access Objects
(DAO)

Windows programs’ object-based
interface for relation databases
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3.6. Presentation and Control

User interface affects efficiency and precision of a virtual
instrument and facilitates result interpretation. Because
a computer’s user interfaces are much more easily shaped
and changed than a conventional instrument’s user inter-
faces, it is possible to employ more presentation effects and
customize the interface for each user. According to pre-
sentation and interaction capabilities, we can classify in-
terfaces used in virtual instrumentation into four groups:

* Terminal user interfaces
* Graphical user interfaces
* Multimodal user interfaces
* Virtual and augmented reality interfaces

3.6.1. Terminal User Interfaces. The first programs for
instrumentation control and data acquisition had charac-
ter-oriented terminal user interfaces, which was neces-
sary as earlier general-purpose computers could not
present complex graphics. As terminal user interfaces re-
quired little of system resources, they were implemented
on many platforms.

In this interface, communication between a user and a
computer is purely textual. The user sends requests to the
computer typing commands and receives a response in a
form of textual messages. Presentation is usually done on
a screen with fixed resolution, for example, 25 rows and 80
columns on an ordinary PC, where each cell presents one
character from a fixed character set, such as the ASCII
set. Additional effects, such as text and background color
or blinking, are possible on most terminal user interfaces.
Even with the limited set of characters, more sophisti-
cated effects in the form of character graphics are possible.

Although terminal user interfaces are not any more
widely use on desktop PCs, they have again become im-

portant in a wide range of new pervasive devices, such as
cellular phones or low-end personal digital assistants
(PDAs). As textual services, such as short message ser-
vice (SMS), require small presentation and network re-
sources, they are broadly supported and available on
almost all cellular phone devices. These services may be
important in distributed virtual instrumentation and for
emergency alerts (32).

3.6.2. Graphical User Interfaces (GUI). Graphical user
interfaces (GUIs) enabled more intuitive human–com-
puter interaction, making virtual instrumentation more
accessible (1). Simplicity of interaction and high intuitive-
ness of GUI operations made possible the creation of more
user-friendly virtual instruments. GUIs allowed the cre-
ation of many sophisticated graphical widgets such as
graphs, charts, tables, gauges, or meters, which can easily
be created with many user interface tools.

Computer graphics extended the functionality of con-
ventional medical diagnostic imaging in many ways, for
example, by adding the visual tool of color. For instance,
interpretation of radiographs, which are black-and-white
images, requires lots of training, but with color, it is pos-
sible to highlight problems clearly (4). In addition, im-
provements in presentation capabilities of personal
computers allowed for development of various sophisti-
cated two- (2-D) and three-dimensional (3-D) medical
imaging technologies (33).

3.6.3. Multimodal Presentation. In addition to GUIs,
contemporary personal computers can present other mo-
dalities such as sonification or haptic rendering. Multi-
modal combinations of complementary modalities can
greatly improve the perceptual quality of user interfaces
(34,35).

Figure 2. EEG virtual medical devices (VMDs)
in DIMEDAS information system; two VMDs
are associated with every EEG recording.
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Sonification is the second-most important presentation
modality. Although still limited, acoustic user interfaces
are becoming more common with basic sound hardware
now available in most computing systems. When the vi-
sual field is overwhelmed, audio feedback and synchro-
nized auditory and haptic stimuli may be useful. Efficiency
of sonification, as acoustic presentation modality, depends
on other presentation modalities. Especially interesting is
the relationship between visualization and sonification,
which is a complex design problem, because of the nature
of the cognitive information processing.

Typical applications of acoustic presentation include
tactical audio and sonification. Tactical audio provides
acoustic guidance through the use of audio feedback for
facilitating precise and accurate positioning of an object
with respect to another object. This type of feedback has
valuable application in the field of computer-assisted sur-
gery, in which multiple parallel voices provide indepen-
dent channels of positional information, used as a
feedback during simulation or operation (34). Sonification
is effectively used in various biomedical applications as
alternative presentation modality. For example, sonificat-
ion of EEG sequences has been applied to detect short-
time synchronization during cognitive events and percep-
tion (36). Another example is the application of an audible
display of patient respiratory data for anesthesiologists in
the operating room. An audible display provides informa-
tion about the patient’s status during surgery because an-
esthesiologists spend only 7% to 20% of their
intraoperative time observing patient monitors (37).

Although not widely available, haptic rendering may be
an important upcoming presentation modality for virtual
instruments, as the physical contact between a physician
and a patient is part of standard examination procedures.
Commercially available haptic interfaces can relay resis-
tance at about 1000 Hz and are used in various surgical
simulations (38).

3.6.4. Virtual and Augmented Reality. Virtual environ-
ments will most likely pervade the medical practice of the
future (39). Many goals of virtual reality developers actu-
ally mirror those involved in virtual instrumentation (4).
Although virtual reality systems do not necessarily in-
volve the use of virtual instrumentation, they, nonethe-
less, drive the development of new circumstances under
which physicians will need access to data in radically dif-
ferent forms (38).

A combination of virtual presentation with real-world
objects creates augment reality (AR) interfaces. In con-
trast to virtual reality systems, normally designed to im-
merse the user as completely as possible within a
computer-generated environment, AR extends real-world
images with computer-generated elements. Visually, this
is realized by electronic or optical superimposition of com-
puter graphics with a user’s view of the real world (40).
For example, AR may allow a computer-generated tumor
image from a magnetic resonance image recording to be
superimposed on the real view of the patient during sur-
gery.

3.7. Functional Integration

Functional integration of modules governs flexibility of a
virtual instrument. The simplest, and the least flexible,
way is to create a virtual instrument as a single, mono-
lithic application with all software modules of the virtual
instruments logically and physically integrated. This ap-
proach can achieve the best performance, but it makes
maintenance and customization difficult. Therefore, it is
more convenient to use modular organization. An object-
oriented method was identified as a natural approach in
modeling and design of instruments (41,42). Each module
of a virtual instrument is implemented as an object with a
clearly defined interface, integrated with other objects us-
ing message interchange. A similar approach is a compo-
nent-oriented approach, where, in addition to logical
separation of components into objects, they are physically
placed into different units to allow reuse.

Another approach, similar in its basic idea to the object-
oriented approach, is a structural coupling paradigm that
defines a layered approach to functional integration of
sensor modules (43). This sensor model for nonconven-
tional controllers was applied in many domains, including
electrophysiological interaction systems with sensors for
human physiological signals (44). In this sensor interac-
tion model, a stream of raw data from the sensing hard-
ware, for example, EEG data, passes through up to two
levels of signal preprocessing before it is either passed to
an application or presented directly to a subject. The sec-
ond command layer, which is optional, allows more flexible
organization of data processing and plug-and-play-like in-
tegration of complex processing mechanisms into a virtual
instrument solution.

4. DISTRIBUTED VIRTUAL INSTRUMENTATION

Advances in telecommunications and network technolo-
gies made possible physical distribution of the virtual in-
strument components into telemedical systems to provide
medical information and services at a distance (45). Dis-
tributed virtual instruments are naturally integrated into
telemedical systems (46). Figure 3 illustrates the possible
infrastructure for distributed virtual instrumentation, in
which the interface between the components can be bal-
anced for price and performance (2).

4.1. Medical Information System Networks and Private
Networks

Medical information systems, such as hospital informa-
tion systems, are usually integrated as intranets using a
local area network (LAN). Historically, medical informa-
tion systems were first interconnected using various pri-
vate networks, starting form point-to-point
communication with fax and modems over analog tele-
phone lines operating at speeds up to 56 Kbps, ISDN lines
of up to 128 Kbps, T-1 lines having a capacity of 1.544
Mbps, and satellite links of 100 Mbps.

Advanced virtual instrumentation solutions could be
implemented using existing local and private networks
(47). For example, the Experimentalist’s Virtual Acquisi-
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tion Console (EVAC) project demonstrated a prototype
system for using virtual environments to control remote
instrumentation, which illustrated the potential of a vir-
tual laboratory over high-speed networks (48). The system
has five discrete elements: virtual visualization environ-
ment, voice command instrumentation control, instru-
mentation data transfer, audio collaboration link, and
video collaboration link. The main objective of the EVAC
project was to demonstrate a unified user environment
that allows access over high-speed networks to hardware
in a remote experimental laboratory. However, although
private networks improve the performance, reliability,
and security, they are usually expensive to develop and
maintain.

4.2. The Internet

The Internet has enormous potential for distributed bio-
medical virtual instrumentation. Various remote devices,
such as telerobots or remote experimental apparatus, can
be directly controlled from the Internet (49). Many re-
search activities explore how the Internet can be applied
to medicine (31). In addition, many virtual instrumenta-
tion development tools, such as LabVIEW (50), directly
support integration of virtual instruments in the Internet
environment (30,51). The Web technologies make possible
the creation of sophisticated client–server applications on
various platforms, using interoperable technologies such
as HTML, Java applets, Virtual Reality Modeling Lan-
guage (52), and multimedia support (30).

Although the Internet is already enabling technology
for many biomedical applications, a recent study of health-
care applications in United States in relation to Internet
capabilities found clear requirements for the Internet’s
evolutionary development (53). More serious use of the
Internet in clinical applications could be achieved only if
the level of service can be guaranteed, including a consis-
tent level of bandwidth end-to-end as well as high reli-
ability and security (45). However, the rapid progress of
the Internet will probably soon enable its usage in com-
plex real-time applications.

4.3. Cellular Networks

Various mobile devices, such as mobile phones or PDAs,
are commonplace today. Moreover, the underlying tele-
communication infrastructure of these devices, primarily
cellular networks, provides sophisticated data services
that can be exploited for distributed applications. The
most common data service on cellular networks is ex-
change of simple textual messages. Most mobile phone
devices support simple data communication using the
standard SMS. Although simple, this system allows the
various modes of communication for medical applications
(32) such as:

* Emergency SMS push, which sends SMS message to
physicians or a medical call center in case of medical
emergency

* SMS query, which allows the user to ask for some
simple information in medical information systems or
in a monitoring system

* Data distribution SMS push, which periodically
sends SMS messages with some monitoring data to
physicians’ emergency SMS push.

Wireless access protocol (WAP) is platform-independent
wireless technology, which enables mobile devices to ef-
fectively access Internet content and services, as well as to
communicate with each other (54). WAP manages com-
munication by exchanging messages written in Wireless
Markup Language (WML). The WAP and the Internet can
support new kinds of applications, such as remote moni-
toring using a wireless personal monitor and cellular
phone link connected on request in the case of medical
emergencies (13,14). The interface allows the following
modes of communications (32):

* Emergency WAP push, which sends WML messages
to physicians or a medical call center in case of med-
ical emergency

* WML browsing, which allows a participant to browse
through information in medical information systems
or in monitoring system

* Data distribution WAP, which periodically sends mes-
sages to physicians. These data could be simple text
or some 2-D graphics with wireless bitmaps
(WBMPs).

4.4. Distributed Integration

According to a conceptual model and abstractions they
use, we can identify four approaches to distributed com-
munication:

* Message passing systems
* Remote procedure calling (RPC) systems
* Distributed object systems
* Agent-based systems

The message passing model allows communication be-
tween programs by exchanging messages or packets over
the network. It supports a variety of communication pat-

Internet

Wap
gateway

SMS
gateway

Extranet

Mobile
telephony

Medical information
system network Private

networks

Figure 3. Infrastructure for distributed virtual instrumentation.
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terns, such as pier-to-pier, group, broadcast, and collective
communication. For example, in a virtual instrumentation
application, the DAQ part could be a server for other
units, sending messages with measured data to processing
clients at request or periodically. Data processing clients
could be servers for data presentation devices. In a dis-
tributed environment, there may be many interconnected
servers and clients, each dedicated to one virtual instru-
ment function (55).

RPC is an abstraction on top of message passing archi-
tectures (56). RPC brings a procedural programming par-
adigm to network programming, adding the abstraction of
the function call to distributed systems. In RPC, commu-
nication between programs is accomplished by calling a
function on another computer’s machine, which creates
the illusion that communication with a remote program is
not different than communication with a local program.

Distributed object systems extend the idea of RPC with
the object-oriented abstraction on top of procedure calls.
Distributed object systems supply programs with refer-
ences to remote objects, which allows the program to con-
trol, call methods, and store the remote object in the same
way as a local object. The major standard in distributed
objects is OMG CORBA, a language-neutral specification
for communicating object systems (57). Many standards
have been defined on top of CORBA, such as CORBAmed,
that defines standardized interfaces for health-care ob-
jects. Competitors to CORBA include Microsoft’s DCOM
architecture (58) and the various distributed object sys-
tems layered on top of Java (59).

Agent-based integration is potentially an effective in-
tegration mechanism. Agent-based systems add the con-
cepts of autonomity and proactivity to distributed object
systems. The agent-oriented approach is well suited for
developing complex, distributed systems (60,61). Agents
can react asynchronously and autonomously to unex-
pected situations, increasing robustness and fault-toler-
ance, which is important in the case of fragile network
connections, and for mobile devices (62). As an example of
an agent-based distributed integration, we can present a
virtual medical device (VMD) agent framework for dis-
tributed EEG monitoring with four types of agents: data
agents, processing agents, presentation agents, and moni-
toring agents (63). In this framework, data agents abstract
data source, creating a uniform view on different types of
data, independent of data acquisition device. Processing
agents produce derived data, such as power spectrum
from raw data provided by the data agents. Presentation
agents supply user interface components using a variety
of user data views. User interface components are based
on HTTP, SMS, and WAP protocols. Monitoring agents
collaborate with data and processing agents providing
support for data mining operations and search for rele-
vant patterns.

5. TOOLS AND PLATFORMS

In this section, we describe hardware platforms, operating
systems, and development environments often used in the
development of virtual instruments.

5.1. Hardware Platforms and Operating Systems

Virtual instrumentation and ‘‘measurement revolution’’ is
a direct result of another revolution—the PC revolution
providing the common hardware platform for virtual in-
strumentation based on Industry Standard Architecture
(ISA) (64). However, other personal computing architec-
tures were also used. For example, LabVIEW 1.0 was de-
veloped on a Macintosh computer, which was still
supported by LabVIEW. In addition to desktop personal
computers, there are more and more pervasive devices
such as Internet-enabled cellular phones, PDAs, laptops,
and wearable PCs. Although still not often used in virtual
instrumentation, these devices are continually evolving,
approaching the capabilities of its desktop counterparts.
Therefore, these pervasive devices are increasingly inter-
esting hardware platforms, especially for distributed vir-
tual instrumentation.

Operating systems provide a uniform view on the un-
derlying hardware through the device driver layer, which
isolate the details of the sensor interface or sensor device.
Commonly used operating systems areWindows operating
systems (MS DOS in early days of virtual instrumenta-
tion, 95/98/NT/2000/XP/CE), UNIX/Linux, and MacOS.

5.2. Development Environments

Development of virtual instrument is primarily concerned
with the development of software, as sensors and hard-
ware are generally available in the open market. We de-
scribe two types of virtual instrumentation development
environments:

* Conventional programming language environments
* Graphical programming environments

5.2.1. Programming Language Environments. As any
other program, software for virtual instrument may be
developed with any available general-purpose program-
ming environments. In the late 1970s and early 1980s,
BASIC had been the dominant language used with dedi-
cated instrument controllers (1). In the mid- and late
1980s, new programming languages became common, par-
ticularly C, as they allowed high-level programming with
efficient code. The first version of LabVIEW had been
written in C. Nowadays, almost any programming lan-
guage can be used for development of virtual instruments.

In addition to built-in support of programming lan-
guages, developers of virtual instruments often use vari-
ous third-party software libraries, which in many cases
are freely available. For example, the FFTW is the open-
source multiplatform library for efficient fast Fourier
transform (FFT) analysis (65). Another example is the
OpenGL, which allows efficient multiplatform develop-
ment of effective 3-D graphics presentations.

Java has been a popular implementation environment
for various medical and virtual instrumentation solutions
because of its architecture and platform independence
(66). Various Java toolkits and virtual instrument envi-
ronments are available (44,55,67). Java-based medical in-
formation systems are used to integrate legacy
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applications for patient records, billing, and pharmacy
that are compatible with the industry standard Health
Level 7 (HL7) data interchange format. Java also supports
all aspects of development of virtual instruments, includ-
ing work with communication resources, files, databases,
Internet communication, multimedia, as well as 2-D and
3-D graphics. Java is also used as a script language for
VRML virtual environments (52).

5.2.2. Graphical Programming Tools. Programming en-
vironments described in previous sections require from
designers and users programming proficiency. New gen-
eration of graphical programming tools allows system in-
tegration for ordinary users. Here we describe two such
graphical programming tools: Laboratory Virtual Instru-
ment Engineering Workbench (LabVIEW) and BioBench.

5.2.2.1. LabVIEW. National Instruments’ LabVIEW
made development of virtual instruments more accessible
to laboratory users and physicians (68). LabVIEW is the
most popular virtual instrumentation tool, and it has been
applied to many fields, including virtual bioinstrumenta-
tion (29).

LabVIEW was launched with the goal of providing a
software tool that empowered engineers to develop cus-
tomized systems (1). LabVIEW introduced GUIs and vi-
sual programming into computerized instrumentation
(Fig. 4). LabVIEW is a program development environ-
ment, like Java, C, or BASIC. However, although other
programming systems use text-based languages to create
code, LabVIEW uses a graphical programming language,
called G. In LabVIEW, programs are formed as block di-
agrams. LabVIEW uses the data-flow programming
model, in which the execution order is determined by
the flow of data between blocks. LabVIEW is also a mul-
titasking and multithreading system.

LabVIEW is a general-purpose programming system
with extensive libraries of functions for any programming
task. In addition, LabVIEW includes libraries for DAQ,
instrument control, data analysis, data presentation, and
data storage. It also includes conventional program devel-
opment tools, such as a debugger; supports many devices
and interface standards; has thousands more of built-in
analysis, math, and signal processing functions; as well as
provides support for SQL and ADO database connectivity,
and open connectivity through XML, TCP/IP, wireless,
and other standards (28,50).

5.2.2.2. BioBench. BioBench is developed as an exten-
sion of LabVIEW for biomedical measurements to simplify
development of biomedical virtual instruments. LabVIEW
greatly simplifies programming by introducing the graph-
ical notation, but it still requires a lot of effort to create a
virtual instrument. BioBench is primarily designed for
physiological DAQ and analysis, for use in research and
academic environments (29). It is developed by Premise in
collaboration with National Instruments. To execute, the
BioBench requires LabVIEW RunTime Engine.

BioBench inherits graphical programming capabilities
of LabVIEW while adding customized controls adapted for
the measurements of physiological signals such as EEG,
ECG, or electromyogram.

6. BIOMEDICAL APPLICATIONS OF VIRTUAL
INSTRUMENTATION

Virtual instrumentation has been increasingly accepted in
the biomedical field. In relation to the role of a virtual in-
strument, we may broadly classify biomedical applications
of virtual instrumentation into four categories (Fig. 5):

Figure 4. An example of the LabVIEW virtual
instrument interface.
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* Examination, where a physician does online or offline
examination of patient measurements

* Monitoring, which can be used as a basis for real-time
alerts and interactive alarms

* Training and education, where a virtual instrument
may simulate or playback measured signals

* Biofeedback, where measured signals are presented
back to a patient in real time

6.1. Examination

Examination systems are open-loop systems that detect
biomedical information from a patient and present it to a
physician. During the examination procedure, a physician
performs various online or offline analysis of measured
data to make a diagnosis (5). Examination can be made
locally, in direct contact with a patient, or remotely, where
a sensor part is on the patient side connected to a physi-
cian through a telecommunication network (46). Nowa-
days, virtual instrumentation solutions are becoming a
part of standard medical examination procedures, with
medical systems implemented as virtual instruments.

Many active research projects explore biomedical ap-
plications of virtual instrumentation (29). Some examples
include canine cardiovascular pressure measurements,
cardiopulmonary dynamics measurements, or examina-
tion of spontaneous cardiac arrhythmia (69). Advances in
cardiology also make possible the design of novel analysis
and visualization tools (70,71).

Some other examples include a virtual instrumentation
evaluation system for fiberoptic endoscopes (72), PC-based
noninvasive measurement of the autonomic nervous sys-
tem used to detect the onset of diabetic autonomic ne-
uropathy (73), or 3-D posture measurement in dental
applications (74).

6.2. Monitoring

Monitoring is a task in which some process continually
tracks the measured data, does some analysis, and acts
upon detection of some pattern. Monitoring systems are
also open-loop systems, as the patient is just an object of
monitoring. But in contrast to examination systems, they
are more autonomous. Design of monitoring systems is a
complex process, as many real-time requirements have to
be fulfilled. Integrated with a hospital information sys-
tem, monitoring can be used as a basis for real-time alerts
and interactive alarms (29).

Monitoring and analysis of biomedical signals are also
used outside the biomedical field, for example, in affective
computing. Physiological parameters that are good indi-
cators of excitement, such as skin conductance and heart
rate, are integral data sources for emotional-state-related
interactive computer systems (44).

6.3. Training and Education

Virtual instrumentation offers great possibilities for edu-
cation and improving the skills of physicians. Computer-
generated models allow education and training of an op-
erator without actual sensors, which can greatly reduce
cost and duration of training (75,76). As the same virtual
instrument can work online, play back earlier measured
data, or simulate any clinical situation, the training ex-
perience may not differ significantly from the real-world
measurements.

Virtual instrumentation may also be integrated with
many virtual reality-based applications for education and
training. For example, Hoffman et al. developed Visual-
izeR, a virtual environment designed to support the teach-
ing and learning of subjects that require understanding of
complex 3-D structures, such as human anatomy (77).

6.4. Biofeedback

Biofeedback systems are closed-loop systems that detect
biomedical changes and present them back to the patient
in real time to facilitate the change of a user’s state. For
example, physical rehabilitation biofeedback systems can
amplify weak muscle signals, which encourages patients
to persist when there is a physical response to therapy
that is generally not visible (44). Interfaces in existing
biofeedback applications range from interactive 2-D
graphical tasks—in which muscle signals are amplified
and transformed into control tasks such as lifting a virtual
object or typing—to real-world physical tasks such as ma-
nipulating radio-controlled toys (8).

Figure 6 shows a multimodal interface for a simple
EEG-based biofeedback system. A position of the needle
on the display is a function of the calculated EEG param-
eter, for example the relative power of Alpha activity or
ratio of Theta and Beta power. The system incorporates
several processing components, including power spectrum
computation, statistical functions, and mathematical op-
erations. Before a training session, a physician records the
patient’s EEG that represents the normal state. During
the session, the difference between the patient’s current
state and the prerecorded state is shown on a display as a

A virtual instrument

Monitoring

Training

Examination

A physician Biofeedback A patient
Figure 5. Types of biomedical applications of
virtual instrumentation.

10 VIRTUAL INSTRUMENTATION



change in the gauge position. The subjects are trained to
move the needle or to keep it around a desired value.
Mapping between EEG values and the needle position is
made by user-defined scripts, where it is possible to define
various analytic transformations. It is also possible to de-
fine which EEG channels will be included, or to scale each
channel with different values.

Health-care providers use brain-wave biofeedback as
part of the treatment of a growing range of psychophys-
iological disorders such attention deficit/hyperactivity dis-
order (ADHD), posttraumatic stress disorder, addictions,
anxiety, and depression. In these applications, surface-
mounted electrodes detect the brain’s electrical activity,
and the resulting EEG is presented in real time as ab-
stract images. Using this data in reward/response-based
control tasks generates increased or reduced activity in
different aspects of the EEG spectrum to help ameliorate
these psychophysiological disorders (44,78).

7. CONCLUSION

Virtual instrumentation brings many advantages over
‘‘conventional’’ instrumentation. Virtual instruments are
realized using industry-standard multipurpose compo-
nents, and they depend very little on dedicated hardware.
Generally, virtual instruments are more flexible and scal-
able as they can be easily reconfigured in software. More-
over, standard interfaces allow seamless integration of
virtual instruments in distributed system. Virtual instru-
mentation significantly decreases the price of an instru-
ment, as it is based on mass-produced general-purpose
computing platforms and dedicated sensors for a given
application. We expect an increased number of hardware
and software modules designed for the virtual instrumen-
tation market (2). They will provide building blocks for the
next generation of instrumentation and measurement. It

would not be a surprise if the prefix virtual soon disap-
peared, as virtual instrumentation becomes commonplace.

Virtual instrumentation is rapidly entering the bio-
medical field. Many general virtual instrumentation con-
cepts may be directly used in biomedical measurements,
but biomedical measurements have their specific features
that must be taken into account (5). Therefore, although
widely used in many biomedical solutions, the virtual in-
strumentation is not common in critical clinical applica-
tions. Having in mind the complexity of biomedical
phenomena, bringing virtual instrumentation closer to
critical biomedical applications will require more testing
and a more extensive list of developed solutions (4). How-
ever, according to the current trend, we will not be waiting
long for this to happen.
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1. INTRODUCTION TO VIRTUAL REALITY

Since 1989, when Jaron Lamier used the term for the first
time, virtual reality (VR) has usually been described as a
computer-simulated environment with and within which
people can interact. The following are some examples of
such definitions:

‘‘The terms virtual worlds, virtual cockpits, and virtual
workstations were used to describe specific projects. In
1989, Jaron Lanier, CEO of VPL, coined the term virtual
reality to bring all of the virtual projects under a single
rubric. The term therefore typically refers to three-dimen-
sional realities implemented with stereo viewing goggles
and reality gloves’’ [(1), p. xiii].

‘‘I define a virtual reality experience as any in which
the user is effectively immersed in a responsive virtual
world. This implies user dynamic control of viewpoint’’
[(2), p. 17].

‘‘It is a simulation in which computer graphics is used
to create a realistic-looking world. Moreover, the synthetic
world is not static, but responds to the user’s input
(gesture, verbal command, etc.). This defines a key feature
of virtual reality, which is real-time interactivity’’ [(3), p.
2].

The basis for the VR idea is that a computer can
synthesize a 3-D graphical environment from numerical
data. Using visual, aural, haptic, and olfactory devices,
the user can experience the environment as if it was a part
of the real world (see Fig. 1). This computer-generated
world may be either a model of a real-world object, such as
a house, or an abstract world that does not exist in a real
sense but is understood by humans, such as a chemical
molecule or a representation of a set of data, or it might be
in a completely imaginary science fiction world.

Further, because input devices sense the operator’s
reactions and motions, the computer modifies the syn-
thetic environment accordingly, creating the illusion of
interacting with, and thus being immersed within, the
virtual environment. The most recent development of VR
has been in the area of networking and the Internet.
Networked virtual environments and 3-D interfaces to
the Internet are among the latest applications of VR in a
growing telecommunications market.

2. VIRTUAL REALITY TECHNOLOGY

A VR system is the combination of the hardware and
software that enables developers to create VR applica-
tions. The hardware components receive input from user-
controlled devices and convey multisensory output to

create the illusion of a virtual world. The software compo-
nent of a VR system manages the hardware that makes up
the VR system. This software is not necessarily respon-
sible for actually creating the virtual world. Instead, a
separate piece of software (the VR application) creates the
virtual world by making use of the VR software system.

Typically, a VR system is composed of (2,3):

* the output tools (visual, aural, and haptic), which
immerse the user in the virtual environment;

* the input tools (trackers, gloves, or mice), which
continually report the position and movements of
the users;

* the graphic rendering system, which generates, at
20–30 frames per second, the virtual environment;
and

* the database construction and virtual object model-
ing software for building and maintaining detailed
and realistic models of the virtual world. In particu-
lar, the software handles the geometry, texture, in-
telligent behavior, and physical modeling of any
object included in the virtual world.

According to the hardware and software included in a
VR system, it is possible to distinguish between:

* Fully Immersive VR: With this type of solution, the
user appears to be fully inserted in the computer-
generated environment. This illusion is produced by
providing immersive output devices (head-mounted
display, force feedback robotic arms, etc.) and a
system of head/body tracking to guarantee the exact
correspondence and coordination of user’s move-
ments with the feedback of the environment.

* Desktop VR: Desktop VR uses subjective immersion.
The feeling of immersion can be improved through
stereoscopic vision. Interaction with the virtual world
can be made via mouse, joystick, or typical VR
peripherals such as Dataglove.

* CAVE: Cave is a small room where a computer-
generated world is projected on the walls. The projec-
tion is made on both front and side walls. This
solution is particularly suitable for collective VR
experience because it allows different people to share
the same experience at the same time.

* Telepresence: Users can influence and operate in a
world that is real but in a different location. The
users can observe the current situation with remote
cameras and achieve actions via robotic and electro-
nic arms.

* Augmented Reality: The user’s view of the world is
supplemented with virtual objects, usually to provide
information about the real environment. For in-
stance, in military applications, vision performance
is enhanced by pictograms that anticipate the pre-
sence of other entities out of sight.

1
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2.1. Output Tools

2.1.1. Visual Interfaces. The visual interface provides,
in many cases, the most salient and detailed information
regarding the virtual world. In general, a complete visual
interface consists of two primary components [(4), p. 120;
(5)]:

* a visual display surface and an attendant optical
system that paints a detailed, time-varying pattern
of light onto the retina of the user; and

* a system for positioning the visual display surface
relative to the eye of the operator.

However, the current technical limitations make both
the optimal use of normal visual sensory capabilities and
the real-time display of detailed, continuous-motion ima-
gery a difficult challenge for VR developers (see Table 1 for
the relevant display factors influencing human visual
abilities).

In particular, the inadequate optical arrangements
between the display and the user’s eyes or the inadequate
channel capacity in the display unit may produce spatial
distortion and image degradation. For these issues, none
of the many display options that currently exists is
completely adequate across all applications.

Two major classes of visual display systems are avail-
able: head-mounted and off-head displays. Head-mounted
displays (HMDs) are physically coupled to the head of the
operator by mounting display hardware on a helmet or
headband worn by the user (see Fig. 2).

The most frequently used display types for HMDs are
cathode ray tubes (CRTs) and back-lighted liquid crystal
displays (LCDs). In many HMDs, all the visual output is
generated by computer. For certain augmented-reality
displays, however, a semitransparent display surface is

used and the computer-generated visual output is overlaid
on imagery resulting directly from the real environment.

A significant advantage of HMDs is that the human
torso and neck provide an effective servomechanism for
display positioning. Critical disadvantages of HMDs are
the weight and inertial burden that interferes with the
natural movement of the user, the fatigue associated with
these factors, and the increased likelihood of symptomatic
motion sickness with increased head inertia. Moreover, it
is difficult to build HMDs that exhibit good spatial resolu-
tion, field of view, and color being lightweight, comforta-
ble, and cost-effective. Typical low/medium-quality HMDs
have a VGA or SVGA resolution (640 � 480/800 � 600
tricolor pixels), a 40/50-degree field of view, and good color
saturation.

Off-head displays, including desktop monitors and pro-
jection technologies such as panoramic displays, Caves,
and workbenches, come off the user’s head and surround
the user with virtual scenery.

Caves are VR installations, first introduced at the
University of Illinois-Chicago, based on surround-projec-
tion technology (see Fig. 3).

From three to six faces of a rectangular solid are fitted
with rear-projection screens, each driven by one of a set of
coordinated image-generation systems. Typically, compu-
ter-generated stereoscopic images are projected onto the
faces and viewed through shutter glasses to generate the
3-D effect.

The principal advantages of surround-projection dis-
plays are a wide, surrounding field of view, and the ability
to give a shared VR experience to a small group. The
principal disadvantages are the cost of multiple image-
generation systems, the space requirements for rear pro-
jection, and the brightness and contrast limitations be-
cause of large screen size and light scattering.

Figure 1. A cave-based VR system (courtesy of
Technische Universität Berlin, Berlin, Ger-
many).
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A VR workbench allows the visualization and interac-
tion with computer-generated scenes in a tabletop envir-
onment (see Fig. 4). The workbench configuration lays a
rear-projection screen flat and positions the projector so
that the workbench’s length approximates that of a hu-
man body. Right and left eye images are projected onto a
mirror so that users wearing stereoscopic shutter glasses
can observe a 3-D image above the tabletop. Group

members can observe the 3-D scene as manipulated (via
tracked glove or laser pointer) by the group leader.

The main advantage of workbenches is that two or
more tracked viewers may perceive simultaneously a
custom-generated image while viewing the virtual world.
This paradigm is an excellent match for many real-world
tasks. For example, a doctor performing a virtual surgery
probably does not want to be completely immersed in a
virtual operating room surrounded by virtual assistants
and virtual equipment. On the other side, the cost of
workbenches is high, the sense of immersion is low, and
they have some brightness and contrast limitations.

2.1.2. Aural Interfaces. Auditory cues increase aware-
ness of surroundings, cue visual attention, and convey a
variety of complex information without taxing the visual
system. However, auditory processing is often given mini-
mal attention when designing virtual environments. A
possible explanation is the complexity of auditory percep-
tion (see Table 2 for a summary of the main properties of
sound): It is affected by physiology, expectation, and even
the visual interface (6).

In general, aural interfaces convey basic information
about the virtual environment to the user. Between these

Table 1. Display Features Influencing Human Visual Abilities (5)

Visual Abilities
Display Factors

More relevant Less relevant

Stereopsis Interlace Frames Frame Disparity Monocular Monitors
Spatial Vision Pixel Size and Spacing Pixel Number Screen Size Gray Scale
Color Vision Phosphor Types Phosphor Number Bit Depth Gun independence and stability
Image Motion Phosphor Decay Raster Rate Pixel Size and Spacing
Observer Motion Scene Update Field of View

Figure 3. The structure of a Cave-based VR system (courtesy of
the Electronic Visualization Laboratory, University of Illinois-
Chicago, Chicago, IL).

Figure 4. A VR workbench (courtesy of the Image Sciences,
Computer Sciences and Remote Sensing Laboratory, Louis Pas-
teur University, Strasbourg, France).

active matrix LCD

mountings

headtracker sensor

optics

stereo headphones

headtracker cable

display cable

Figure 2. The components of a head-mounted display (courtesy
of Institut Für Anwendungsorientierte Wissensverarbeitung,
University of Linz, Linz, Austria).
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data, one of the most important is localization, the loca-
tion of a sound source.

Functionally, aural localization is distinctly different
from that of vision and proprioception. For the other
spatial senses, position is neurally encoded at the most
peripheral part of the sensory system. In contrast, the
spatial information embedded in the auditory signals
reaching the left and right ears of a listener is computed
from the peripheral neural representations.

For this reason, the most robust cues for source position
depend on differences between the signals reaching the
left and right ears. The direction of a source is determined
primarily by comparing the signals received at the two
ears to evaluate the interaural amplitude ratio and the
interaural time delay as a function of frequency. Such
interaural or binaural cues are robust specifically because
they can be computed by comparing the signals reaching
each ear. As a result, binaural cues allow the listener to
factor out those acoustic attributes that develop from
source content from those attributes that develop from
source position.

Instead, the perception of sound source distance is
generally poorer (4). This ability is based on the following

three changes in the received signal, as source distance is
increased: a decrease in intensity, an increase in high-
frequency attenuation, and an increase in the ratio of
reflected to direct energy. The difficulty in evaluating
sound source distance is related to their lack of reliability:
They all can be influenced by factors other than distance.

Spatial auditory cues can be simulated using head-
phone displays or loudspeakers (6). Headphones generally
allow more precise control of the spatial cues presented to
the listener: On one side, the signals reaching the two ears
can be controlled independently; on the other side, there is
no indirect sound reaching the listeners (i.e., no echoes or
reverberation). However, professional headphones are
generally more expensive than loudspeaker displays and
may be impractical for applications in which the user does
not want to wear a device on the head. Although it is more
difficult to control the spatial information reaching the
listener in a loudspeaker simulation, loudspeaker-based
simulations are relatively simple and inexpensive to im-
plement and do not interfere with the user. In general, the
ability to generate an accurate spatial simulation using
loudspeakers increases dramatically as the number of
speakers used in the display increases (see Table 3 for
the most common multi-loudspeakers configurations).

2.1.3. Haptic Interfaces. Being able to touch, feel, and
manipulate objects in an environment, in addition to
seeing (and hearing) them, provides a sense of immersion
in the environment that is otherwise not possible.

For this reasons, haptic interfaces are devices that
enable manual interaction—eventually including tactile
feedbacks—with a virtual environment (7). In performing
tasks with a haptic interface, the user produces desired
motor actions by physically manipulating the interface,
which, in turn, displays tactual sensory information to the
user by stimulating the tactile and kinesthetic sensory
systems (8).

In general, the interface receives motor action com-
mands from the human user and displays appropriate
tactile feedbacks to him/her (see Fig. 5 for an advanced
haptic interface). This feedback is achieved by applying a
degree of opposing force to the user along the x, y, and z
axes. In fact, by using haptic interfaces, the user can not
only feed information to the virtual environment but can
receive information from it in the form of a felt sensation
on some part of the body: Unlike vision and audition that

Table 2. The Main Properties of Sound (6)

Sound Sound is a pressure wave produced
when an object vibrates rapidly
back and forth.

Sound production The diaphragm of a speaker produces
sound by pushing against
molecules of air, thus creating an
area of high pressure
(condensation). As the speaker
diaphragm returns to its resting
position, it creates an area of low
pressure (rarefaction).

Wavelength A complete condensation and
rarefaction (the point where the
wave repeats itself) constitutes the
wavelength of the wave.

Frequency The frequency of the sound stimulus
is determined by the ratio between
the velocity at which the wave is
traveling and its wavelength.

Intensity The intensity of the sound stimulus is
determined by the amplitude of the
waveform. Intensity is measured in
decibels (dB).

Table 3. The Surround Sound Systems

Number of
speakers Name of the System Configuration of the System

5.1 Dolby Digital Surround Speakers are located at the left, middle, and right in front of
the listener, and left and right behind the listener. The so-
called 0.1 speaker is a subwoofer.

5.1 Digital Theater Systems (DTS) As above.
6.1 Dolby Digital Surround EX As the typical 5.1 configuration plus a center speaker behind

the listener.
7.1 Sony Dynamic Digital Sounds (SDDSs) As the typical 5.1 configuration plus a left center and right

center speaker in front of the listener

4 VIRTUAL REALITY



are mainly input systems for the human observer, the
haptic system is bidirectional.

Thus, in general, haptic interfaces can be viewed as
having two basic functions. First, they measure the posi-
tions and contact forces (and time derivatives) of the user’s
body parts. Second, they display contact forces and posi-
tions (or their spatial and temporal distributions) to the
user.

Joysticks, mice, and trackballs constitute relatively
simple interfaces providing haptic feedback. The simplest
forms are ‘‘rumble packs,’’ which are simply attachments,
that vibrate on command from the software. Some also
support force feedback. For instance, simulated automo-
bile steering wheels are now available that provide the
road ‘‘feel’’ for race car simulations. Other examples of
haptic interfaces available in the market are gloves and
exoskeletons that track hand postures.

Advanced haptic interfaces usually have two compo-
nents: tactile (or cutaneous) sensing, and kinesthetic sen-
sing, (or proprioception). Kinesthetic sensing refers to an
awareness of limb position and movement as well as
muscle tension. Tactile sensing refers to an awareness of
stimulation to the outer surface of the body (9).

Haptic interfaces are usually employed for tasks that
are usually performed using hands in the real world, such
as manual exploration, surgical training, and manipula-
tion of objects.

2.1.4. Olfactory Interfaces. Virtual olfactory interfaces,
adding the smells of the world to the VR experience, are
one of the least developed areas within the field of human-
computer interaction. However, with the advent of VR
technology, olfactory interfaces are now seen as a valuable
sensory cue for applications such as emergency or surgical
training (10): Olfactory interfaces may increase the sense
of presence in the virtual environment immersion with a
flood of vibrant fragrances.

The virtual olfactory interfaces that produce odorants,
related to target odors, in a controlled way are usually
defined virtual olfactory display (VOD) (11).

Virtual olfaction is instead defined as the act of smel-
ling an odorant produced by a virtual olfactory display.
The last concept is teleolfaction, defined as the act of
smelling a mixture of odorants whose composition is
related to a mixture present in a remote place.

Odorant storage is, perhaps, the most mature of the
various technologies required for a virtual olfactory dis-
play (12). Odorants can be stored in a number of ways,
including liquids, gels, or waxy solids. The most popular
storage method for previous and current VE-related work
seems to be to microencapsulate odorants: droplets of
liquid are encapsulated in a wall of gelatin and printed
on a flat surface using silk screen techniques. This method
is the basis of scratch-and-sniff patches, where the odorant
is released by subjecting the particle to mechanical shear
or melting the gelatin wall. Microencapsulation offers the
advantages of discrete metering of odorant dosage, stabi-
lity at room temperatures, and the unlikelihood of messy
spills. Other commonly used methods include air dilution
olfactometry, breathable membranes coated with a liquid
odor, and a system of liquid injection into an electrostatic
field with air flow control (12).

Olfactory delivery systems for VEs, however, require
more than odor storage and display (10). A first critical
area now under investigation is position tracking: For a
person moving through a virtual world and smelling
objects as he/she approaches them, the integration of the
smell technologies and the user’s position is essential. A
second research area concentration is duration regulation:
The researchers are trying to ensure that the strength of
the smell is proper and that the smell persists only as long
as it would in the natural environment.

2.2. Input Tools

Even if it is possible to interact with a virtual environment
using simple tools, such as a joystick, a keyboard, or a
mouse, the most important input devices in a virtual
reality system are position trackers, the device (or system
of devices) that reports the position and orientation of the
user to the host computer that creates the virtual envir-
onment.

Tracker technologies are characterized by the number
of targets tracked, resolution, accuracy, latency, the spa-
tial volume, environmental constraints, and the technol-
ogy used (see Table 4 for the main criteria for evaluating
tracker performances). Generally, tracking multiple tar-
gets requires more processing: Head and pointer tracking
require only two targets, whereas avatar and multiuser

Figure 5. Sensor arm, an exoskelton-type haptic device (courtesy
of the Hashimoto Lab., IIS, The University of Tokyo, Tokyo,
Japan).
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systems require many different targets. Typically, body
tracking is for locomotion and visual displays, hand and
arm tracking is for haptic interfaces, and head and eye
tracking is for visual displays.

The main tracking technologies used are: magnetic,
acoustic, inertial, optical, and mechanical.

2.2.1. Magnetic Trackers. Magnetic trackers contain a
source transmitter and a receiver (13): The transmitter
pulses magnetic fields in various orientations and the
receiver determines the strength and angles of the fields.

The sensors of magnetic trackers are small and light in
weight. Hence, they can be worn comfortably by the users
and moved between body parts without problems. Further,
magnetic trackers do not have any line-of-sight problems.
They can track even if an obstruction exists between the
transmitter and the receiver, provided that the obstruc-
tion is not metallic or ferromagnetic.

The main disadvantage of magnetic trackers is that of
distortion: Pulsing magnetic fields induce magnetic fields
in metallic objects in the environment producing distor-
tions and errors in the tracking results. In addition, these
trackers are adversely influenced by distortions caused by
external electromagnetic fields, e.g., those from CRT dis-
plays.

2.2.2. Acoustic Trackers. Acoustic trackers use micro-
phones to get time-of-flight measurements from ultrasonic
sound sources. The approaches used are (13):

* measuring the time taken by ultrasonic pulses to
travel from a set of transmitters to a set of receivers;
and

* comparing the phases of emitted acoustic waves with
the phase of a reference wave.

Both kinds of acoustic trackers are small and light in
weight and, unlike magnetic trackers, do not suffer from
distortions in the presence of magnetic fields. However,
they are unable to function correctly if obstructions exist
between the transmitters and the receivers, and are

susceptible to interference from environmental noise and
echoes.

2.2.3. Inertial Trackers. Inertial trackers use passive
magnometers, accelerometers, and gyroscopes to compute
the relative change in position and orientation from the
appearing acceleration and angular velocity in the moving
target with respect to an inertial reference coordinate
system (generally the earth’s magnetic field) (14). Typi-
cally, the inertial tracker senses gravity to establish which
direction is down and integrates a two-axis rate gyroscopic
measurement to provide yaw.

Inertial trackers are usually cheaper than magnetic
and acoustic trackers and do not have range limitation or
line-of-sight restrictions. They are, however, subject to
accumulation of errors resulting in drift.

2.2.4. Optical Trackers. Optical trackers rely on vision
algorithms to extract the location of targets from images
captured by video cameras (15). Most optical trackers are
beacon trackers, they track either active (i.e., transmitters
of light) or passive (i.e., reflectors of light) beacons using
cameras or photo-diode sensors.

Depending on the position of the beacons and the
sensors, beacon trackers can be divided into two cate-
gories: the inside-out and the outside-in systems. Inside-
out systems place the beacons at fixed places in the
environment and the sensors on the target object. On
the other hand, outside-in systems place the beacons on
the target object and the sensors at fixed places in the
environment.

Optical trackers have high update rates, provide low
latency, and are scalable to fairly large areas. On the other
hand, all optical trackers suffer from line-of-sight pro-
blems. The problem can be partly mitigated by using
multiple sensors and beacons. Moreover, the performance
of optical trackers is adversely affected by ambient light
and infrared radiation. So the surrounding environment
has to be designed carefully to reduce ambient radiation.
Finally, inside-out optical trackers require elaborately
designed environments. Hence, they are not very portable
and are expensive.

2.2.5. Mechanical Trackers. Mechanical trackers can be
a relatively accurate means of tracking head or body-
segment positions (3): They connect a known point to the
tracked object through a set of jointed linkages whose
motion is measured. Mechanical trackers can measure up
to full body motion and do not have intrinsic latencies.
Two types are distinguished, depending on whether the
mechanical linkages are entirely worn (body-based, such
as goniometers and esoskeletons), or are partly attached
to the ground (ground-based). Ground-based linkages are
easier to actuate for force reflection than are body-based
linkages, because actuators do not have to be placed and
carried on the body. The main advantages of these track-
ers are the low latency and the high level of accuracy.
However, even if they are fairly easy to build, they are
cumbersome and less common than the other trackers.

Table 4. The Criteria for Evaluating Tracker
Performances

Criteria Definition

Resolution The smallest change in position and
orientation that can be detected by the
tracker.

Accuracy A measure of the error in the position and
orientation reported by the tracker.

Latency The delay between a change in position and
orientation and the report of the change
to the host computer.

Spatial volume The space in which the tracker can
effectively measure position and
orientation.

Update rate The rate at which position and orientation
measurements are reported by the
tracker to the host computer.
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2.3. The Generation of Virtual Environments

The computer technology that allows the development of
3-D virtual environments consists of both hardware and
software (4). The computer hardware used ranges from
standard PCs to high-performance workstations with
parallel processors and specialized graphic cards for the
rapid computation of world models, and high-speed com-
puter networks for transferring information among parti-
cipants in the virtual world. The implementation of the
virtual world is accomplished with software for modeling
(geometric, physical, and behavioral), navigation, interac-
tion, and hypermedia integration.

2.3.1. 3-D Graphics. The availability of computer gra-
phics workstations capable of real-time, 3-D display at
high frame rates is probably the key development behind
the current push for realistic virtual environment. In fact,
the generation and displaying of 3-D objects in a 2-D space
is a complex process requiring considerable memory and
processing power.

The main difference between 2-D and 3-D computer
graphics is the use of 3-D representation of geometric data
(16). In a 2-D graphic scene, each pixel (short for ‘‘PIcture
ELement’’, a single point in a graphic image) has the
following properties: position, color, and brightness. When
3-D graphics are considered, each pixel requires a new
property, depth, that indicates where the point lies on an
imaginary z-axis.

The process of adding depth to an image using a set of
cross-sectional images—known as a volumetric dataset—
is defined voxelization (from voxel: VOlume piXEL). When
many 3-D pixels are combined, each with its own depth
value, the result is a 3-D surface, called a texture. Once a
texture has been defined, it can be wrapped around any 3-
D object.

In this context, a key role is played by rendering: the
process of adding realism to a computer graphics by
adding 3-D qualities such as shadows and variations in
color and shade (see Table 5 for the most common render-
ing techniques). Rendering in virtual reality is calculated
and displayed in real time, at rates of approximately 20 to

120 frames per second. Animations for noninteractive
media, such as video and film, are rendered much more
slowly.

In the past, 3-D graphics were available only on power-
ful workstations, but now 3-D graphics accelerator are
commonly found in personal computers. To handle the
computational operations required by the rendering pro-
cess, a graphics accelerator contains its own memory and
a specialized microprocessor.

2.3.2. VR Development Environments. A VR develop-
ment environment provides developers with the software
framework, libraries, and run-time needed to develop and
execute VR applications (17). It abstracts hardware and
software complexities in the system, thereby allowing
users to write applications without having to know every
detail of the system.

Typical VR development tools include four main com-
ponents that act in consort and in real time to create a
virtual world (4):

* World modeling: It defines the form, behavior, and
appearance of objects included in the virtual environ-
ment, which is achieved by including all the geo-
metric, surface, and physical properties needed for
physical simulation and rendering purposes.

* Visual scene navigation software: It provides the
means for moving the user through the virtual en-
vironment.

* Interaction software: On one side, it provides the
mechanism to construct a dialogue from various
control devices (e.g., trackers, haptic interfaces). On
the other side, it applies that dialogue to a system or
application, so that the multimodal display changes
appropriately.

* Hypermedia integration software: it allows hyperna-
vigation, which involves the use of nodes that can be
traveled within.

Most VR software environments are tied to specific
technologies or to particular requirements of individual
applications. For instance, some systems make use of
hardware-specific features, thus tying the users to specific
hardware architectures. Other systems restrict developers
to only using a limited set of software tools in their
applications. Although this approach was effective when
VR systems were built as proofs of concept, it is now
limiting the growth of VR applications.

There have been some attempts at creating standards,
even open-source ones, but most of them either focus on
specific uses and requirements or are monolithic packages
that offer little flexibility to developers (17).

3. VIRTUAL REALITY EXPERIENCE

As we have just seen, VR is usually described as a
particular collection of technological hardware. However,
it is possible to describe virtual reality in terms of human
experience, rather than technological hardware, using the

Table 5. Rendering Processes

Scanline rendering It is a rendering algorithm that works
on a point-by-point basis: some point
in a line is calculated, followed by
successive points in the line. When
the line is finished, rendering
proceeds to the next line.

Ray tracing It works by tracing the path taken by a
ray of light through the scene, and
calculating reflection, refraction, or
absorption of the ray whenever it
intersects an object in the world.

Radiosity Unlike ray tracing, which tends to
simulate light reflecting only once off
each surface, it simulates the many
reflections of light around a scene,
generally resulting in softer, more
natural shadows and reflections.
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concept of presence (18,19): VR is the medium able to
induce the experience of ‘‘presence’’ in a computer-gener-
ated world.

Presence is usually defined as the ‘‘sense of being there’’
(19), or the ‘‘feeling of being in a world that exists outside
the self ’’ (20,21).

3.1. A Definition of Presence

Lombard and Ditton (22) describe presence as the ‘‘per-
ceptual illusion of non-mediation,’’ a level of experience
where the technology and the external physical environ-
ment disappear from the user’s phenomenal awareness.
The term perceptual shows that the illusion involves
continuous (real time) responses of the human sensory,
cognitive, and affective processing systems to objects and
entities in a person’s environment. And, what’s more, a
subject experiences an illusion of non-mediation when he
or she fails to perceive or acknowledge the existence of a
medium in his/her communication environment and re-
sponds as he/she would if the medium was not there.

Consensus exists that the experience of presence is a
complex, multidimensional perception (see Fig. 6), formed
through an interplay of raw (multi-) sensory data and
various cognitive processes (23).

Two general categories of variables can determine a
user’s presence: media characteristics and user character-
istics. Characteristics of the medium can be subdivided
into media form and media content variables. Both of
these variables are known to have a significant impact on
the individual’s sense of presence such that, depending on
the levels of appropriate, rich, consistent, and captivating
sensory stimulation, varying levels of presence can be
produced.

Recently, different VR researchers have conceptualized
presence more broadly to address the question of why
people feel a sense of presence in any setting, computer
generated or otherwise (20,24–31).

According to this approach, individuals may feel a
greater degree of presence in different situations depend-
ing on the degree of meaning and agency experienced in it.
Thus, an inhabitant of the Amazon rainforest, rich in
ethnobotanical knowledge, may feel a fuller sense of
presence while walking through the forest than an urban
visitor admiring the beauty. Similarly, a computer-literate
person may feel a greater sense of presence while surfing
the Web than a computer novice.

3.2. The Cognitive Processes Behind Presence

Recent research suggests that, on the process side, pre-
sence may be divided in three different cognitive layers/
subprocesses (21), described in Fig. 7, phylogenetically
different, and strictly related to the evolution of self (32):

* proto presence (self vs. non-self);
* core presence (self vs. present external world);
* and extended presence (self relative to present exter-
nal world).

More precisely, proto presence can be defined as the
process of internal/external separation related to the level
of perception-action coupling (self vs. non-self). Proto pre-
sence is based on proprioception and other ways of know-
ing bodily orientation in the world. In a virtual world, it is
sometimes known as ‘‘spatial presence’’ and requires the
tracking of body parts and appropriate updating of dis-
plays.

Core presence can be described as the activity of selec-
tive attention made by the self on perceptions (self vs.
present external world). Core presence is based largely
on vividness of perceptible displays, which is equivalent to
‘‘sensory presence’’ (e.g., in nonimmersive VR) and re-
quires good quality, preferably stereographic, graphics,
and other displays.

Medium
- form factors: e.g.
 immersion, interactivity
- content factors

Multisensory stimuli

Cognition

Emotion
Perception

User characteristics:
- states, trats
- needs, preferences
- experience, gender, ege

User action

Perceptual-Motor loop

Physical environment

Presence

Figure 6. A general framework of presence reprinted
with permission from IJsselsteijn & Riva (23).

8 VIRTUAL REALITY



The role of extended presence is to verify the signifi-
cance to the self of experienced events in the external
world (self relative to the present external world). Ex-
tended presence requires intellectually or emotionally
significant content. So, reality judgment influences the
level of extended presence—a real event is more relevant
than a fictitious one—and then the level of presence-as-
feeling.

3.3. Presence and Quality of Experience

If presence, on the process side, can be divided in three
different subprocesses, the sense of presence is a unitary
feeling related to the quality of the experience of the
subject. It corresponds to what Heidegger (33) defined
‘‘the interrupted moment of our habitual standard, com-
fortable being-in-the-world.’’ Subjectively, a higher level of
presence is experienced by the self as a better quality of
action and experience (31,34). On the other side, Winograd
and Flores (35) refer to presence disruptions as break-
downs: A breakdown occurs when, during our activity, an
aspect of our environment that is usually taken for
granted becomes part of our consciousness. If this event
happens, attention is shifted from action to the object or
environment to cope with it.

To illustrate, imagine sitting outdoors engrossed in
reading a book on a pleasant evening. As the sun sets
and the light diminishes, one continues reading, en-
grossed in the story until one becomes aware that the
light is no longer suitable for reading. In such conditions,
before any overt change in behavior, what is experienced
is a breakdown in reading and a shift of attention from the
book to the light illuminating the book.

This vision suggests that an effective VR experience is
able to avoid breakdowns and to effectively support agency
and meaning. In particular, maximal presence occurs
when proto consciousness, core consciousness, and ex-
tended consciousness are focused on the same external
situation or activity (21). As underlined by Damasio (32),
proto consciousness deals mostly with bodily orientation
in the world; in a VR, the proto-presence layer is mostly
addressed through body tracking and sensorimotor cou-
pling. Core consciousness deals with the perceptual world
of the here and now (32); in a VR, the core-presence layer
is addressed mostly through the vividness of the various
displays. Finally, in a VR, the extended-presence layer is

addressed through the content. When the other layers are
integrated with core consciousness, intense presence is
experienced. But when they are not integrated, presence
is less strong (‘‘unfocused’’), which will happen if, for
example, the body tracking (proto layer) has significant
deficiencies, such as lag, or if the semantic content (ex-
tended layer) directs attention away from the display
toward the internal world of the imagination.

Following this approach, Zahoric and Jenison (31)
underline that ‘‘presence is tantamount to successfully
supported action in the environment.’’ In fact, this vision
shifts the attention of the developers from the quality and
realism of the virtual world to the affordances offered by it
and the actions needed to exploit them. A key role is also
played by the social distribution of knowledge and action,
the cultural grid providing the common reference ground
for joint activity, and the rules governing it.

4. APPLICATIONS OF VIRTUAL REALITY IN MEDICINE

For many health-care professionals, VR is first of all a
technology. However, the analysis of the different VR
applications clearly shows that the focus on technological
devices is not the same in all the areas of medicine and it is
related to the specific goals of the health-care provider.

For instance, Rubino et al. (36), McCloy and Stone (37),
and Székely and Satava (38) in their reviews describe VR
as ‘‘a collection of technologies that allow people to inter-
act efficiently with 3-D computerized databases in real
time using their natural senses and skills’’ (37). This
definition lacks any reference to head-mounted displays
and instrumented clothing such as gloves or suits. In fact,
less than 20% of VR health-care applications in medicine
are actually using any immersive equipment.

However, if our attention is shifted to behavioral
sciences and rehabilitation, where immersive devices are
used by more than 50% of the applications, VR is described
as ‘‘an advanced form of human–computer interface that
allows the user to interact with and become immersed in a
computer-generated environment in a naturalistic fash-
ion’’ (39).

These two definitions underline two different applica-
tive focuses in medicine: VR as simulation tool and VR as
interaction tool.

Evolution

Proto self Proto presence
(self/other)

Mostly
unconscious

Proprioceptive Automatised
actions in
the world

Presence Consciousness Media

Core self

Extended
self

Core presence
(being in

the world) 

Conscious of
here and now

Perceptual
Presence

Max
presence

Extended 
presence

(self in 
the world)

Conscious of
self in relation

to world

Conceptual Absence

Figure 7. The layers of presence reprinted
with permission from Riva et al. (21).
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For physicians and surgeons, the simulation focus
prevails on the interaction one: Their ultimate goal of
VR is the presentation of virtual objects to all of the
human senses in a way identical to their natural counter-
part (38). As noted by Satava and Jones (40), as more and
more of the medical technologies become information-
based, it will be possible to represent a patient with higher
fidelity to a point that the image may become a surrogate
for the patient—the medical avatar. In this sense, an
effective VR system should offer real-like body parts or
avatars that interact with external devices such as surgi-
cal instruments as near as possible to their real models.

For clinical psychologists and rehabilitation specialists,
the interaction focus prevails on the simulation one: They
use VR to provide a new human-computer interaction
paradigm in which users are no longer simply external
observers of images on a computer screen but are active
participants within a computer-generated 3-D virtual
world (41,42). Within the VE, the patient has the possibi-
lity of learning to manage a problematic situation related
to his/her disturbance. The key characteristics of virtual
environments for these professionals are both the high
level of control of the interaction with the tool without the
constraints usually found in computer systems and the
enriched experience provided to the patient (39).

In the following paragraphs, these two visions will be
discussed in more detail, describing more in detail six
areas of medicine in which the use of VR is actually
investigated.

4.1. VR as Simulation Technology

4.1.1. Surgical Simulation and Planning. Surgeons know
well that in training no alternative exists to hands-on
practice. However, students wishing to learn laparoscopic
procedures face a tough path (4): Usually they start using
laparoscopic cholecystectomy trainers consisting of a
black box in which endoscopic instruments are passed
through rubber gaskets. After, the students begin practi-
cing these techniques on inanimate tissues, when allowed
by their cost and availability. Obviously, a substantial
difference exists for students between training with arti-
ficial or inanimate tissues and supervised procedures on
real patients, which is why in early 1990s different
research teams tried to develop VE simulators (43,44).
The science of virtual reality provides an entirely new
opportunity in the area of simulation of surgical skills
using computers for training, evaluation, and eventually
certification (45). However, the first simulators were lim-
ited by low-resolution graphics, the lack of tactile input
and force feedback, and the lack of realistic deformation of
organs. In the last years, a new generation of simulator
has appeared that has showed improved training efficacy
over traditional methods (46–48). For instance, a rando-
mized trial using the minimally invasive surgery training-
virtual reality (MIST-VR) trainer (49,50) showed that
virtual reality simulation was effective in training the
novice to perform basic laparoscopic skills (see Fig. 8).

Further, the increased pressure to reduce the use of
animals in technical training has led to use VR in teaching
microsurgery (51). This new technology may prove to be a

cost-effective, portable, and nonhazardous way forward in
microsurgical training.

Another typical use of visualization applications is the
planning of surgical and neurosurgical procedures (52–
54). The planning of these procedures usually relies on the
studies of series of 2-D MR (Magnetic Resonance) or CT
(Computer Tomography) images, which have to be men-
tally integrated by surgeons into a 3-D concept. This
mental transformation is difficult, beacuse complex anat-
omy is represented in different scanning modalities, on
separate image series, usually found in different sites/
departments. A VR-based system is capable of incorporat-
ing different scanning modalities coming from different
sites providing a simple-to-use interactive 3-D view. How-
ever, even the most advanced surgical simulators have
still some limitations in creating realistic 3-D objects with
deformable behavior (55). Deformable models have two
conflicting characteristics: interactivity and motion rea-
lism. Nevertheless, the different surgical simulations de-
veloped to date have promoted only one of these (usually
interactivity) to the detriment of the other (biomechanical
realism).

In summary, an emerging body of evidence exists to
establish the validity of VR surgical simulations (56).
Nevertheless, refinement of simulation techniques, iden-
tification of specific performance measures, longitudinal
evaluations and comparison with practice outcomes are
still needed to establish the validity and the value of
surgical simulation for teaching and assessing surgical
skills prior to considering implementation for certification
purposes.

4.1.2. Telepresence Surgery. In telepresence surgery,
the VR system acts as the hands and eyes of a surgeon
operating from a considerable distance (57), which enables
the surgeon to offer a variety of surgical services through
gaining true telepresence by the interface of the telecom-
munication link and a surgical robotic system. Currently,
robotic-assisted telepresence surgical system are used for
the removal of the prostate, pediatric, gynecologic, thor-

Figure 8. The minimally invasive surgery training-virtual rea-
lity, MIST-VR (courtesy of Virtual Presence Ltd., London, United
Kingdom).
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acic, orthopedic, neurosurgery, and gastrointestinal can-
cers (57).

Although drawbacks and limitations exist for the use of
surgical robotics, the systems are developing rapidly and
an expanded role for this technology in the future of
surgery is possible (58). The limited use of robot-assisted
remote telepresence surgery to date has demonstrated
that it is technologically feasible and safe, but also that
the patients are willing to accept its limitations when it is
used in an environment where significant value from its
use is realized. Nonetheless, these technologies are still in
an early stage of development, and each device entails its
own set of challenges and limitations for actual use in
clinical settings (59).

Another emerging area of telepresence surgery is tele-
surgical mentoring (60): An experienced surgeon assists or
directs another less experienced surgeon who is operating
at a distance. 2-D and 3-D, video-based laparoscopic
procedures are an ideal platform for real-time transmis-
sion and thus for applying telementoring to surgery. The
goal of telesurgical mentoring is to improve surgical
education and training by allowing access to surgical
specialists in underserved areas.

4.1.3. Virtual Endoscopy. Endoscopy allows a real-time
exploration of the inner surfaces of hollow organs using
optical, video-assisted technology. By changing the posi-
tion of the endoscope, the operator can view the inside of
an organ while controlling the viewing position and angle
of the probe.

Even if endoscopy has a critical role as an assessment
tool, it is not perfect:

* all endoscopic procedures are invasive;
* the patients are subject to complications such as
perforation, bleeding, and so on; and

* endoscopes display only the inner surface of hollow
organs and yield no information about the anatomy
within or beyond the wall.

To overcome these problems, different researchers are
investigating the possibility of virtual endoscopy (36,61).
Virtual endoscopy is a new procedure that fuses computed
tomography with advanced techniques for rendering 3-D
images (see Fig. 9) to produce views of the organ similar to
those obtained during ‘‘real’’ endoscopy (62).

Ordinarily, the examination of a patient pathology
would require threading a camera inside his body. This
new method skips the camera and can give views of
regions of the body difficult or impossible to reach physi-
cally (e.g., brain vessels).

A virtual endoscopy is performed by using a standard
CT scan or MRI scan (40), reconstructing the organ of
interest into a 3-D model, and then performing a fly
through it. Two basic methods exist that can be used to
obtain an artificial surface from the scans: surface render-
ing, in which a wireframe model consisting of small
triangles is reconstructed, or volume rendering, that dis-
plays the entire range of voxels within a volume. Even if
volume rendering is the actual standard, both approaches

allow the modification of the viewing angle, light source,
depth encoding, shading effects, and surface characteris-
tics in the reconstructed images. Typical examples include
the colon, stomach, esophagus, tracheo-bronchial tree
(bronchoscopy), sinus bladder, ureter and kidneys (cysto-
scopy), pancreas, or biliary tree (63).

Virtual endoscopy is completely noninvasive and thus
without known complications (64). Other practical bene-
fits include better patient tolerance, reduced risk, no
requirement for sedation, and rapid examination times.
However, important issues remain unsettled in many
areas, including data acquisition, image rendering and
spatial resolution, and diagnostic interpretation limiting
its use (65).

In conclusion, any virtual endoscopy system must meet
requirements of efficiency, effectiveness, and sensitivity.
Potentially, virtual endoscopic methods, which combine
the features of endoscopic viewing and cross-sectional
volumetric imaging, may provide an advance in diagnosis.
Nevertheless, the cost-effectiveness of virtual endoscopy
remains an open question, and the diagnostic efficacy of
this technology is still under study (66).

4.1.4. Medical Education. The teaching of anatomy is
mainly illustrative, and the application of VR to such
teaching has great potential (67,68). Through 3-D visua-
lization of massive volumes of information and databases,
clinicians and students can understand important physio-
logical principles or basic anatomy (69). For instance, VR
can be used to explore the organs by ‘‘flying’’ around,
behind, or even inside them. In this sense, VEs can be
used both as didactic and experiential educational tools,
allowing a deeper understanding of the interrelationship
of anatomical structures that cannot be achieved by any
other means, including cadaveric dissection.

A significant step toward the creation of VR anatomy
textbooks was the acquisition of the visible human male
and female data made in August of 1991 by the University
of Colorado School of Medicine (70). The visible human
female dataset contains 5189 digital anatomical images
obtained at 0.33mm intervals (39 Gbyte). The male data-
set contains 1971 digital axial anatomical images obtained
at 1.0mm intervals (15 Gbyte) (71). Actually, the U.S.
National Library of Medicine in partnership with other
US government research agencies has begun the develop-
ment of a tool kit of computational programs capable of
automatically performing many of the basic data handling
functions required for using visible human data in appli-
cations (72).

The National Library of Medicine made the datasets
available under a no-cost license agreement over the
Internet, which allowed the creation of a huge number
of educational VEs. In their recently edited book, West-
wood and colleagues (73) report more than ten different
educational and visualization applications.

In the future, the development of different VR dynamic
models illustrating how various organs and systems move
during normal or diseased states, or how they respond to
various externally applied forces (e.g., the touch of a
scalpel) can be expected.
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4.2. VR as Interaction Technology

4.2.1. VR in Clinical Psychology. VR is starting to play
an important role in clinical psychology (74,75), that is
expected to increase in the next years (76,77).

In most VEs for clinical psychology, VR is used to
simulate the real world and to assure the researcher full
control of all the parameters implied. VR constitutes a
highly flexible tool, which makes it possible to program an
enormous variety of procedures of intervention on psycho-
logical distress. In fact, VR can play an important role in
psychotherapy as a particular form of supportive techni-
que, contributing to the therapist–patient relationship as
well as enhancing the therapeutic environment for the
patient.

In particular, a key advantage offered by VR is the
possibility for the patient to face a fear or to manage
successfully a problematic situation related to his/her
disturbance. As noted by Botella (78), nothing the patient
fears can ‘‘really’’ happen to them in VR. With such
assurance, they can face his/her fears, freely explore,
experiment, feel, live, and experience feelings or thoughts.
VR thus becomes a very useful intermediate step between
the therapist’s office and the real world. Using VR in this
way, the patient is more likely not only to gain an
awareness of his/her need to do something to create
change but also to experience a greater sense of personal
efficacy.

Even if the clinical rationale behind the use of VR is
now clear, much of this research growth, however, has
been in the form of feasibility studies and pilot trials. As a
result, limited convincing evidence coming from controlled
studies of the clinical advantages of this approach exists.
Up to now, the clinical effectiveness of VR was verified in
the treatment of these seven disorders: acrophobia (79–
81), spider phobia (82), panic disorders with agoraphobia

(83,84), body image disturbances [(85), see Fig. 10], binge
eating disorders (86,87), acute pain (88,89), post-trau-
matic stress disorders (90), and fear of flying (91–95).

4.2.2. VR in Medical Rehabilitation. One of the newest
fields to benefit from the advances in VR technology is that
of medical rehabilitation. In the space of just a few years,
the literature has advanced from articles that primarily
described the potential benefits of using such technology
to articles that describe the development of actual working
systems (39,96–103).

A first area in which VR is used is the one of motor
rehabilitation. In motor rehabilitation, the repeated prac-
tice must be linked to incremental success at some task or
goal and supported by motivation to tolerate the extensive
practice periods (99,104).

VR provides a powerful tool with which to provide
participants with all of these elements—repetitive prac-
tice, feedback about performance, and motivation to en-
dure practice (105). For this reason, VR has been used in
different rehabilitative areas including stroke rehabilita-
tion (upper and lower extremity training, spatial and
perceptual-motor training), acquired brain injury, Parkin-
son’s disease, orthopedic rehabilitation, balance training,
wheelchair mobility, and functional activities of daily
living training (106).

Another area in which the use VR is explored is
cognitive rehabilitation (107). The main focus of the
research performed to date has been to investigate the
use of VR in the assessment of cognitive abilities. In this
area, VR assessment tools are effective and characterized
by good psychometric properties (108–112). Nevertheless,
a trend now exists for more studies to encompass rehabi-
litation training strategies for specific disabilities
(113,114): learning disabilities, executive dysfunction,

Figure 9. Avirtual endoscopy system (courtesy
of the Surgical Planning Laboratory, Brigham
and Women’s Hospital, Boston, MA).
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memory impairments, spatial ability impairments, atten-
tion deficits, and unilateral visual neglect.

The main advantage of using VR in cognitive rehabili-
tation lies in the possibility of ecologically valid and
dynamic training: It provides precise performance mea-
surements and exact replays of task performance and has
the flexibility to enable sensory presentations, task com-
plexity, response requirements, and the nature and pat-
tern of feedback to be easily modified according to a user’s
impairments. This flexibility can be used to provide sys-
tematic restorative training that optimizes the degree of
transfer of training or generalization of learning to the
person’s real world environment (100).

In conclusion, even if different case studies and review
papers suggest the use of VR in medical rehabilitation,
more research is required to support this position.

5. SAFETY AND ETHICAL ISSUES

The introduction of patients and clinicians to VEs raises
particular safety and ethical issues (4). In fact, despite
developments in VR technology, some users still experi-
ence health and safety problems associated with VR use
(115). The key concern from the literature is VR-induced
sickness, which could lead to problems (116), including:

* symptoms of motion sickness;
* strain on the ocular system;
* degraded limb and postural control;
* reduced sense of presence; and
* the development of responses inappropriate for the
real world, which might lead to negative training.

The improved quality of the VR systems is drastically
reducing the occurrence of simulation sickness. For in-
stance, a recent review of clinical applications of VR
reported instances of simulation sickness are few and
nearly all are transient and minor (97). In general, for a
large proportion of VR users, these effects are mild and
subside quickly (115).

Nonetheless, patients exposed to virtual reality envir-
onments may have disabilities that increase their suscept-
ibility to side effects. Precautions should be taken to
ensure the safety and well being of patients, including
established protocols for monitoring and controlling ex-
posure to virtual reality environments.

Strategies are needed to detect any adverse effects of
exposure, some of which may be difficult to anticipate, at
an early stage. According to Lewis and Griffin (116)
exposure management protocols for patients in virtual
environments should include:

* screening procedures to detect individuals who may
present particular risks;

* procedures for managing patient exposure to VR
applications to ensure rapid adaptation with mini-
mum symptoms; and

* procedures for monitoring unexpected side effects
and for ensuring that the system meets its design
objectives.

Finally, the effect of VEs on cognition is not fully
understood. In a recent report, the U.S. National Advisory
Mental Health Council (117) suggested that ‘‘research is
needed to understand both the positive and the negative
effects [of VEs]y on children’s and adult’s perceptual and
cognitive skills.’’ Such research will require the merging of
knowledge from a variety of disciplines including (but not
limited to) neuropsychology, neuroimaging, educational
theory and technology, human factors, medicine, and
computer science.
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1. INTRODUCTION

Viscoelasticity is the study of materials whose mechanical
behavior can be classified as having a mixture of both solid
and fluid characteristics. That is, viscoelastic materials
are those that have both elastic and viscous behavior.
Such materials are common among the tissues of the hu-
man body. Elastic materials are those in which the stress
(or load per unit cross-sectional area) generated as a result
of an applied deformation is dependent only on the mag-
nitude of the deformation (or strain). Most common engi-
neering materials, such as metals, are linearly elastic
materials at small deformations, that is the stress is lin-
early proportional to the applied strain (deformation per
unit length). Viscous materials are those in which the
stress is dependent on the rate at which the deformation is
applied. The most common engineering examples of vis-
cous materials are fluids such as water. Analogous to lin-
early elastic materials, Newtonian fluids are those in
which the stress is linearly related to the applied strain
rate. Viscoelastic materials are those in which the stress
developed in the material depends on both the magnitude
of the applied strain and the rate at which it is applied.

Most tissues in the human body exhibit at least some
viscoelasticity. This is particularly notable in the soft tis-
sues in the body, such as skin, muscle, ligaments, and
tendons. These materials exhibit viscoelastic relaxation
and creep when loaded. Relaxation is a phenomenon best
illustrated when a material is deformed by a set amount
and then held at that set deformation. It will show an in-
crease in stress during the initial deformation and then a
reduction in the stress over time while held at the con-
stant deformation. This is shown in Fig. 1. Creep is a sim-
ilar phenomenon, and can be clearly demonstrated when a
material is loaded at a constant force. The deformation
increases while a constant load is applied. For example, a
long strip of viscoelastic material with a weight suspended
from one end will continue to elongate from it’s initial
length over time. This is shown in Fig. 2. These phenom-
ena are in contrast to a purely elastic material, in which
the stress or deformation are constant for a given applied
strain or stress, respectively. Another property of visco-
elastic materials is that when the material is subjected to
cyclic loading, the relationship between stress and strain
is different for the loading and unloading phases of the
cycle. This property is called hysteresis and is shown in
Fig. 3.

2. LINEAR VISCOELASTIC MATERIALS

The viscoelastic properties of engineering and other ma-
terials began to receive attention in the late 1800s and
have been the subject of study ever since. Viscoelastic ma-

terials are typically divided into linear viscoelastic mate-
rials and nonlinear viscoelastic materials on the basis of
whether some basic viscoelastic functions vary with
strain. These basic viscoelastic functions are the relax-
ation modulus and creep modulus. The relaxation modu-
lus G(t) is defined as the stress response of a material to a
unit step strain. The creep modulus J(t) is defined as the
strain response to a unit step stress. In practice, the re-
laxation modulus is rarely measured by applying a unit
step strain, but by applying a smaller magnitude step
strain, and normalizing the measured stress by the strain
magnitude. A material is said to be a linear viscoelastic
material if the relaxation modulus does not vary with the
strain used for this test. It is common for materials to
demonstrate linear viscoelastic behavior at small strains
but nonlinear behavior above a certain strain limit. This
strain limit is known as the linear viscoelastic strain limit.

Viscoelastic materials can also be tested with oscilla-
tory testing, when an applied strain (or load) is applied,
usually sinusoidally. The matching stress (or strain) re-
sponse is then measured and used to determine the dy-
namic (or complex) modulus. If a sinusoidal strain profile
is applied to a sample, and the stress is measured, then
there is a phase difference between the applied strain and
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Figure 1. Stress relaxation: (a) stress time history and (b) strain-
time history. Note how the stress decreases over time when the
strain is held constant.
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applied stress as a result of the viscous properties of the
material:

e¼ e0 sin ot;

s¼ s0 sinðotþ dÞ;

where e is the applied strain and s is the measured stress.
d is the phase angle. This stress signal can be decomposed
into the sum of two stress components, one in phase with
the strain and one that is 90 degrees out of phase with the
strain, as shown in Fig. 4.

s¼ s00 sin otþ s000 cos ot:

The in-phase component s
0

0 per unit applied strain is
called G0 or the storage modulus, and the out-of-phase
component, s

0

0 per unit applied strain, is called G00, or the
loss modulus. Both of these components typically vary
with the frequency of the applied loading. They are usu-
ally expressed as a complex quantity G� known as the dy-
namic modulus:

G�ðoÞ¼G0ðoÞþ iG00ðoÞ:

G0 is a measure of the elastic energy stored in the material
per cycle, and G00 is a measure of the energy dissipated per
cycle of deformation, per unit volume of material (1). For a
linear viscoelastic material, G0 and G00 are also invariant
with the peak applied strain e0.

2.1. Mechanical Models for Linear Viscoelastic Materials

Some of the most common early viscoelastic models were
based on mechanical concepts of adding elastic and vis-
cous elements together, either in series or in parallel, to
describe the combination of fluid and solid-like properties
of viscoelastic materials. The most common models of this
type are the Maxwell model, which is an elastic body
(spring) in series with a viscous body (dashpot). This is a
model of a viscoelastic fluid. A Voigt model consists of an
elastic body and viscous body in parallel and is a model of
a viscoelastic solid. The standard linear solid (or Kelvin
model) is a Maxwell body in parallel with an elastic body.
These are shown in Fig. 5.

In each case, the elastic spring is characterised by a
Hookean model, where

F¼ mxs
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Figure 2. Creep response: (a) strain-time history and (b) stress-
time history. Note how the strain increases over time when the
stress is held constant.
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Figure 4. Sinusoidal loading of a viscoelastic material results in
a stress that is a out-of-phase with the applied strain. Strain is
the dashed line, and stress is the solid line.
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ent path (the upper curve).

2 VISCOELASTICITY



and the viscous fluid by

F¼ Z
dxd
dt

;

where F is the force, m is the elastic constant, xs is the de-
formation of the spring, Z is the viscous constant for the
dashpot, and xd is the deformation of the dashpot. The
combination of these equations is used to derive a cons-
titutive equation for the material. This constitutive equa-
tion gives the relationship between force and deformation
(or analogously, stress and strain) for that material model.
For viscoelastic materials, the constitutive equation can
either be a differential equation or an integral expression.
To find the stress history that accompanies a known strain
history, the constitutive equation, together with relevant
boundary and initial conditions, must be solved. The re-
laxation and creep moduli, for example, are obtained by
inserting a step strain or step stress into the constitutive
equations for these materials and by solving for the re-
sulting stress or strain.

Often, when modeling the materials in the body, these
simple mechanical models are not adequate to describe
the mechanical response observed and more complex mod-
els are required. One approach is to continue to add more
elastic and viscous elements to these mechanical models to
allow for more complex behavior. Boltzmann (2) developed
the most general linear viscoelastic model by considering a
body subjected to a continuous force history F(t) that ac-
companies a deformation history u(t). This theory is based
on the idea that the current stress is an additive function
not only of the strain at the current time t but also of the
strain at previous times t� t. We also assume that more
recent times have a stronger weighting. Consider a mate-
rial with a force history F(t), a displacement history u(t),
and a relaxation modulus G(t). If we consider a small in-
crement of the displacement loading over an interval of
time dt, then this increment of displacement is

duðtÞ¼
duðtÞ
dt

:dt:

This will cause a force over the time from t¼ t� t to time t
¼ t to be relaxing as follows:

dFðtÞ¼Gðt� tÞ
duðtÞ
dt

:dt:

Then the total force will be the sum of these increments of
displacement at all times dt, which gives us, in the limit as

the dt goes to zero, the integral:

FðtÞ¼

Z t

�1

Gðt� tÞ
duðtÞ
dt

:dt:

This is the integral formulation for a general linear vis-
coelastic material. Similar arguments can obtain the in-
verse function, which depends on the creep modulus:

uðtÞ¼

Z t

�1

Jðt� tÞ
dFðtÞ
dt

:dt:

The Maxwell, Voigt, and standard linear solid models are
special examples of these formulations. A generalization of
these mechanical models with N springs and N dashpots
gives rise to an expression for the linear relaxation mod-
ulus, which consists of the sum of a series of exponentials:

GðtÞ¼
X

N

i¼ 1

Gie
�t=ti :

However, even with these models, many soft tissues of the
body cannot be adequately characterized, because they
exhibit nonlinear viscoelastic behavior.

3. NONLINEAR VISCOELASTICITY

Biological materials in which the relaxation modulus var-
ies when measured at different strains are said to be non-
linearly viscoelastic. Most soft biological tissues fall into
this category at most meaningful loading levels, which re-
quires more complex viscoelastic models.

3.1. Quasilinear Viscoelastic Models

For many soft biological tissues, the character of the tem-
poral response is consistent at different strains, but the
magnitude of the response does not vary linearly with ap-
plied strain. That is, the shape of the relaxation modulus
is similar at different strains, but the magnitude varies
with applied strain. These materials can be modeled with
the quasi-linear viscoelastic class of models. In these mod-
els, the framework of linear viscoelasticity is used, with
the adaptation that the relaxation modulus is allowed to
depend on both strain and time, such that

GðtÞ¼TeðeÞ:GlðtÞ;

where TeðeÞ is known as the elastic response and GlðtÞ is
the linear relaxation modulus normalized so that
Glð0Þ¼ 1. This is known as the reduced relaxation modu-
lus. Then, analogously to the derivation for the linear vis-
coelastic response, we can obtain the well-known

� �

� �

� �1

�2

x x x

F F F
Figure 5. Simple mechanical models for linear
viscoelastic materials: (a) Maxwell model, (b)
Voigt model, and (c) standard linear solid.
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expression for the stress history in response to an arbi-
trary strain history (3):

sðtÞ¼
Z t

�1

Glðt� tÞ
dTeðeðtÞÞ

de
:
deðtÞ
dt

:dt

or

sðtÞ¼
Z t

�1

Glðt� tÞ
dTe

dt
:dt:

The response of this type of model depends, then, on the
choice of functional forms forGl(t) and TeðeÞ . Similar to the
linear viscoelastic case, Gl(t) is often chosen as either the
sum of a discrete number of exponentials, representing
the sum of a number of spring-dashpot systems, or as a
continuous spectrum of relaxation constants. TeðeÞ is often
chosen to conform to a well-defined theory of finite elas-
ticity, for example, a Mooney–Rivlin hyperelastic model.

3.2. Multiphase Viscoelastic Models

Many soft biological tissues gain their unique mechanical
response from the fact that they consist of a network of
fibers (often collagen), which are embedded in a fluid ma-
trix. Models based on this microstructure have been
widely used in biomechanics, particularly for characteriz-
ing the response of articular cartilage. The simplest of
these, the poroelastic models, are based on the concept of
an elastic network around which a fluid flows. The viscous
character of the material results from the fluid flow, and
the elastic character comes from the elastic network. The
most common formulation of this is the biphasic model
developed by Mow’s group (4). In this model, the solid
phase is a linearly elastic material and the fluid phase is a
Newtonian viscous fluid. Adaptations of this model allow
for the use of strain-dependent permeability changes in
the solid matrix (4) and inclusion of the electrostatic in-
teractions between the matrix and the proteoglycans in
the fluid (triphasic theory) (5). More recently, researchers
have also allowed the solid matrix to be a hyperelastic
solid (porohyperelasticity theory) (6), a linear viscoelastic
material (poroviscoelasticity theory) (7), or a quasilinear
viscoelastic solid (poro-visco-hyperelasticity theory) (8).
The complexity of these latter models requires the numer-
ical solution of the governing equations, even for simple
geometries and loading conditions.

3.3. General Nonlinear Models

However, there are some soft tissues for which even this
type of model is insufficient. This might be, for example,
because the shape of the relaxation response varies with
applied strain, because the material is strongly strain-rate
sensitive, like brain tissue (9). In other cases, the tissue
properties may vary with physiological parameters that
change within the time scale of study—like muscle tissue,
in which the activation state strongly affects the mechan-
ical properties. For highly vascular soft tissues, the me-
chanical properties can vary with perfusion pressure
through the cardiac cycle. Models for these more complex

of biological materials are in their infancy, often requiring
recourse to the fully nonlinear single-integral formulation
of Pipkin and Rogers (10), and/or differential models
adapted from the rheological literature (see chapter 7 of
Ref. 11 for overview of such models). For active tissues,
such as muscle, models must incorporate the activation
level in the constitutive equation. Of course, in such cases,
there is often a tradeoff between complexity and accuracy
of the model to be made, and the requirements of the sit-
uation under study must dictate the model used. For ex-
ample, different models for brain tissue are appropriate
when studying quasistatic fluid-dominated processes such
as hydrocephalus, than when studying solid-dominated
processes at high strain rates such as brain trauma. Mod-
els that incorporate physiological parameters such as per-
fusion, electrophysiological function, fatigue, metabolic
status, and age- and health-related effects as well as cap-
ture the macroscopic viscoelastic response of tissues will
continue to evolve. Evaluation of material constants for
these models is also an area that is developing rapidly, as
researchers attempt to undertake in vivo experiments to
measure tissue response (12,13) rather than relying on the
more traditional ex vivo methods.

3.4. Viscoelastic Models for Computational Simulation

Given the geometrical complexity of most anatomical
structures, the use of computational simulations to pre-
dict the response of human body tissues in situ is wide-
spread. In recent years, finite element simulations of the
body have been widely used to study the body’s response to
both physiological and nonphysiological loading condi-
tions. Inherent in producing accurate results from these
computational simulations is the requirement for accurate
and efficient constitutive models to describe tissue behav-
ior. In limited circumstances, the use of simple linear elas-
tic or neo-Hookean models may be appropriate; however,
in many cases, nonlinear and/or viscoelastic models are
required. As with the development of viscoelastic models
for tissue behavior, simple linear viscoelastic models were
the first models to be widely used, and these are still
widely employed. Indeed, the use of a linear viscoelastic
model by describing the relaxation modulus as a Prony
series of exponential functions is a capability shared by
most commercial finite element codes. Many codes de-
signed for nonlinear problems also include the capability
to combine this with a hyperelastic or other nonlinear
elastic model to obtain certain forms of the quasi-linear
model. Poroelastic (two-phase) models analogous to the
biphasic theory are also available in some commercial fi-
nite element codes. However, for many biological materi-
als for which these models are inadequate, researchers are
required to develop their numerical implementations of a
viscoelastic constitutive equation, either as a standalone
implementation or in conjunction with a third-party prod-
uct. Computational efficiency must be often balanced
against the importance of an accurate model, which may
be complex. The development of efficient implementation
of nonlinear viscoelastic models suitable for biological ma-
terials is an important future area of research.
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1. INTRODUCTION

Voice analysis estimates the frequencies produced during
phonation and the time-domain characteristics of voice.
The term ‘‘voice’’ is frequently used to mean ‘‘speech’’ in
everyday conversation, but we have to be careful to dis-
cern the difference between the two terms. Voice, or pho-
nation, strictly refers to the sound produced by the larynx
(see Fig. 1), or its corresponding signal. As will be de-
scribed in more detail later, the larynx contains the vocal
folds. Voiced sounds are created by vibrations of the vocal
folds (see Figs. 2 and 3). Several examples of voiced
sounds, both from healthy subjects and pathological sub-
jects, can be found in the text.

The variation of the voice signal associated with open-
ing and closing of the vocal folds is related to the percep-
tion of hoarseness, harshness, and breathiness, which is
particularly meaningful in the biomedical field, where
voice analysis is intended in this sense, as it allows cap-
turing the most important parameters characterizing
healthy and pathological voices. Of course, voice analysis
is also the basic step in speech analysis, concerning the
widest field of understanding the primary method of com-
munication among humans. As will be described later,
speech is the result of a combination of voiced sounds with
unvoiced and mixed sounds. The vocal folds may be closed,
blocking the flow of air from the trachea, and then opened
suddenly, or kept partially or completely opened, and con-
strictions may be produced in the vocal tract to produce
these sounds.

2. MOTIVATION AND HISTORICAL BACKGROUND

The motivation for understanding the mechanism of voice
and speech production lies in the fact that the speech is
the human being’s primary means of communication.

Voice analysis relies on basic research in the speech
and hearing sciences, some of which is centuries old, and
much of which is ongoing. Early work in understanding
the voice goes back to the eighteenth century, and first
attempts to model and understand speech production re-
sulted in mechanical speaking machines (1,2). At the be-
ginning of the twentieth century, a strong resurgence of
interest developed from the growth of the telecommuni-
cations industry. In this respect, the 1930s are often con-
sidered to be the beginning of the modern speech
technology era, and subsequent decades have seen an ex-
plosion of activity: intense research on the basic acoustical
aspects of speech production and electronic synthesisers,
advances in analysis and coding algorithms, and develop-
ment of vocal models and of speech analysis methods in
order to reduce and parameterize speech-data for elec-
tronic transmission (3,4).

More recently, as with so many areas, the modeling and
analysis of vocal emissions has benefited from the ad-
vances in electrical devices, computer speed, and in-
creased storage, together with the related advance in
signal processing techniques and computer-based sys-
tems. Improved imaging techniques allow researchers to
study vocal folds in motion, and models are increasingly
becoming more realistic.

In this latest phase, research interest has focused more
strongly on biomedical applications, including modeling of
the normal and pathological voice source, analysis of
healthy and pathological voice for diagnostic and classifi-
cation purposes, enhancing voice quality during rehabili-
tation after surgery, and the development of vocal
prostheses. Through developments in acoustic theory,
many fundamental aspects of human voice production
are now understood. However, areas exist, such as non-
linearity of vocal fold vibration, vocal tract articulator dy-
namics, knowledge of linguistic rules, and the acoustic
effects of coupling of the glottal source and vocal tract, that
continue to be studied. Comparison of theoretical predic-
tive models with observables has provided a rich source of
information and continues to do so as modeling and mea-
surement techniques become more refined.

Direct measurements of laryngeal control and function
are rarely feasible, and a great deal of ingenuity has his-
torically been applied to extract information from the
acoustic output or from external physiological measure-
ment. The definition of a suitable set of parameters to
characterize normal and pathological glottal waveforms
has been a long-term goal for vocal modeling. Defining
protocols and reliable objective parameters has become of
great relevance for physicians, and progress has been
aided by the possibility of easy exchange of data and re-
sults all over the world.

The problem of constructing, from a set of variables, a
general measure of speech standardization, mainly con-
cerns computerized speech recognition. In fact, the socio-
linguistic variable is a linguistic feature that can be shown
to vary with certain socially or demographically defined
characteristics of speakers. Undoubtedly, it has earned its
place in the software market. Applications ranging from
dial-up phone menus to audiovisual aids accept the spo-
ken word as a viable, if optional, means of input. As far as
biomedical applications, and more specifically voice anal-
ysis, this may not be a distinctive or crucial aspect, the
analysis being limited to voiced sounds only. Moreover, the
aim is that of extracting voice characteristics (mainly fun-
damental frequency and formants) along with their devi-
ation from ‘‘healthy conditions’’ (jitter, shimmer, noise),
regardless of the speaker. Just distinguishing among
male, female, children, or newborn voice emissions is of
importance for these aims.

On the other hand, the need for a standardization of
acoustic measures exist (5,6). A huge number of indices,
both perceptual and objective, as well as different mea-
sures of the same quantity (for example, jitter and noise)
still prevent a unified and useful comparison of results, as
well as a standard database setup for voice pathology
classification.

1
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Much of the research in speech modeling and voice
analysis, from the biomedical point of view, is directed to-
ward diagnostic applications and speech therapy. Addi-
tionally, a relatively new interest in nonspeech vocal
emissions, such as infant cry, cough, and snoring, has de-
veloped in order to study developmental aspects as well as
pathological aspects such as obstructive apnea and
asthma.

Speech-language pathologists, otolaryngologists, voice
teachers, and singers often use software that can identify
the acoustic features of sustained or sung vowels for clin-
ical assessment or vocal training. These programs allow
one to view a time-domain or frequency-domain represen-
tation of one’s voice to characterize its hoarseness, harsh-
ness, breathiness, formant structure, glottal attack, and
fundamental frequency contour to name a few.

Many interrelationships exist between production and
perception that allow individuals to communicate with
one another. A complete understanding of the production
of a vocal emission of any kind requires knowledge of the
entire cycle of cognitive and neurobiological function, la-
ryngeal and articulatory motor control, airflow-tissue in-
teraction, acoustic generation and propagation, and the
interactions between these different aspects. Therefore,
future research will not only focus on speech production,
hearing, and linguistic structure, but will also undoubt-
edly probe the complex interrelations among these areas.

3. CHAPTER ORGANIZATION

Voice analysis, as will be treated here, is divided into three
main sections:

1. Voice production: basic anatomy and physiology.
This section briefly describes the anatomical

structure of the organs involved in voice and speech
production, their functioning and interrelationships,
which is, of course, essential for understanding the
following sections. Moreover, the main parameters
characterizing voice are highlighted, as far as the
biomedical point of view is concerned. Such param-
eters will be treated from the modeling point of view
in the models of Voice Production section and tech-
niques for extracting them from voice recordings
will be described in the Voice Analysis Techniques
section.

2. Models of voice production.
This sections describes the main modeling tech-

niques that were developed in order to make voice
production tractable from a mathematical point of
view. Models are inherently a simplified version of
the real physical mechanism, hence approximations
are introduced in order to describe it. However, from
these models, theoretical results can be derived that
allow implementing reliable and efficient voice anal-
ysis techniques. This section require basic knowl-
edge in mechanics, acoustics, and dynamical system
theory.

3. Voice analysis techniques.
This is the main section of the chapter. It exploits

the best known techniques for extracting the most
relevant parameters from the voice signal. The
treatment follows a bottom-up approach, as it starts
with basic techniques, based on the classic Fast Fou-
rier approach (also historically the oldest), goes
through the so-called parametric approach, based
on linear system theory (applied later to voice anal-
ysis), and finally exploits the cepstral analysis tech-
nique, which, although starting from elementary
consideration, and historically dated, is less intu-
itive than the previous two and requires more basic
knowledge.

The aim with all the three approaches is the extraction
of the main voice parameters (fundamental frequency,
formants, voice quality). Advantages and drawbacks of
each approach will be pointed out.

The treatment is not intended to be exhaustive, but will
mainly focus on the biomedical engineering point of view.

4. VOICE PRODUCTION – BASIC ANATOMY AND
PHYSIOLOGY (7–19)

Sounds are changes in pressure in an elastic medium
(such as the atmosphere) that can be detected by the ear.
Normal human ears can hear in the frequency range be-
tween approximately 20 Hertz and 20,000 Hertz, or cycles
per second. A sound’s frequency is the number of sound
waves produced per second by the sound source.

A sound source emits sound waves (pressure distur-
bances) in all directions. Of course, a source like the hu-
man voice will emit (radiate) much more energy in the
direction the person is facing than in other directions. The
wave expands, in a spherical shape, losing intensity as it
travels away from the source. This energy loss is quite
rapid as the distance from the sound source increases, be-
cause the total volume through which the sound is being
sent grows ever larger.

The speech waveform is an acoustic sound pressure
wave that originates from voluntary movements of ana-
tomical structures that make up the human speech pro-
duction system. Figure 1, on the left, portrays a medium
sagittal section of the speech system. The gross compo-
nents are the lungs, trachea, larynx (organ of voice pro-
duction), pharyngeal cavity, oral cavity, and nose. The
pharyngeal and oral cavities are usually grouped together
into one unit referred to as the vocal tract, and the nasal
cavity is often called the nasal tract. Accordingly, the vocal
tract begins at the output of the larynx and terminates at
the input to the lips. The nasal tract begins at the velum
and ends at the nostrils of the nose.

Finer anatomical features critical to speech production
include the vocal folds or vocal cords, soft palate or velum,
tongue, mandible or jaw, teeth, and lips. These compo-
nents move to different positions to produce various
speech sounds and are known as articulators. They are
responsible for gross and fine movements that affect the
size and shape of the vocal tract.

From an engineering point of view, it is useful to think
of speech production in terms of an acoustic filtering op-
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eration. Hence, the anatomy must be associated with a
more technical model (Fig. 1, right). The three main cav-
ities of the speech production system (vocal plus nasal
tracts) comprise the main acoustic filter. This filter is ex-
cited by the organs below it and is loaded at its main out-
put by a radiation impedance caused by the lips. The
articulators, most of which are associated with the filter
itself, are used to change the properties of the system, its
form of excitation and its output loading over time.

Specifically, the vocal tract filter can be considered an
acoustical tube that is nonuniform in cross-sectional area.
It is terminated by the lips at one end and by the vocal
cord constriction at the top of the trachea at the other end.
In an adult male, the vocal tube is about 17-cm long (14 cm
in adult female, downward to 6–8 cm in newborn infants,
with intermediate values for children) and is deformed in
cross-sectional area by movement of articulators; namely
the lips, jaw, tongue, and velum. The cross-sectional area
in the forward portion of the tract can be varied from zero
(i.e., complete closure) to upward of 20 cm2.

The nasal tract constitutes an ancillary path for sound
transmission. It begins at the velum and terminates at the
nostrils. In the adult male, the cavity has a length of about
12 cm. Acoustic coupling between the nasal and vocal
tracts is controlled by the size of the opening at the ve-
lum. In an adult male, the area of the velar opening can
range from zero to around 5 cm2.

The source of energy for speech production lies in the
thoracic and abdominal musculatures. Air is drawn into
the lungs by enlarging the chest cavity and lowering the
diaphragm. It is expelled by contracting the rib cage and
increasing the lung pressure. Production of vowel sounds
at the softest possible level requires a lung pressure of the
order of 4 cm H2O. For very loud, high-pitched sounds, on

the other hand, pressures of about 20 cm H2O or more are
not uncommon. During speech, the lung pressure is main-
tained by a steady, slow contraction of the rib cage. As air
is forced from the lungs, it passes through the trachea into
the pharynx, or throat cavity. The top of the trachea is
surmounted by the larynx, the organ of voice production.

4.1. The Larynx

The larynx functions in deglutition (swallowing), respira-
tion (breathing), and phonation (voice production). Figure
2 shows a vertical cross section through the larynx. In this
diagram, the vocal folds are separated, as they would be
during breathing. The larynx is the point at which the
aerodigestive tract splits into two separate pathways: The
inspired air travels through the trachea into the lungs,
and swallowed food enters the esophagus and passes into
the stomach. As a result of its location, the larynx has
three important functions:

* control of the airflow during breathing,
* protection of the airway, and
* production of sound for speech.

The larynx consists of a framework of cartilage with sur-
rounding soft tissue. The most prominent piece of carti-
lage is a shield-shaped structure called the thyroid
cartilage, whose anterior portion can be easily felt in
thin necks as the ‘‘Adam’s apple.’’

Superior to the larynx is a U-shaped bone called the
hyoid. The hyoid bone supports the larynx from above and
is itself attached to the mandible by muscles and tendons.
These attachments are important in elevating the larynx
during swallowing and speech.

Figure 1. On the left: portrayal of a medium
sagittal section of the human speech system.
On the right: schematic model of the human
speech production system.
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The lower part of the larynx consists of a circular piece
of cartilage, called the cricoid cartilage. Below the cricoid
are the rings of the trachea.

In the center of the larynx lie the vocal folds (also
known as the vocal cords). The vocal folds are one of the
most important parts of the larynx, as they play a key role
in all three functions mentioned above. The vocal folds are
made of muscles covered by a thin layer called mucosa. A
right fold and a left fold exist, forming a ‘‘V’’ when viewed
from above. The rate of vibration of the vocal cords is de-
termined primarily by their mass and tension, although
air pressure and velocity can contribute in a smaller way.

The slit-like orifice between the cords is called the glot-
tis. Just above the vocal folds is a second fold of tissue
called the false vocal folds. They do not play a major role in
speech, and, unlike the true vocal folds, they should not
come in contact with each other during speech. The false
vocal folds are important in preventing substances from
entering the trachea during swallowing. Above the vocal
fold is a floppy cartilaginous tongue-shaped structure
called the epiglottis. The epiglottis folds over the opening
into the larynx when we swallow, which helps prevent
material from getting into the lungs.

At the rear portion of each vocal fold is a small struc-
ture made of cartilage called the arytenoids. Many small
muscles are attached to the arytenoids. These muscles
pull the arytenoids apart from each other during breath-
ing, thereby opening the airway. During speech, the ary-
tenoids, and therefore the vocal folds, are brought close
together. As the air passes by the vocal folds in this posi-
tion, they open and close very quickly. The rapid pulsation
of air passing through the vocal folds produces a sound
that is then modified by the remainder of the vocal tract to
produce speech.

Movement of the larynx is controlled by two groups of
muscles. The intrinsic muscles move the vocal folds (open-

ing, closing, and tension). The extrinsic muscles do not
affect the movement of the vocal folds, but raise and lower
the entire larynx. This movement is especially important
for swallowing. Trained singers also develop fine control of
these muscles help to improve the quality of their voices.

4.2. Mechanism of Voice Production – Vocal Fold Vibration

The production of voice can be thought of in terms of three
components: the production of airflow, the generation and
resonance of sound, and the articulation of voice. Voice
production is dependent on the flow of air through the vo-
cal folds and out past the lips. The lungs first supply ad-
equate airflow to overcome the resistance of the adducted
vocal cords.

To make sounds for speech, the vocal folds are first
brought together by the muscles of the larynx. While they
are closed, the action of the respiratory muscles and the
chest wall cause the air pressure immediately below the
vocal folds to increase. When the pressure beneath the
vocal folds exceeds the pressure holding them together, a
burst of air escapes through the folds. As the air rapidly
flows through the larynx, it creates a decreased pressure
and the vocal folds are brought together. The pressure be-
neath the folds rises again, and the process repeats itself.
The process of rapid opening and closing produces vocal
fold vibration that we can see with a stroboscopic exam-
ination. Each time the vocal folds open, they produce a jet
of air that creates a rapid changes in air pressure and
produces the sounds we use to make speech.

It is important to realize that the vocal folds do not
produce sound by vibrating like guitar strings. Instead,
the sound is produced by the pressure changes created as
small jets of air pass through the moving vocal folds.

Figure 3 shows a schematic of a cross section of the
opening and closing of the vocal folds. Notice that the folds
do not open all at once, but rather the lower part first be-
gins to open and, at a later point in time, the upper portion
of the folds separate. This complex manner of opening and
closing produces what is called the mucosal wave. A good
mucosal wave is necessary for the folds to open in a uni-
form and symmetric fashion. Anything that interferes
with this mucosa wave, such as a swelling or a cyst on
the folds, disrupts the mucosal wave and causes a wors-
ening in voice quality.

The position of the vocal folds during speech depends
on the type of sounds being made. One grouping of sounds
is called ‘‘voiced,’’ because their production relies on vi-
bration of the vocal folds. Another grouping is called ‘‘un-
voiced’’ or ‘‘voiceless,’’ and for these sounds the vocal folds
are usually opened and the sound is produced by another
part of mouth and throat. These sounds are not produced
by the larynx but rather by turbulent air flow in parts of
the mouth. More details will be given in the Speech Pro-
duction subsection.

4.3. Main Voice Parameters

A primary purpose of voice analysis is to extract features
or parameters that represent important characteristics of
the waveform. This section will briefly summarize some of
the most relevant voice characteristics, some of which will

Figure 2. Vertical cross section of the larynx.
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be analyzed in detail later in the section devoted to the
analysis techniques. Remember that the description is
limited to those aspect relevant from a biomedical point
of view. The two most basic (and most widely studied)
acoustical speech parameters are the formant and funda-
mental frequency parameters. Also, an objective measure
of ‘‘noise,’’ intended as voice quality, is of great importance
in biomedical applications.

Different sampling rates can be used when analyzing
voice signals for biomedical applications, mainly because
of the data acquisition device and to continuously updated
versions of both hardware and software tools offered on
the market.

Today, most commonly, a sampling rate Fs in the range
22–50 kHz is used and accepted by the largest number of
commercial products, which means that the Nyquist range
can reach 25 kHz for analysis. Although this seems too
much extended and commonly not necessary for voice
analysis (main vowel formants typically do not go beyond
4 kHz, thus requiring a sampling rate around 10 kHz), it
allows high resolution and thus enhanced results. More-
over, especially for jitter analysis, a very high sampling
rate Fs is required in order to extract low variations (in
percent) of the fundamental frequency. Specifically, in or-
der to obtain reliable results with low jitter (less than 1%),
it can be shown that the sampling rate should be at least
around 100 kHz (6).

Finally, noise estimation requires extending the fre-
quency range well above the voiced region, as meaningful
noisy components are also found around 10 kHz. Hence,
high sampling rates are advisable.

Following the comments above, in the examples
through this chapter, Fs may take different values in the
range 22–50 kHz. This fact will be pointed out when nec-
essary.

4.3.1. Fundamental Frequency or Pitch. Sound produc-
tion occurs because of the vibration of the mucosa at the
inner edge of each vocal cord. For a normal vocal effort, the
vocal cords open and close completely during the cycle and
generate an air flow waveform that is roughly triangular
in shape over time. The glottal volume current, therefore,
has a frequency spectrum relatively rich in overtones or
harmonics. As a result of the the approximately triangular
waveform, the higher frequency components diminish in

amplitude at about 12 dB/octave. The volume flow of air
through the glottis as a function of time is similar to (al-
though not exactly proportional to) the area of the glottal
opening.

The sound produced by the vocal folds consists of a se-
ries of harmonics, shown in Fig. 4 (left). The lowest har-
monic, which is usually the strongest, is called the
fundamental frequency. Harmonics decrease in amplitude
with increasing frequency approximately as 1/n2. As will
be explained later, the overall effect of the vocal tract on
harmonics results in enhancement of resonance frequen-
cies (formant frequencies), producing the spectral peaks
shown in Fig. 4 on the right.

Pitch estimation appears to be a rather simple task on
the surface, but many subtleties exist that need to be kept
in mind. Although many successfully implemented pitch
estimation algorithms exist, none work without making
certain assumptions about the sound being analyzed. In
the context of algorithmic estimation, finding the ‘‘pitch’’
typically refers to estimating a sound’s fundamental fre-
quency or period. However, humans can identify pitch in
sounds that have a slightly varying period, or even in ones
that lack a fundamental frequency. The human ear and
nervous system can make pitch estimations from complex
sounds by finding patterns, seeking subsets of almost har-
monically related components, and making best estimates.
Strictly speaking, pitch is psychological impression of the
‘‘highness’’ or ‘‘lowness’’ of a sound based on the various
frequencies it contains. It refers to the perceived funda-
mental frequency of a sound. As we will not be concerned
with perceptual phenomena, we will routinely use the
word pitch to mean fundamental frequency.

Everyone has a pitch range to which he or she is con-
strained by the physics of his or her larynx. For men, the
possible pitch range is usually found between 50 and
250 Hz, whereas for women, the range usually falls be-
tween 120 and 500 Hz. Higher values are relative to chil-
dren. Typical speech center frequencies are 110 Hz (men),
220 Hz (women), and 300 Hz (children). Normal speech
varies over an approximate range of one octave.

Any structural, inflammatory, or neoplastic lesion of
the vocal cord affects voice production and quality. For ex-
ample, a ‘‘breathy’’ voice quality is produced during an
open phase mode of vibration, such that the folds never
completely stop the air flow through them. A minimum of
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Figure 3. Schematic of a cross section of the opening and closing of the vocal folds.
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air passes through the folds, in short puffs, when produc-
ing a ‘‘creaky’’ voice. Figure 5 shows the signal obtained
from an healthy voice (upper picture) and a pathological
voice (lower picture), relative to unilateral vocal fold pa-
ralysis. Both are pronouncing the vowel /a/. The mean
distance among highest peaks in the figures correspond to

the fundamental period P (i.e., 1/P is the pitch). Notice the
irregular behavior of the pathological voice as compared
with the healthy one.

Pitch estimation will be addressed in later with differ-
ent techniques.

4.3.2. Formants. A complex signal such as the voice is
actually made up of the sum of sound waves of many dif-
ferent frequencies. As described above, the vibration of the
vocal folds produces a series of harmonics.

Final modification of the voice occurs as we move our
tongue, mouth, jaw, palate, cheek, and lips (speech pro-
duction). The process of modifying the shape of the vocal
tract to produce different sounds is called articulation. In
fact, in addition to the sounds produced by the larynx, we
can also produce sounds in other parts of the vocal tract.
These sounds are usually made by forcing air to flow
through narrow openings. The turbulence created with
this air flow produces the desired sound. Depending on the
position of these structures and the overall shape of the
vocal tract, certain sound frequencies will be amplified by
the tract and others will be dampened. Those frequencies
that are amplified are called the formants.

The overall effect of the vocal folds and the vocal tract is
shown in Fig. 4, on the right. The harmonics (on the left
plot) are modified in amplitude by the transfer function of
the vocal tract. The peaks that occur in the sound spectra
of the vowels, independent of pitch, correspond to form-
ants. The formant parameters play a dominant role in
many areas such as acoustic phonetics, automatic speech
recognition, and transmission.

Note that subtle changes in tongue position can pro-
duce a significant change in the formant, and therefore a
totally different vowel sound. Vowels are typically in the
low-frequency range (below 4 kHz), whereas consonants
are in the high-frequency range. Phonemes are the basic
theoretical units for describing how speech conveys lin-
guistic meaning. They are typically distinguished by just
two or three formants, which are defined in terms of their
frequency, amplitude, and bandwidth.

By approximating the vocal tract as a uniform tube (see
subsection entitled Acoustic Tube Model of the Vocal
Tract), the resonant frequencies (formants) Fi for this
model are found as:

Fi¼
c

4l
½2i� 1� for i¼1; 2; 3; 4; . . . ;
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Figure 4. On the left: harmonics produced by
the vocal folds (glottal flow spectrum). On the
right: overall effect of the vocal folds and the vo-
cal tract on the harmonics (vocal tract spectrum).
Depending on the position of articulators and the
overall shape of the vocal tract, certain sound
frequencies are amplified by the tract and others
are dampened. Those frequencies that are ampli-
fied are called the formants. The peaks that occur
in the sound spectra of the vowels, independent
of pitch, correspond to formants.
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Figure 5. Signal obtained from an healthy voice (upper) and a
pathological voice relative to unilateral vocal fold paralysis
(lower). Both are pronouncing the vowel /a/. Notice the more ir-
regular behavior of the pathological voice, which sounds hoarse.
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where c¼ 350 m= sec2 is the speed of sound and l ¼ vocal
tract length. For an average vocal tract length of approx-
imately l¼ 17 cm (adult male), resonance occur at 500 Hz,
1500 Hz, 2500 Hz,y, respectively. Hence, there will gen-
erally be three or four formants within 3 kHz and four or
five formants within 5 kHz. Higher values are found for
female or children voices, and for singers. Speech synthe-
sis studies have demonstrated that the first three form-
ants are of primary importance in the representation of
voiced speech.

The formant is generally defined as a damped sinusoi-
dal component of the vocal tract acoustic impulse re-
sponse. In the classic all-pole model of speech, which will
be discussed later, a formant is equivalently defined as a
complex pole-pair of the vocal tract transfer function.

Formant analysis can be traced back to the 1950s, and
numerous techniques are available, some more exotic than
others. Most of the early work can be regarded as fre-
quency-domain techniques, such as ‘‘peak-picking’’ spec-
tral peaks in the short-time amplitude spectrum. Later,
techniques were developed to ‘‘peak-pick’’ a ceptrally-
smoothed spectrum or to find the roots of the linear pre-
diction (LP) polynomial (9,20–22). Other techniques in-
clude formant tracking using hidden Markov models and
vector quantization of LP spectra, quasilinearization, Kal-
man filters, and energy separation.

The two techniques most widely used for formant esti-
mation are based on linear prediction and cepstral anal-
ysis and will be described in later.

4.3.3. Acoustic Power and Intensity. The amplitude of a
sound is its ‘‘strength,’’ or loudness. Loudness is a percep-
tual quantity that can only be assessed by an auditory
system, including the brain. Our perception of the loud-
ness of a given sound varies according to pitch, because
the human ear is not uniformly sensitive to all frequen-
cies. For instance, the ear is most sensitive to pitches in
the 1000–3000 Hz range. Lower or higher pitches, even if
sung/produced at the same volume, will sound softer by
comparison.

Acoustic power is a measure of the amount of the total
energy produced (regardless of how it is perceived by the
human ear) and radiated into the surrounding air, per
second, measured in watts.

Intensity is a measure of a sound’s power per unit area,
measured in watts/m2, or in units called decibels (dB). As
the decibel scale is logarithmic, large differences in the
power of sounds are reflected as relatively small changes
in decibels. A 10 � increase in sound power is only a 10 dB
increase.

4.3.4. Noise Level. Intonation is associated with the
pitch contour over time and performs several functions
in a language. Timbre, by contrast, is the ‘‘quality’’ of a
sound that we hear, which is determined by the various
overtones present in the sound and their relative
strengths. In fact, timbre is defined as the characteristics
of a sound that allow humans to differentiate sounds of
identical pitch.

The signal-to-noise ratio (SNR) is a measurement of
voice quality, in the sense that sounds with an identical

pitch but different timbre will have different values of
SNR. For example, a lower SNR may imply additive noise
in the pitched sound whereas a higher SNR may corre-
spond to more pure sound. The actual origin of the differ-
ences in SNR values are characteristics of the various
sounds. These characteristics are what make sounds dif-
ferent and are therefore a measurement of timbre. The
section on Voice Quality Estimation will address this topic.

4.4. Speech Production

As already pointed out, speech analysis is not the subject
of this work. Nevertheless, speech analysis also has bio-
medical implications, as it can be oriented toward finding
emotional or stress parameters as an aid to neurological
and psychological studies (insomnia, hypnosis, depres-
sion, etc.). Hence, and for the sake of completeness, in
this section we will briefly describe the mechanism of
speech production (9,10,23–25). In order for communica-
tion to take place, a speaker must produce a speech signal
in the form of a sound pressure wave that travels from the
speaker’s mouth to a listener’s ears. Speech signals are
composed of a sequence of sounds that serve as a symbolic
representation for a thought that the speaker wishes to
relay to the listener. The arrangement of these sounds is
governed by rules associated with a language. The scien-
tific study of language and the manner in which these
rules are used in human communication is referred to as
linguistics. The science that studies the characteristics of
human sound production, especially for the description,
classification, and transcription of speech, is called pho-
netics.

The collection of olfactory, respiratory, and digestive
apparatus that man uses for speaking is a relatively com-
plex sound-producing system. Speech is the acoustic end
product of voluntary, formalized motions of the respiratory
and masticatory apparatus. It is a motor behavior, which
must be learned. It is developed, controlled, and main-
tained by the acoustic feedback of the hearing mechanism
and by the kinaesthetic feedback of the speech muscula-
ture. Information from these senses is organized and co-
ordinated by the central nervous system and used to direct
the speech function.

Impairment of either control mechanism usually de-
grades the performance of the vocal apparatus. Most of us
are aware of the difficulties that partially or totally deaf
persons have in producing adequate speech.

One of the principal features of any speech sound is the
manner of excitation. We can identify two main excitation
types, voiced and unvoiced, plus three other types of ex-
citation, which are really just a combination of voiced and
unvoiced, including mixed, plosive, and whisper.

Voiced sounds are always excited at the same point in
the tract, namely at the vocal cords. The voiced sounds of
speech are produced by forcing air through the glottis. The
tension of the vocal cords is adjusted so that they vibrate
in an oscillatory fashion. The variable area orifice pro-
duced by the vibrating cords permits quasiperiodic pulses
of air to excite the acoustic system above the vocal cords.
The periodic interruption of the subglottal airflow results
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in quasiperiodic puffs of air that excite the vocal tract.
Examples are all the vowel sounds (see Figs. 4 and 5).

Unvoiced excitation is applied to the acoustic system at
the point where turbulent flow or pressure release occurs.
Unvoiced sounds are generated by forming a constriction
at some point along the vocal tract and forcing air through
the constriction to produce turbulence. An acoustic noise
is thereby generated and provides an incoherent excita-
tion for the vocal system. The unvoiced sounds are formed
from this source. An example is the /s/ sound in ‘‘six.’’
Mixed sounds are simultaneously voiced and unvoiced.
For example, consider the sound corresponding to the let-
ter /z/.

Plosive sounds are formed by making a complete clo-
sure (normally toward the front of the vocal tract) and
building air pressure behind the closure. An abrupt re-
lease of the pressure provides a transient excitation of the
vocal tract. The transient excitation can be used with or
without vocal cord vibration to produce voiced or unvoiced
plosive sounds. A plosive example is the sound correspond-
ing to /t/ in ‘‘pat.’’

Whispered speech is produced by substituting a noise
source for the normally vibrating vocal cords. The source
may be produced by turbulent flow at the partially closed
glottis, or at some other constricted place in the tract.

Classification of speech sounds is customarily accom-
plished according to their manner and place of production.
For example, the articulation of vowel sounds is generally
described by the position of the tongue hump along the
vocal tract, which is often the place of greatest constric-
tion, and the degree of the constriction. The vowel sounds
of American English are normally produced exclusively by
vocal cord (or voiced) excitation of the tract. In normal ar-
ticulation, the tract is maintained in a relatively stable
configuration during most of the sound. The vowels are
further characterized by negligible (if any) nasal coupling
and by radiation only from the mouth.

The consonants constitute those sounds that are not
exclusively voiced and mouth-radiated from a relatively
stable vocal configuration. They generally are character-
ized by greater tract constrictions than the vowels. They
may be excited or radiated differently, or both. They can be
classified as:

– Fricative, produced from an incoherent noise excita-
tion of the vocal tract. If the vocal cord source oper-
ates in conjunction with the noise source, the
fricative is voiced, otherwise it is unvoiced.

– Stops, produced by a complete closure at some point
in the vocal tract. The stop can be produced with or
without simultaneous voicing.

– Nasal, normally excited by the vocal cords, are thus
voiced. A complete closure is made toward the front
of the vocal tract, the velum is opened wide, and the
nasal tract provides the main sound transmission
channel.

– Glides and semivowels, both characterized by voiced
excitation of the tract, no nasal coupling, and sound
radiation from the mouth. The glides precede a vowel
and exhibit movement toward the vowel. For semi-

vowels, the oral channel is more constricted than in
most vowels.

Some of the preceding vowel or consonant elements can
be combined to form basic sounds whose phonetic values
depend on vocal tract motion. An appropriate pair of vow-
els, so combined, forms a diphthong, which is vowel-like in
nature, but is characterized by change from one vowel po-
sition to another. In a similar way, a stop-fricative combi-
nation creates affricates.

5. MODELS OF VOICE PRODUCTION

All sounds generated by the vocal apparatus are charac-
terized by properties of the source of excitation and the
acoustic transmission system. To fully characterize the
human speech production system would require a set of
partial differential equations that describe the physical
principles of air propagation in the vocal system. A com-
plete description requires detailed mathematical analysis
and modeling based on acoustic theory and low-viscosity
(air) fluid mechanics. Although extensive research has
been performed in these areas, a universal theory has not
yet emerged.

Many different models have been postulated for quan-
titatively describing the voice production and speech pro-
cesses. Of course, no single model can account for all the
observed characteristics, mainly because of its inevitable
complexity. A basic criterion of modeling is to find math-
ematical relations that can be used to represent a limited
physical situation with a minimum of complexity and
maximum of accuracy. Models are derived from physical
principles (mechanical, electrical) and acoustical proper-
ties (multitube models) of voice and speech, which are, in
turn, based on anatomy and physiology of the vocal appa-
ratus.

5.1. Mechanical Models of Vocal Fold Oscillation

It is often difficult to study vocal fold vibration, as well as
measure the reactions of the larynx to stimuli, by per-
forming in vivo experiments, because vocal folds are lo-
cated in the highly sensitive airway. Hence, mechanical
models have been derived instead, capable of describing
the complex dynamics of the human voice apparatus. The
more involved the problem under study, the more complex
the model to be used. In this section, we will briefly de-
scribe some simple mechanical models (13,22,26–28).

Oscillation is a repeated back-and-forth movement. Vo-
cal fold oscillation is different from a simple oscillator, as
the back-and-forth movement is sustained over time. This
phenomenon is called flow-induced oscillation.

As is the case for most scientific phenomena, vocal fold
vibration was initially explained with very simple models.
As more and more has become known about human pho-
nation, subsequent models have evolved in complexity.
Early voice researchers in the 1950s and 1960s explained
vocal fold oscillation with the myoelastic-aerodynamic
theory. According to these theories, Bernoulli forces (neg-
ative pressure) cause the vocal folds to be sucked together,
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creating a closed airspace below the glottis. When air
pressure from the lungs becomes high enough, the folds
are blown outward, thus opening the glottis and releasing
a puff of air. The lateral movement of the vocal folds con-
tinues until the natural elasticity of the tissue takes over,
and the vocal folds move back to their original, closed po-
sition. Then, the cycle begins again. Each cycle produces a
single small puff of air; the sound of the human voice is
nothing more than tens or hundreds of these small puffs of
air being released every second and filtered by the vocal
tract. From this description, a simple mechanical model
can be constructed, with a block representing one vocal
fold, a spring for portraying the tissue stiffness or restor-
ing force in the vocal fold, and a damping constant, rep-
resenting the viscosity (energy absorption) of the tissue.
However, this simple model does not explain how the vocal
folds sustain oscillation, as researchers have found that
Bernoulli forces alone cannot account for continual energy
conversion from airstream to tissue, as oscillation would
soon damp out.

An increased use of videostroboscopy in clinics and re-
search labs has allowed vocologists to observe many sets of
vocal folds in slow motion (12,29). These observations
have shown that vocal folds rarely move in a uniform
block as for a one-mass model. Rather, the vocal folds
move in a wave-like motion from bottom to top, with the
bottom edge leading the way, as depicted in Fig. 3. Note
that at some points in the cycle, the bottom of the vocal
folds are farther apart than the upper part of the folds,
called a convergent shape because the airflow is converg-
ing. On the other hand, the airflow diverges when the
lowermost parts of the vocal folds are closer together, giv-
ing rise to a divergent glottal shape. Average air pressures
within the glottis tend to be larger in the convergent glot-
tal configuration than in the divergent shape, resulting in
the asymmetry of air pressures needed to sustain oscilla-
tion.

This complex manner of opening and closing produces
what is called the mucosal wave. Hence, more sophisti-
cated versions of the model were constructed in order to
model the shape of the vocal folds more accurately. They
were obtained adding more masses and springs to the
previous model.

An almost accurate mode that is not too complicated is
the three-mass model shown in Fig. 6. Two small masses
(m1 and m2), one on top of the other, represent the cover of
the vocal fold. A large mass (m) represents the thy-
roarytenoid muscle. Although independent of one another
in movement, all three masses are connected by springs
and damping constants. This model represents with some
precision the mucosal wave dynamics.

Over the past few decades, technical capabilities in
computer software and hardware and improved imaging
techniques allow researchers to study vocal folds in mo-
tion. Hence, models are increasingly becoming more real-
istic. Recent studies have developed a 16-mass models to
mimic vocal fold oscillation (13).

5.2. Acoustic Tube Model of the Vocal Tract

The early speech scientists began to understand speech by
considering stationary speech sounds, such as vowels,
which offer intriguing parallels with sound generation of
early pipe organs. The resulting speech production models
presented in this section will take the form of an acoustic
tube model (10,25). These models have been extended to a
discrete-time filter representation for use in processing
speech by computer. The acoustic tube modeling of the
vocal tract is undoubtedly very simplistic. However, the
resulting mathematics are tractable, and, if the boundary
conditions are properly chosen, the parameters of the
model can be obtained directly from linear prediction of
the speech waveform.

The basic assumptions used in deriving the acoustic
tube model of the vocal tract are as follows:

1. The vocal tract is assumed to consist of a set of M
interconnected sections of equal length. Each indi-
vidual section is of uniform area.

2. The transverse dimension of each section is small
enough compared with a wavelength, so that the
sound propagation through an individual section
can be treated as a plane wave. To verify this as-
sumption, we calculate the wavelength of a sound
wave at 4 kHz as:

l4 kHz¼
c

F
¼

340 m=s

4000 cycles= sec
¼ 8:5 cm;

where c is the speed of sound in air. The wavelength
l4 kHz¼ 8:5 cm is much larger than the average di-
ameter of the vocal tract (E2 cm), so the assumption
of planar propagation is reasonable.

3. The sections are rigid, so that internal losses be-
cause of wall vibration, viscosity, and heat conduc-
tion are negligible.

4. The model is linear and uncoupled from the glottis.

5. The effects of the nasal tract can be ignored.

Figure 6. Three-mass model of the vocal folds oscillation.

VOICE ANALYSIS 9



A schematic model of the vocal tract is shown in Fig. 7
as a series of eight uniform cylindrical sections. Each sec-
tion has a constant area Am. This figure shows a two-di-
mensional representation of the area Am versus distance
from the glottis to the lips, having a reversed axis for area,
as it must be positive. It is used in most instances, because
in the physical system the hard palate or roof of the mouth
is relatively immovable with respect to the articulators
such as the tongue and the lips.

This form is referred to as the discrete area function
representation or, for simplicity, as the area function.

The number of sections to be chosen is commonly re-
lated to the specific application, but also to the character-
istics of the sound signal under consideration. For
example, two-tube models of the vocal tract capture
many of the important features of the vowel sounds
‘‘ah,’’ ‘‘ee,’’ and ‘‘oo,’’ whereas models composed of two cav-
ities with a connecting constriction can approximate the
formants associated with several consonant sounds. For
pathological voices, the number of sections usually must
be increased because of the reduced stationarity of the
signal. As will be shown later, the signal sampling fre-
quency is another important parameter linked to the
choice of the optimal number of sections.

The equations governing pressure and volume velocity
in an acoustic tube, which satisfy the above stated as-
sumptions, are the momentum equation:

@pmðx; tÞ

@x
¼
�r

AmðxÞ

@umðx; tÞ

@t

and the continuity of mass equation:

@umðx; tÞ

@x
¼
�AmðxÞ

rc2

@pmðx; tÞ

@t
:

The variables pm(x,t) and um(x,t) define the pressure and
volume velocity, respectively, within the m-th acoustic
tube section as a function of time t and distance x mea-
sured from the center of the tube. The center of the section
is thus defined as x¼ 0. The section length is defined as 1,
so that the left and right end are located at x¼ � 1/2 and x
¼ þ 1/2, respectively (Fig. 8).

The term r defines the air density and c is the velocity
of propagation or speed of sound for air. Combining these
equations and rearranging terms gives:

@

@x

1

AmðxÞ

@umðx; tÞ

@x

� �

¼
1

c2AmðxÞ

@2umðx; tÞ

@2t
:

If AmðxÞ is defined as a constant over the total length of the
section (i.e., AmðxÞ¼Am), the equation reduces to the one-
dimensional wave equation

@2ð�Þ

@x2
¼

1

c2

@2ð�Þ

@t2
;

which holds for both the pressure and volume velocity ar-
guments (K). The solution for volume velocity and pres-
sure is thus expressed as a linear combination of forward
and reverse traveling waves (indicated by the superscripts
þ and � , respectively) in the form:

umðx; tÞ ¼uþm ðt� x=cÞ � u�mðtþ x=cÞ

and

pmðx; tÞ¼pþm ðt� x=cÞþp�mðtþ x=cÞ; ð1Þ

where x/c has the units of time.
To within a constant, pmðx; tÞ can be described in terms

of umðx; tÞ as:

pmðx; tÞ¼
rc

Am
½uþm ðt� x=cÞþu�mðtþ x=cÞ�: ð2Þ

The forward traveling wave moves in the direction from
the glottis to the lips, whereas the reverse traveling wave
moves in the direction from the lips to the glottis.

If t is defined as the time for a wave to propagate half-
way along a single section, then t¼ 1=2c.

As we are dealing with a physical system, the pressure
and volume velocity between two sections must be contin-
uous, for example (from Fig. 8),

umð1=2; tÞ¼um�1ð�1=2; tÞ ð3Þ

and

pmð1=2; tÞ¼pm�1ð�1=2; tÞ: ð4Þ

Substitution of Equation 1 and Equation 2 into Equation 3
and Equation 4 gives

uþm ðt� tÞ � u�mðtþ tÞ¼uþm�1ðtþ tÞ � u�m�1ðt� tÞ

and

uþm ðt� tÞþu�mðtþ tÞ

¼ uþm�1ðtþ tÞþu�m�1ðt� tÞ
� �

½Am=Am�1�:
ð5Þ

In the absence of a reverse traveling wave, u�m�1ðt� tÞ¼ 0.
Hence, �u�mðtþ tÞ represents the reflection of uþm ðt� tÞ at
the junction between section m�1 and section m, as
shown in Fig. 8. Thus, from Equation 5, we obtain

�u�mðtþ tÞ¼
Am�1 � Am

Am�1þAm
uþm ðt� tÞ¼ mmuþm ðt� tÞ;

A
re

a 

Glottis Lips

Figure 7. Acoustical model of the vocal tract, represented as a
series of eight uniform cylindrical sections.
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where the ‘‘reflection coefficient’’ mm is defined as

mm¼
Am�1 � Am

Am�1þAm
: ð6Þ

Note that if the two sections Am and Am� 1 have identical
areas, no reflection exists (mm¼ 0).

The reflection coefficient will be defined in a most gen-
eral framework, in the Reflection coefficients subsection,
devoted to parametric modeling of the speech signal. It
will be shown how it can be obtained in an almost straight-
forward way, by solving a set of linear equations. More-
over, the reflection coefficient will be shown to be the basis
for a class of algorithms for Power Spectral Density (PSD)
evaluation.

All that remains to uniquely define the recursion from
the glottis to the lips is to determine the boundary condi-
tions. For an M-sections acoustic tube, at the glottis,
uþM�1ðtþ tÞ and u�M�1ðt� tÞ must be related, whereas at
the lips, uþ0 ðt� tÞ and u�0 ðtþ tÞ must be related.

The location of the lips in the acoustic tube model by
definition occurs at x¼ 1=2 in section zero. If we assume
that the acoustic tube is open at the lips, the pressure
p0ð1=2; tÞ equals zero. This condition is analogous to a
short-circuited transmission line where the voltage must
be zero. In actual fact, there must be a nonzero radiation
impedance or there could be no pressure wave living the
lips.

The volume velocity output of the acoustic tube uLðtÞ
(measured at the corresponding lip location x¼ 1=2 in sec-
tion m¼ 0) is, from Equation 1,

uLðtÞ¼uþ0 ðt� tÞ � u�0 ðtþ tÞ:

Substituting the boundary condition uþ0 ðt� tÞ¼ �
u�0 ðtþ tÞ into Equation 5 results in

uLðtÞ¼ 2uþ0 ðt� tÞ ð7Þ

(i.e., the boundary condition at the lips).
Determination of the boundary condition at the glottis

is somewhat more involved, and we shall omit details. The
location of the glottis in the acoustic tube model occurs by
definition at x¼ � 1=2 in section M� 1. From Equation 1
and Equation 2, the pressure and volume velocity are

given by

pM�1ð�1=2; tÞ¼
rc

AM�1
uþM�1ðtþ tÞþu�M�1ðt� tÞ
� �

and

uM�1ð�1=2; tÞ¼uþM�1ðtþ tÞ � u�M�1ðt� tÞ: ð8Þ

The driving function to the glottis is defined as a volume
velocity source uGðtÞ, which drives the glottis through an
acoustic impedance ZG. This term is analogous to electri-
cal impedance when volume velocity and pressure are
analogous to current and voltage, respectively (see the
next section for electrical analogies). The volume velocity
of the source must equal the volume velocity going
through the impedance ZG plus that going into the acous-
tic tube. Assuming ZG is real,

uGðtÞ¼
1

ZG
pM�1ð�1=2; tÞþuM�1ð�1=2; tÞ:

Finally, we obtain

uGðtÞ¼
2uþM�1ðtþ tÞ � 2mMu�M�1ðt� tÞ

1þ mM

; ð9Þ

where

mM ¼
AM�1 � AM

AM�1þAM
¼

ZG � ZM�1

ZGþZM�1

is the reflection coefficient. The final result is

uþM ðt� tÞ¼uGðtÞ=2:

The velocity uþM ðt� tÞ represents a forward traveling wave
in an artificial section added to the vocal tract model to
accommodate reflections at the glottis.

5.3. Electrical Analog (9,10)

A uniform cylindrical tube, which has a plane wave prop-
agating through it, is analogous to a section of a trans-
mission line. Acoustic quantities such as sound pressure
and volume velocity have their equivalents in transmis-
sion line theory as voltage and current. Table 1 summa-
rizes such analogies.

u+
m(t+τ) u+

m(t−τ)

u+
m−1(t+τ) u+

m−1(t−τ)

u−
m(t−τ) u−

m(t+τ)
u−

m−1(t−τ) u−
m−1(t+τ)

x=0x=−l/2 x=l/2

glottis lips

Section m Section m-1

l

Figure 8. Pressure and volume velocity (for-
ward and reverse traveling waves) inside sec-
tions and at the junction between two tubes.
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One key idea that follows from the transmission line
analogy is the concept of acoustic impedance. As the sound
pressure and volume velocity in the acoustic system are
analogous to voltage and current in the transmission line,
respectively, the acoustic impedance of the tube at dis-
tance x from the glottis is defined as:

Zðx;OÞ¼
pðx; tÞ

uðx; tÞ
¼

�Pðx;OÞ
�Uðx;OÞ

;

where p(x,t) and u(x,t) are steady-state solutions and �P
and �U are the corresponding phasor representations. Also
by analogy, we define the acoustic characteristic imped-
ance of the uniform tube as:

Z0¼
rc

A

ðwhich we have already encountered in deriving Equation
9).

The acoustic admittance Yðx;OÞ and acoustic charac-
teristic admittance Y0 are defined as the respective recip-
rocals. Just as electrical impedances can be used to study
resonance properties of transmission lines, so can the
acoustic impedances be employed to find the resonance
frequencies of the acoustic tube. Moreover, the uniform
acoustic tube in steady state can be replaced by a T-net-
work of impedances, which can be used to derive a two-
port network of the tube. The resulting network reflects
the assumption of no losses in the tube in the occurrence of
purely reactive impedances.

5.4. Linear Speech Production Model (10,25,30)

A linear speech production model is shown in Fig. 9. The
glottal volume velocity waveform uGðtÞ is modeled as the
output of a two-pole low-pass filter (this choice will be ex-
plained later). The filter input e(t) is an impulse train with
period P for voiced sounds and random noise having a flat
spectrum for unvoiced sounds. Note that this model rep-
resents a rather special case, as neither voiced frication
nor nasal sounds are taken into account. The vocal tract
model results is an all-pole model consisting of a cascade of
an appropriate number of two-pole resonators. Each res-
onance is defined as a formant with a corresponding cen-
ter frequency and bandwidth.

The volume velocity waveform at the lips uLðtÞ is trans-
formed into an acoustic pressure waveform some distance
away from the lips [representing the speech waveform s(t)]
by a lip radiation model.

The above model can be described in z-transform nota-
tion by the following equation, named the linear speech
production model:

SðzÞ¼EðzÞGðzÞVðzÞLðzÞ;

where

SðzÞ $ sðnTÞ¼ sðtÞjt¼nT

defines the correspondence between the continuous wave-
form s(t), the sampled data or discrete signal s(nT) ob-
tained by sampling s(t) every T units of time, and the z-
transform S(z). As a shorthand notation, it is customary to
assume a normalized sampling interval, T¼ 1, so that s(n)
describes the sampled version of s(t). A similar correspon-
dence is used for the other variables.

The driving function to the glottal shaping model is
EðzÞ $ eðnÞ, a train of scaled unit samples, spaced by the
pitch period P¼ IT, where I is a positive integer, for ex-
ample,

EðzÞ¼ s
X

1

n¼ 0

ðz�IÞ
n
¼

s
1� z�I

for jzj > 1.
For voiced speech, the model for speech production

must include a section that models the glottal shaping fil-
ter, G(z). Depending on the purpose of the model, the glot-
tal filter may also be constrained to be an all-pole transfer
function. It is often suggested that a two-pole signal g(n) of
the form:

gðnÞ¼ ½an � bn
�uðnÞ; boao1; a � 1;

in which u(n) is the unit step sequence, is an appropriate
choice for the impulse response of the filter, in the sense
that this pulse can be made to have a similar spectral
magnitude to many empirical results, but many other
pulse signals have been suggested in the literature. The
glottal shaping model G(z) is of the form

GðzÞ¼
1

ð1� e�cTz�1Þ
2
: ð10Þ

The lip radiation component L(z) can be thought of as a
low-impedance load that terminates the vocal tract and
converts the volume velocity at the lips to a pressure wave
in the far field. Similar to the case of the glottal model
above, it is often the objective to model only spectral mag-
nitude effects. A simple digital filter that has a high-pass
filtering effect is a differencer:

LðzÞ¼ 1� z0z�1; z0 �; z0o1: ð11Þ

The inclusion of the single zero z0 in L(z) will destroy the
all-pole nature of the total model. A method of preserving
the all-pole structure of the overall model is to argue that
one of the poles of G(z) will cancel the zero z0 in L(z). An-
other way of solving this point is to note that L(z) can be

Table 1. Acoustic and Electrical Analogies

Acoustic Quantity Electrical Quantity

pðx; tÞ¼ sound pressure vðx; tÞ¼ voltage
uðx; tÞ¼ volume velocity iðx; tÞ¼ current
r=A¼acoustic inductance L¼ inductance
ðr¼air density in the tubeÞ
A=rc2¼acoustic capacitance C¼ capacitance
ðc¼ speed of sound in air; c � 340 m=secÞ
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rewritten as:

LðzÞ¼ 1� z0z�1¼
1

PN
k¼ 0 zk

0z�1
; ð12Þ

where N is theoretically infinite, but practically finite be-
cause z0o1. Therefore to the extent that Equation 12 is a
good model for the lip radiation characteristics, this model
can be represented by an all-pole filter with a practically
finite number of poles.

The all-pole vocal tract model V(z), consisting of K
formants, is described by:

VðzÞ¼
1

QK
i¼ 1 1� 2e�ciT cosðbiTÞz�1þ e�2ciTz�2
� �

; ð13Þ

where the i-th formant frequency and bandwidth are com-
puted from FI ¼bi=2p and BI ¼ ci=p, respectively. The
model, as described, allows for defining only a periodic
pulse train or noise, and a number of fixed formant fre-
quencies and bandwidths. Therefore, only steady-state
vowel or fricative sounds are defined. However, it is easy
to implement an arbitrary input e(n) and coefficients for
V(z) that are changed or updated at desired intervals of
time to represent the time-varying nature of speech.

The combination of the glottal term G(z), the vocal tract
model V(z), and the lip radiation term L(z) is of the form

GðzÞVðzÞLðzÞ

¼
1� z0z�1

ð1� e�cTz�1Þ
2 QK

i¼ 1½1� 2e�ciT cosðbiTÞz�1þ e�2ciTz�2�

n o ;

where K formants are defined in the model. Only one nu-
merator term exists ð1� z0z�1Þ, and it is nearly canceled
by one of the denominator terms ½1� expð�cTÞz�1� be-
cause cT is generally much less than unity. Otherwise, the
consideration made above concerning this point could be
applied.

By defining

AðzÞ¼
X

M

i¼ 0

aiz
�i ða0¼ 1Þ

ffi
1

GðzÞVðzÞLðzÞ
;

ð14Þ

with M�2K þ 1, the discrete model can be described by an
all-pole model:

SðzÞ¼EðzÞ
1

AðzÞ
: ð15Þ

The filter A(z) is an all-zero filter and will be referred to as
an inverse filter.

The filter 1/A(z) is an all-pole filter that represents the
smooth spectral behavior of the speech model. Equation 15
is referred to as the synthesis model, because if E(z) is
applied to the all-pole filter 1/A(z), the output is S(z), the z-
transform of the speech signal model.

Equation 15 can be rewritten as

EðzÞ¼SðzÞAðzÞ: ð16Þ

This equation is referred to as the analysis model because
the speech signal S(z) is analyzed to obtain A(z). S(z) is the
input to the inverse filter A(z), whose coefficients are ob-
tained by analyzing the speech waveform, and the output
is E(z), the driving function to the synthesis model.

The parameters that define the speech production or
synthesis model are the coefficients of A(z),
ai; i¼ 1; 2; . . . ;M, and the parameters of E(z), the pitch pe-
riod P (and hence the fundamental frequency F0¼ 1=P),
and gain s.

The section devoted to Linear autoregressive models
for the speech signal will describe the most common tech-
niques for determining the coefficients of A(z).

s(t)uL(t) uG(t)

P 

e(t) glottal
model G(z)

Vocal tract
model V(z)

Lip radiation 
model L(z)

voiced 

unvoiced

Figure 9. Linear speech production model.
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6. VOICE ANALYSIS TECHNIQUES

Voice analysis is typically performed in frequency domain,
time domain, and cepstral domain. In all cases, the aim is
that of estimating the main voice (and possibly speech)
characteristics (i.e., the fundamental frequency and form-
ants). Frequency-domain analysis is historically and nat-
urally the most widely used, as it allows fast computations
by means of FFT (Fast Fourier Transform)-based algo-
rithms. However, its resolution capability is linked to the
length of the data window under analysis, which is par-
ticularly critical for voice signals that can be considered
stationary on short data frames of some tenth of millisec-
onds or less.

Time-domain analysis mainly concerns describing the
signal dynamics by means of appropriate linear or non-
linear models. It will be shown that the linear approach
autoregressive (AR models) serves as a basis for the so-
called parametric approach to PSD estimation. As a result
of its high-resolution characteristics, this approach over-
comes problems encountered with classic frequency-do-
main analysis for formant estimation, but generally at the
expense of more cumbersome algorithms. It will be shown
that model parameters can be found by posing and solving
two different problems, namely LP and inverse filtering.
Each problem yields the same solution and allows us to
interpret the resulting model in a different way. The LP
model can also be interpreted in terms of system identifi-
cation theory, which is in turn strictly related to AR mod-
eling. Thus, system identification constitutes the basis for
the algorithms for AR PSD evaluation described in the
subsequent section.

Cepstral analysis is a special case within a general
class of methods collectively known as homomorphic sig-
nal processing. It allows separation of the excitation se-
quence at the glottis from the vocal tract impulse
response, which are convolved in time. Thus, pitch and
formants can be easily recovered for the transformed sig-
nal. The method is fast and simple, but suffers from the
same drawbacks as the frequency-domain approach as far
as resolution is considered.

Recently, the application of nonlinear analysis tech-
niques to vocal emissions has become a strong focus of re-
search activity and is a rapidly expanding area of
investigation. Nonlinear techniques make a more realis-
tic assumption on the voice production mechanism and are
based on chaos and nonlinear dynamical systems theory.
Advanced analysis techniques include the wavelet analy-
sis, Hidden Markov Models (HMM), neural networks, and
other sophisticated tools. Wavelets may be applied to the
identification of jitter (cycle-to-cycle variation in the fre-
quency of vocal fold vibration) and shimmer (cycle-to-cycle
variation in the amplitude of vocal fold vibration). Al-
though jitter and shimmer both occur to some degree in
normal voices, beyond specified thresholds they can be
identifiers of vocal pathology. Artificial neural networks
are used in automatically assessing the voice quality of
patients after cancer surgery according to the seven-point
scale frequently adopted by speech and language thera-
pists. The trained system has the advantage of objectivity
compared with assessment by a therapist and is shown to

have a high classification success rate. This field promises
fresh insights into the analysis of vocal emissions, espe-
cially for the study of pathological voice for classification
and enhancement purposes.

Describing all of these techniques would require more
involved mathematics and background, thus they will not
be treated here.

6.1. Frequency-Domain Analysis (10,20,21,23,24)

Acoustic analysis of the vocal mechanism shows that the
normal mode or natural frequency concept permits concise
description of speech sounds. Moreover, clear evidence ex-
ists that the ear makes a crude frequency analysis at an
early stage in its processing. Hence, frequency-domain
representation of voice information appears advanta-
geous, as any spectral measure applicable to the speech
signal should reflect temporal features of perceptual sig-
nificance as well as spectral features.

Voice typically remains stationary for ranges of only
tens of milliseconds, hence it is important to provide meth-
ods for processing short frames of voice, as these frames
move through time. In fact, quasistationarity is of critical
importance in the extraction of features from voice, which,
in turn, dynamically characterize the waveform for anal-
ysis. Short-term features of voice are generally computed
by means of windowed transformations of long-term at-
tributes of the signal. The short-term discrete Fourier
Transform (stDTFT) has been the basis for many impor-
tant developments in speech analysis and synthesis.

Clearly, the stDTFT can serve as a basis for formant
analysis of speech, as it very directly contains the formant
information in its magnitude spectrum. PSD is in fact
most widely used for extracting formant position from its
maxima. It describes how the variance of a random pro-
cess is distributed with frequency. The stDTFT has also
been used in a number of algorithms for pitch detection. If
it is computed with sufficient spectral resolution, then the
harmonics of the pitch frequency will be apparent in the
short-term spectrum.

This section will review some of the most common tech-
niques for PSD evaluation based on the so-called classic
spectral analysis methods.

Spectral analysis of speech came of age with the devel-
opment of the sound spectrograph. This device provides a
convenient means for displaying the short-time spectrum
of a signal. Its relative convenience and ease of operation
has stimulated its wide acceptance in voice analysis and
phonetic science. A spectrogram is a graphic display of the
frequencies that make up a particular sound signal. A
complex signal such as the voice is actually made up of the
sum of sound waves of many different frequencies. As de-
scribed in a previous section, the vibration of the vocal
folds produces a series of harmonics. The lowest harmonic
is called the fundamental frequency. The spectrogram
shows fundamental frequency, harmonics, and intensity
of the voice, which is used to identify subtle, but crucial
changes in voice quality that can then be treated. The
spectrogram identifies the presence of irregularities in the
voice, such as tremor, pitch breaks, and abrupt starts.
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In a spectrogram, time is plotted along the horizontal
axis and frequency is plotted along the vertical axis. The
intensity of the sound at each particular time represented
by the amount of shading or proper color map in the
graph. Harmonics show up as parallel horizontal bands.
Note that the harmonics often slowly increase or decrease
in frequency, which are the small changes in inflection
that occur when we speak.

Figure 10 depicts the spectrogram of the vowel /a/ from
a healthy male speaker, sustained at a comfortable pitch
for about 1.2 sec. Beneath the spectrogram is a plot of the
actual speech signal that is used to calculate the spectro-
gram (Fig. 11).

6.1.1. Classic (Nonparametric) Spectral Estimators. The
PSD is defined as the discrete-time Fourier Transform of
the autocorrelation sequence:

PSSðf Þ¼
X

1

m¼�1

rssðmÞ expð�j2pfmTÞ; ð17Þ

where rssðmÞ¼EfsðnþmÞs�ðnÞg is the autocorrelation se-
quence of the stationary random process s(n) and T is the
sampling period. The PSD, which is assumed to be band-
limited to 71/2T Hz, is periodic in frequency with period
1/T Hz.

PSD estimators based on direct transformation of the
data followed by averaging are collectively termed ‘‘peri-
odograms.’’ PSD estimates based on forming correlation
estimates first from the data are collectively termed ‘‘co-
rrelogram’’ methods of spectral estimation. All classic
spectral estimation methods covered in this section are
presented for discrete-time sample sequences. For each
PSD estimation method, the user is faced with many
trade-offs in an effort to produce statistically reliable spec-

tral estimates of highest possible resolution with a finite
amount of data samples. Trade-offs among data window-
ing, lag windowing, time-domain averaging, and fre-
quency-domain averaging are required to balance the
need to reduce sidelobes, to perform effective ensemble
averaging, and to ensure adequate spectral resolution.

Before the extensive availability of computers, the co-
rrelogram method was predominant. The advent of FFT
algorithm and the introduction of signal processing inte-
grated circuits have promoted a shift of interest based on
periodogram methods.

6.1.2. Windowing. An important topic that is an inte-
gral part of classic spectral estimation methods is that of
windowing. Windowing is used to control the effects of
sidelobes in these spectral estimators. It is convenient to
consider a known finite data record or known finite cor-
relation sequence as a portion of an infinite-duration se-
quence as seen through a window. The implicit
assumption is made that all unobserved samples are ef-
fectively zero, whether or not this is true. It is well known
that the transform of the observed finite sequence, multi-
plied by a window function, is a distorted version of the
infinite sequence transform. Thus, the narrowest spectral
response of a windowed sequence is limited by the main-
lobe of the window transform, independent of the data.
Sidelobes of the window transform, sometimes called leak-
age, will bias the amplitudes of adjacent frequency re-
sponses. As the discrete-time Fourier Transform is
periodic, sidelobe aliasing from adjacent spectral periods
can contribute additional bias. Increasing the sampling
rate can mitigate the effect of aliased sidelobes. Leakage
not only produces an amplitude bias in a discrete signal
spectral response, but it also may mask the presence of
weak signals and prevent their detection. Many window
functions have been devised to achieve good sidelobe lev-
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Figure 10. Spectrogram of the vowel /a/ from a
healthy male speaker, sustained at a comfort-
able pitch for about 1.2 sec.

VOICE ANALYSIS 15



els. Decreasing the sidelobe levels will reduce the bias,
which, however, can be achieved only by broadening the
window’s mainlobe frequency response, resulting in a re-
duction of spectral resolution. A trade-off must therefore
be made between mainlobe width and level of the sidelobe
suppression. Some well-known discrete-time windows are:
rectangular, triangle, Hanning, Hamming, Nuttall, and
Gaussian (21).

6.1.3. Correlogram-Based PSD Estimators. The correlo-
gram method simply substitutes a finite sequence of au-
tocorrelation estimates (the correlogram) for the infinite
sequence of unknown true autocorrelation values. Substi-
tution of the autocorrelation estimates:

r̂ssðmÞ ¼
1

ðN �mÞ

X

N�m�1

n¼ 0

sðnþmÞs�ðnÞ ðm > 0Þ;

that have been computed to maximum lag indices 7L
yields one PSD estimator:

P̂SSðf Þ¼T
X

L

m¼�L

r̂SSðmÞ expð�j2pfmTÞ; ð18Þ

defined for �1=2T	f	1=2T. The maximum lag index L is
typically much less than the number of data samples N. A
maximum of Lffi N=10 is suggested in order to avoid the
greater statistical variance associated with the higher
lags of the autocorrelation estimate.

To reduce the effect of leakage of the implicit rectangu-
lar window, and therefore to reduce the bias in the esti-
mate, an odd length (2Lþ 1)-point lag window o(m) over
the interval �L	m	L and symmetric about the origin is
normally used. The most general form of the correlogram

method of PSD estimation then takes the form

P̂BTðf Þ¼T
X

L

m¼�L

oðmÞr̂SSðmÞ expð�j2pfmTÞ: ð19Þ

The subscript BT designates this PSD estimate as the one
promoted by Blackman and Tukey (20). If one desires the
peaks in the BT PSD estimator to be proportional to the
power, then Equation 19 should be scaled by F¼ 1=NT:

6.1.4. Periodogram-Based PSD Estimators. The alterna-
tive formal definition of the PSD, based on ergodicity, has
the discrete-time form

PSSðf Þ¼ lim
N!1

E
1

ð2Nþ 1ÞT
T
X

N

n¼�N

sðnÞ expð�j2pfnTÞ

�

�

�

�

�

�

�

�

�

�

2
8

<

:

9

=

;

;

ð20Þ

where E denotes expectation. Ignoring the expectation op-
eration and assuming a finite dataset sð0Þ; . . . ; sðN � 1Þ of
N samples, the sample spectrum

~PSSðf Þ¼
1

NT
T
X

N�1

n¼ 0

sðnÞ expð�j2pfnTÞ

�

�

�

�

�

�

�

�

�

�

2

¼
T

N

X

N�1

n¼0

sðnÞ expð�j2pfnTÞ

�

�

�

�

�

�

�

�

�

�

2
ð21Þ

may be computed from the finite data sequence. This op-
eration was the original unmodified periodogram PSD es-
timate.
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Figure 11. Plot of the actual speech signal that
is used to calculate the spectrogram in Fig. 10.
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6.1.4.1. Daniell Periodogram. In order to smooth the
rapid fluctuations of the sample spectrum (caused by dis-
regarding the expectation operation), averaging over ad-
jacent spectral frequencies can be performed. If an FFT is
used to evaluate the sample spectrum ~PSSðf Þ at a set of
frequencies fk¼ k=KT, for 0	k	K � 1, then a modified pe-
riodogram estimate at frequency fi could be obtained by
averaging the P points on either side of this frequency:

P̂DðfiÞ¼
1

2Pþ1

X

iþP

n¼ i�P

~PSSðfnÞ:

The generalization of this concept is to pass the sample
spectrum through a low-pass filter with frequency re-
sponse H(f). The Daniell periodogram, P̂Dðf Þ, may there-
fore be expressed as the convolution of the sample
spectrum with a low-pass filter (31):

P̂Dðf Þ¼ ~PSSðf Þ �Hðf Þ: ð22Þ

6.1.4.2. Bartlett Periodogram. Another approach to
smooth the sample spectrum consists in dividing the
data sequence of N samples into P nonoverlapping seg-
ments of D samples each, so that DP	N. The p-th segment
will then consist of the samples:

sðpÞðnÞ¼ sðpDþnÞ

for 0	n	D� 1, where the superscript (p) denotes the seg-
ment number. A sample spectrum

~PðpÞSSðf Þ¼
1

DT
T
X

D�1

m¼ 0

sðpÞðmÞ expð�j2pfnTÞ

�

�

�

�

�

�

�

�

�

�

2

for each segment 0	p	P� 1 is computed over the range
�1=2T	f	1=2T. At each frequency of interest, the P in-
dividual unmodified periodograms are averaged to pro-
duce the Bartlett-averaged periodogram (32):

P̂Bðf Þ¼
1

P

X

P�1

p¼ 0

~PðpÞSSðf Þ: ð23Þ

The Bartlett-averaged periodogram can be shown to have
a variance inversely proportional to the number of seg-
ments. The spectral stability improves, therefore, roughly
as the inverse of the number of segments P. For fixed
N¼PD, a usual trade-off exists between high spectral
resolution (D as large as possible) and minimizing esti-
mation variance (P as large as possible).

6.1.4.3. Welch Periodogram. In this approach, a data
window is applied to each segment prior to the computa-
tion of the segment periodogram. The purpose of the win-
dow is to reduce the effect of sidelobes and to decrease the
estimation bias, at the price of a slight decrease in reso-
lution. Then, segment overlapping is applied. The purpose

of overlapping is to increase the number of segments that
are averaged for a given data record length, and therefore
to decrease the PSD estimate variance.

If the data record sð0Þ; . . . ; sðN � 1Þ of N samples is di-
vided into P segments of D samples each, with a shift of S
samples between adjacent segments ðS	DÞ, then the max-
imum number of segments P is given by the integer part of
ðN �DÞ=Sþ1. The weighted p-th segment will consist of
the samples:

sðpÞðnÞ¼oðnÞsðnþpSÞ

for 0	n	D� 1. The index range of segments is
0	p	P� 1. The sample spectrum of the weighted p-th
segment is given by:

~PðpÞSSðf Þ¼
1

UDT
SðpÞðf Þ SðpÞðf Þ

� ��
¼

1

UDT
SðpÞðf Þ
�

�

�

�

2

over the frequency range �1=2T	f	1=2T, where SðpÞðf Þ is
the discrete-time Fourier Transform of the p-th segment

SðpÞðf Þ¼T
X

D�1

n¼ 0

sðpÞðnÞ expð�j2pfnTÞ

and U is the discrete-time window energy

U¼T
X

D�1

n¼ 0

o2ðnÞ:

The average of the windowed segment periodograms
yields the Welch periodogram estimate (33)

P̂Wðf Þ¼
1

P

X

P�1

p¼ 0

~PðpÞSSðf Þ: ð24Þ

With a Hanning window and 50% overlap of the segments,
a very efficient implementation with the FFT algorithm is
obtained. It uses all data samples twice, except for the D/2
samples on each end of the original N-point data sequence,
which tends to equalize the treatment of most of the data
samples, giving a sample that received a small weight in
one segment and a larger weight in the next segment.
Moreover, the Welch periodogram tends to have less vari-
ance than the Bartlett periodogram. Figure 12 depicts the
PSD evaluated with the Welch method for the healthy and
pathological voices of Fig. 5. Notice the different, more ir-
regular structure, of the pathological voice, especially in
the low-frequency range.

6.1.5. Combined Periodogram/Correlogram Estima-
tors. The combined periodogram/correlogram method re-
quires four steps.

1. The Welch periodogram P̂Wðf Þ is computed, accord-
ing to Equation 24, with arbitrary overlap and data
window o(n).
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2. The inverse discrete-time Fourier Transform of
P̂Wðf Þ is computed to produce a symmetric autocor-
relation estimate r̂W

SSðmÞ of 2Dþ 1 lags, jmj	D, be-
cause of the effect of the window autocorrelation
jðmÞ¼oðnÞ � oðnÞ.

3. An odd-length real symmetric lag window oðmÞ of
2Lþ 1 lags (LoD) is applied to produce the win-
dowed autocorrelation r̂C

SSðmÞ¼oðmÞr̂W
SSðmÞ for the

combined method.

4. A DTFT of r̂C
SSðmÞ will yield the final PSD estimate.

The final combined PSD estimate is given by

P̂Cðf Þ ¼ P̂Wðf Þ � Oðf Þ;

where Oðf Þ is the transform of the lag window oðmÞ.
The combined method achieves sidelobe control (leak-

age suppression) by a mixture of temporal weighting and
lag weighting.
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Figure 12. PSD evaluated with the Welch
method for the healthy (upper) and pathologi-
cal (lower) voices of Fig. 5.
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The classic spectral estimation methods typically em-
ploy the FFT algorithm and are therefore the most com-
putationally efficient spectral estimation available. The
PSD estimates are linearly proportional to the power of
sinusoids present in the data. The key disadvantage of
these techniques is the distorting impact of sidelobe leak-
age caused by the inherent windowing of finite datasets.
Window weighting was shown to mitigate the effect of
sidelobes at the expense of decreasing the spectral reso-
lution. The resolution can be no better than the reciprocal
of the data record duration, independent of the character-
istics of the data. For a finite data record, trade-offs among
resolution, stability, and leakage suppression are neces-
sary. Often, very short data records are forced on us and
practical needs for highest resolution may require that the
entire data record be used in a single-segment analysis.
Alternative methods that may improve or maintain high
resolution without sacrificing as much stability are the
subject of the next section.

6.2. Time-Domain Analysis (10,21,25,34–38)

In this section, we will briefly introduce some techniques
for voice analysis in the time domain, as far as linear
models for the data sequence are concerned. Direct use of
time-domain concepts allows simple relationships among
data and will be shown to be the basis for deriving high-
resolution PSD estimators, which will be addressed later
in this section.

6.2.1. Pitch Detection. The short-term autocorrelation
and covariance are among the most useful computations
made on the speech waveform in the time domain.

6.2.1.1. Short-Term Autocorrelation. The short-term
autocorrelation rSSðZ;mÞ is defined as

rssðZ;mÞ¼
1

m� Z

X

m�Z�1

n¼ 0

sðnþ ZÞsðnÞ:

It indicates the expected amount of relationship that ex-
ists between time points spaced Z apart on the window
ending at time m. For strong periodicity in the signal
(voiced phoneme), large rss values are found, whereas lack
of strong periodicity is shown for unvoiced phonemes.

The main problem with direct use of rssðZ;mÞ is that the
first formant frequency, which is often near the funda-
mental frequency, can interfere with its detection. If the
first formant is particularly strong, it can create a com-
peting periodicity in the speech waveform that is manifest
in the autocorrelation. A secondary problem is that the
speech is truly only ‘‘quasiperiodic,’’ causing the peaks of
rssðZ;mÞ to be less prominent, and, in turn, making peak-
picking difficult.

Signal preprocessing measures can be used to make the
autocorrelation focus on the fundamental period of the
waveform, among which is central clipping. The signal is
low-pass filtered and then subjected to a nonlinear oper-

ation like

CfsðnÞg ¼

sðnÞ � Cþ ; sðnÞ > Cþ

0 C�	sðnÞ	Cþ

sðnÞ � C� sðnÞoC�:

8

>

>

<

>

>

:

Typically, the clipping limits Cþ and C� are set to 730%
of the absolute maximum of the waveform. However, cen-
tral clipping will tend to emphasize high frequencies in
noisy speech and cause pitch detection performance to de-
teriorate.

Another approach to pitch detection in the time domain
follows.

6.2.1.2. Average Magnitude Difference Function. The
Average Magnitude Difference Function (AMDF) is de-
fined as

AMDFsðZ;mÞ¼
1

N

X

m

n¼m�Nþ 1

jsðnÞ � sðn� ZÞjwðm� nÞ:

The AMDF analysis can be used to detect pitch as well as
its fast and slow variations, which are of clinical interest
for both adult speech analysis and infant cry analysis.

From the definition, AMDFsð0;mÞ¼ 0 and
AMDFðT;mÞ¼ 0 for T corresponding to the perfect signal
periodicity. However, for noisy signals, the AMDF mini-
mum is usually greater than zero. Hence, in order to re-
cover F0, one has to select the Z value that gives the
minimum of the AMDF function, Zmin, from which
F0¼Fs=Zmin.

If, as is usually the case, the window length is greater
than one pitch period, more than one minimum appears in
the AMDF. Commonly, the first minimum is selected as
the true one on each data window.

The method is attractive, thanks to the low computa-
tional burden linked to the data frame length, but it is less
robust to noise than other approaches.

Pitch detection will be also addressed later by means of
a robust procedure (Simple Inverse Filter Tracking-SIFT)
based on linear prediction models of the speech signal.
Figure 13 compares the two approaches, with reference to
a healthy voice (see Fig. 5). Notice the initial error with
AMDF caused by lack of data.

6.2.2. Linear Autoregressive Models (10,21,34,35). The
more general class of models, driven by white noise pro-
cesses and possessing rational system functions, is the
autoregressive-moving average model with exogenous
variables (i.e., measurable input), named ARMAX process
model. This model comprises, as special cases, the AR pro-
cess model, the moving average (MA) process model, the
autoregressive model with exogenous variables (ARX) pro-
cess model, and the autoregressive-moving average
(ARMA) process model.

For a correct description of the speech production
model, ARX should be considered. The input is, in this
case, the excitation at the glottis (equispaced pulses, for
voiced sounds). However, as was shown earlier in detail,
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the vocal tract transfer function S(z) can be modeled by
means of an all-pole AR model with sufficient accuracy, the
input sequence contributing to the transfer function only
by means of possible I/O delay. Moreover, estimates of the
AR parameters can be obtained as solutions to linear
equations. Hence, in what follows, we will refer to AR
models only.

This class of models have power spectral densities that
are totally described in terms of the model parameters and
the variance of the white noise process, which can be ob-
tained from the autocorrelation sequence of a finite data
record through relationships that will be described in this
section. However, the autocorrelation sequence is not usu-
ally known. Properties and features of the AR process and
the AR spectrum have been used in the development of
algorithms to estimate the autoregressive process param-
eters from only data samples. These algorithms are de-
scribed in the subsequent section.

A linear AR model that approximates many discrete-
time processes is represented by the difference equation

sðnÞ ¼ �
X

p

k¼ 1

aðkÞsðn� kÞþuðnÞ¼
X

1

k¼ 0

hðkÞuðn� kÞ; ð25Þ

in which s(n) is the output sequence of a causal filter
ðhðkÞ¼ 0 for ko0Þ that models the observed data and u(n)
is an input sequence. The input driving process u(n) is not
usually available for purposes of spectral analysis. Here, it
is assumed that u(n) is a white noise process of zero mean
and variance rw.

Notice that, for voice analysis purposes, u(n) should be
the impulse train of pitch pulses at the glottis e(n) (see Fig.
9), which is not available. It will be shown that a relation-
ship exists between AR models and linear prediction,
which allows interpreting e(n) as the prediction error be-
tween the actual data sample and the predicted one ŝðnÞ,
and, under some assumptions, to a white process.

Thus, the system function H(z) between input and out-
put assumes the rational form

HðzÞ¼
rw

AðzÞ
;

where

AðzÞ ¼1þ
X

p

k¼ 1

aðkÞz�k: ð26Þ

The polynomial A(z) will be assumed to have all its zeros
within the unit circle in the z-plane to guarantee that H(z)
is a stable minimum-phase causal filter.

The following relationship between the autocorrelation
of the input and the output processes exists:

rssðmÞ¼ ruuðmÞ � ðh
�ð�mÞ � hðmÞÞ:

Hence, the z-transform of the output sequence s(n) auto-
correlation is related to the z-transform of the input pro-
cess autocorrelation by

PssðzÞ¼PuuðzÞHðzÞH
�ð1=z�Þ¼Puu

1

AðzÞA�ð1=z�Þ
; ð27Þ

where the property Zðh�ð�mÞÞ ¼H�ð1=z�Þ of the z-trans-
form has been used. As the input sequence is uncorrelat-
ed, PuuðzÞ¼ rw. The AR power spectral density, AR PSD, is
obtained by substituting z¼ expðj2pfTÞ into Equation 27
and scaling by the sampling interval T, yielding

PARðf Þ¼
Trw

jAðf Þj2
; ð28Þ

in which the polynomial A(f) is defined as

Aðf Þ¼ 1þ
X

p

k¼ 1

aðkÞ expð�j2pfkTÞ: ð29Þ

The AR PSD is evaluated over the range �1=2T	f	1=2T.

6.2.2.1. Relationship of AR Parameters to the Autocorre-
lation Sequence. From Equation 25, the autocorrelation
sequence of the sampled signal s is obtained as

rssðmÞ¼ �
X

p

k¼ 1

aðkÞrssðm� kÞþ
X

q

k¼ 0

bðkÞrsuðm� kÞ:

The cross correlation rsuðiÞ between the input and the out-
put can be expressed in terms of the h(k) parameters of
Equation 25 to yield

rsuðiÞ¼ ruuðiÞþ
X

1

k¼ 1

h�ðkÞruuðiþ kÞ:
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the healthy voice of Fig. 5.

20 VOICE ANALYSIS



As u(k) was assumed to be a white noise process, then

rsuðiÞ¼

0 for i > 0

rw for i¼ 0

rwh�ð�iÞ for io0:

8

>

>

<

>

>

:

The AR model parameters are thus related by a set of lin-
ear equations to the autocorrelation sequence as follows:

rssðmÞ¼

r�ssð�mÞ for mo0

�
P

p

k¼ 1

aðkÞrssðm� kÞþ rw for m¼ 0

�
P

p

k¼ 1

aðkÞrssðm� kÞ for m > 0:

8

>

>

>

>

>

>

<

>

>

>

>

>

>

:

ð30Þ

This relationship may be evaluated for the pþ 1 lag indi-
ces 0	m	p giving the following matrix expression:

rssð0Þ rssð�1Þ . . . rssð�pÞ

rssð1Þ rssð0Þ . . . rssð�pþ 1Þ

..

. ..
. . .

. ..
.

rssðpÞ rssðp� 1Þ . . . rssð0Þ

0

B

B

B

B

B

B

@

1

C

C

C

C

C

C

A

1

að1Þ

..

.

aðpÞ

0

B

B

B

B

B

B

@

1

C

C

C

C

C

C

A

¼

rw

0

..

.

0

0

B

B

B

B

B

@

1

C

C

C

C

C

A

:

ð31Þ

If the autocorrelation sequence for lags 0 to p is available,
the AR parameters may be found as the solution to Equa-
tion 31. This relationship forms the AR Yule–Walker nor-
mal equations. Using the autocorrelation sequence given
by Equation 30, an alternative expression for the autore-
gressive PSD is

PARðf Þ¼
Trw

jAðf Þj2
¼T

X

1

k¼�1

rssðkÞ expð�j2pfkTÞ: ð32Þ

Note that the autocorrelation sequence is unknown. The
next two subsections will show the close relationship be-
tween AR models and LP. This relationship allows solving
the LP problem by means of system identification tech-
niques, which are based on data samples only.

6.2.2.2. The Linear Prediction Model (LP) and Inverse Fil-
ter (IF) (10,25,36,37). Recall the linear analysis model

EðzÞ¼SðzÞAðzÞ;

which can be equivalently written in the time domain as

eðnÞ¼
X

M

i¼ 0

aisðn� iÞ¼ sðnÞþ
X

M

i¼ 1

aisðn� iÞ; ð33aÞ

where AðzÞ is defined from Equation 15 (all-zero filter or
inverse filter). An M-th order linear predictor of the sam-
ple s(n) would require a linear combination of the previous
M samples. The output s(n) can be predicted using a linear
combination of its past M values. Defining ŝðnÞ as the pre-

dicted sample, then the forward prediction error is defined
as

ef ðnÞ¼ sðnÞ � ŝðnÞ; ð34aÞ

where

ŝðnÞ¼ �
X

M

i¼ 1

aisðn� iÞ: ð35aÞ

In statistical terminology, the output is said to regress on
itself, and the model is often call an AR model. The driving
function term e(n) can now be interpreted as the predic-
tion error between the actual data sample s(n) and the
predicted sample ŝðnÞ. The terms �ai i¼ 1; 2; . . . ;M define
the predictor coefficients to be found, and their estimates
from LP analysis are often called a linear predictive code,
especially in the communication technologies, where they
are used to encode the speech waveform.

The z-transform of Equation 35 is

ŜðzÞ¼FðzÞSðzÞ;

where

FðzÞ¼ �
X

M

i¼ 1

aiz
�i

defines the linear prediction filter and ŜðzÞ $ ŝðnÞ and
SðzÞ $ sðnÞ define the relationship between the sampled
data and z-transform pairs. From Equations 34 and 35,
the linear prediction model in the z-transform domain is
described by

EðzÞ¼SðzÞ½1� FðzÞ�

ðprediction filter)
or

EðzÞ ¼SðzÞAðzÞ

ðinverse filter)
where

AðzÞ ¼1þ
X

M

i¼ 1

aiz
�1¼ 1� FðzÞ

and

EðzÞ $ eðnÞ:

In terms of the speech production model, the acoustical
speech waveform s(t) at the lips is considered as a first
approximation to be the derivative of the volume velocity
at the lips.
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We have seen that S(z) is approximated in terms of the
vocal tract transfer function V(z) by

SðzÞ¼LðzÞVðzÞGðzÞEðzÞ ffi VðzÞEðzÞ=LðzÞ;

because the glottal shaping term G(z) is approximated by
GðzÞ¼ 1=L2ðzÞ. If the inverse filter input is described as a
pre-emphasized version of the speech, for example,

XðzÞ¼PðzÞSðzÞ;

then the inverse filter transfer function from the above
equations is

EðzÞ

VðzÞ
ffi

LðzÞ

VðzÞPðzÞ
¼AðzÞ:

Therefore, by choosing the pre-emphasis filter equal to the
lip radiation factor, for example,

PðzÞ¼LðzÞ ffi 1� z�1;

the result

VðzÞ ffi 1=AðzÞ

is obtained. Therefore, by performing linear prediction
analysis on the pre-emphasized speech signal, an inverse
filter is obtained whose reciprocal 1/A(z) is an estimate of
the vocal tract transfer function.

The LP parameters can thus be found by posing and
solving two different problems, namely linear prediction
and inverse filtering. Each problem yields the same solu-
tion and allows us to interpret the resulting model in a
different way. The LP model can also be interpreted in
terms of system identification theory, which is in turn
strictly related to AR modeling. Thus, system identifica-
tion constitutes the basis for the algorithms for AR PSD
evaluation and is briefly described in the next section, in
connection to the model order selection problem.

6.2.2.3. System Identification – Model Order Selection
(10,21,34,35). System identification is the field of model-
ing dynamical systems from experimental data. The sys-
tem is driven by input variables u(n) and disturbance e(n).
In some signal processing applications, the input may be
missing and the data s(n) are called time series. The out-
put signals s(n) are measured variables, which provide
useful information about the system. In voice analysis,
u(n) is given by the pitch pulses and e(n) by Gaussian
white noise. When real speech data are analyzed, the out-
put s(n) is seen as a time series, as u(n) is not available.

System identification is an experimental approach to
constructing mathematical models. Some experiments are
performed on the system by exciting it using some sort of
input signals, and observing its input and output over a
time interval. A model is then fitted to the recorded data
by assigning suitable numerical values to its parameters.
The first step is to determine an appropriate form of the
model, typically a linear difference equation of a certain

order. As the second step, some statistically based method
is used to estimate the unknown parameters of the model,
the order, and the coefficients of the difference equation. In
practice, the estimation of structure and parameters are
often done iteratively, which means that a tentative struc-
ture is chosen and the corresponding parameters are es-
timated. The model obtained is then tested to see whether
it is an appropriate representation of the system. If it is
not the case, some more complex model structure must be
considered, its parameters estimated, the new model val-
idated, etc. Among the class of linear models, we have
dealt with the class of AR model.

The aim of identification is to find an adequate, if not
the true, model. Commonly, several model orders are pos-
tulated and some error criterion is computed that indi-
cates which model order to choose. Most commonly, the
criterion is that of choosing the model whose order and
parameters minimize, in the least squares sense, the es-
timated error variance r2

p defined as:

r2
p¼

1

N

X

N

i¼ 1

e2
i ðWNÞ; WN 2 Rp; p¼ 1; . . . ;L;

where e2
i ðyNÞ represent the squared error between the

model output and the i-th observation, for p varying
from 1 to a convenient maximum L, and N is the data
window length (number of points). All least squares loss
functions decrease monotonically as the model order p in-
creases. Thus, the prediction error variance alone is usu-
ally not sufficient to indicate when to terminate the
search, unless some definitive order exists after which
the rate of change in error variance reduction suddenly
decreases. Another simple check concerning proper order
selection is to perform a periodogram analysis of the pre-
diction error, or residual, sequence. The residuals should
be approximately white, so that an approximately flat pe-
riodogram estimate should be obtained.

Hence, criteria have been defined, including both the
estimated variance Z2

p and the model complexity p in sin-
gle statistics. Such criteria are characterized by loss func-
tions for which a minimum can be achieved.

One criterion is the Final Prediction Error (FPE) (39).
This criterion selects the order of the AR process so that
the average error variance for a one-step prediction is
minimized. The FPE for an AR process is defined as

FPEðpÞ¼ r̂p

Nþ ðp� 1Þ

N � ðpþ1Þ

� �

;

where N is the number of data samples, p is the order, and
r̂p is the estimated white noise variance (the LP error
variance is used for this estimate). The term in parenthe-
ses increases as the order increases, reflecting the in-
crease in uncertainty of the estimate r̂p of the prediction
error variance. The order p selected is the one for which
the FPE is minimum. The FPE has been studied for ap-
plications. When applied against actual signals, it seems
to be conservative, often selecting too low an order.

Another selection criterion is termed the Akaike infor-
mation criterion (AIC) (40). The AIC determines the model
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order by minimizing an information theoretic function.
Assuming the process has Gaussian statistics, the AIC for
AR processes has the form

AICðpÞ¼N lnðr̂pÞþ 2p:

The term 2p represents the penalty for the use of extra AR
coefficients that do not result in a substantial reduction in
the prediction error variance. Again, the order p selected
is the one that minimizes the AIC. As N!1, the AIC and
FPE are asymptotically equivalent. It was shown that the
AIC is statistically inconsistent in that the probability of
error in choosing the correct order does not tend to zero as
N !1; the result is a tendency to overestimate the order
as the data record length increases.

In response to this concern, a variant information the-
oretic criterion is defined as

MDLðpÞ¼N lnðr̂pÞþp lnðNÞ;

where MDL stands for Minimum Description Length (41).
It is said to be statistically consistent because p ln(M) in-
creases with M faster than with p.

Another method is termed the Criterion Autoregressive
Transfer (CAT) function (42):

CATðpÞ¼
1

N

X

p

j¼ 1

�r�1
j

 !

� �r�1
p ;

where �rj¼ ½N=ðN � jÞ�r̂j. The order p is selected to be the
one in which the estimate of the difference between mean
square errors of the true prediction error filter (which may
be of infinite length) and the estimated filter is a mini-
mum. Again, p is chosen to minimize CAT(p).

Too low a guess for model order results in a highly
smoothed spectral estimate. Too high an order increases
the resolution and introduces spurious detail into the
spectrum. Thus, model order selection represents for AR
spectral estimators the classic trade-off of increased reso-
lution and decreased variance.

The results of spectra using these approaches have
been compared. It was shown that, when applied to actual
data rather than simulated AR processes, none of the cri-
teria works well for short data records. An order selection
between N/3 and N/2 often produces satisfactory results
when using the covariance or modified covariance meth-
ods. Better results are often achieved selecting a model
order near or equal to the signal sampling frequency, as
will be shown later, and as depicted in Figs. 14 and 15.
More sophisticated approaches implement an adaptive
choice of the model order, by selecting the best on each
data frame. In the final analysis, subjective judgement
and prior knowledge about the process characteristics are
still required to select the order of the model.

Actually, also in voice analysis, finding the ‘‘true’’ model
order is indeed a delicate and important point. Too large a
model order causes spurious peaks in the PSD, whereas
too low an order results in loss of resolution. Following the
discussion above, finding the best, if not the true order M,
is commonly addressed with a mixture of theoretical ap-

proaches (for example, AIC, FPE, MDL criteria), knowl-
edge of the physical problem under study, and a good
amount of technical and practical experience. Specifically,
for the multitube vocal tract model, a convenient assump-
tion for male voices is M¼Fs (sampling frequency, in
kHz). The rationale behind this choice is as follows:

If T¼ 2l=c is the time required for a sound wave to
travel forward and backward in a section of length l, and if
M is the number of sections for the multitube approxima-
tion of the vocal tract, then T¼ 2l=c¼ 2Ml=Mc. If the
‘‘best’’ LP model order could be found that exactly corre-
sponds to the number of sections, it can be shown that the
following relation holds:

Fs¼ 1=T¼Mc=2L;

or, equivalently:

M¼ 2LFs=c:

As the male vocal tract length L¼ 17 cm, and c¼ 340 m=s
is the sound velocity, it results that M¼Fs, as claimed.

Of course, care must be taken when dealing with fe-
male or children voices, the vocal tract length being
shorter. For female voices ðL¼ 14 cmÞ, M¼ 0:8Fs, and for
children ðL¼ 8:5 cmÞM¼ 0:5Fs.

6.2.2.4. Relationship between LP Analysis and AR Pro-
cess. The equations of linear prediction analysis will be
shown in this section to be structurally identical to the
Yule–Walker equations of an autoregressive process. A
close relationship, therefore, exists between a linear pre-
diction filter and an AR process. Recall the analysis model

EðzÞ¼SðzÞAðzÞ:

Consider the forward linear prediction estimate

ŝf ðnÞ¼ �
X

m

k¼1

af ðkÞsðn� kÞ ð33bÞ

of the sample s(n), where af ðkÞ is the forward linear pre-
diction coefficient at time index k. The prediction is for-
ward in the sense that the estimate at time index n is
based on m samples indexed earlier in time.

The forward prediction error is:

ef ðnÞ¼ sðnÞ � ŝf ðnÞ ð34bÞ

and has a real variance

rf ¼Eðjef ðnÞj2Þ: ð35bÞ

Substituting Equations 27 and 28 into the above expres-
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sion and rearranging terms in matrix form will yield

rssð0Þ r�ssð1Þ . . . r�ssðmÞ

rssð1Þ rssð0Þ . . . r�ssðm� 1Þ

..

. ..
. . .

. ..
.

rssðmÞ rssðm� 1Þ . . . rssð0Þ

0

B

B

B

B

B

B

@

1

C

C

C

C

C

C

A

1

af ð1Þ

..

.

af ðmÞ

0

B

B

B

B

B

B

@

1

C

C

C

C

C

C

A

¼

rf

0

..

.

0

0

B

B

B

B

B

@

1

C

C

C

C

C

A

:

ð36Þ

The assumption that s(n) is a wide-sense stationary pro-
cess has been made, so that rssð�kÞ¼ r�ssðkÞ. This matrix
expression is structurally identical to the Yule–Walker
Equation 25 of an AR process. If one rearranges Equation
33 as

sðnÞ¼ �
X

m

k¼ 1

af ðkÞsðn� kÞþ ŝf ðnÞ; ð37Þ

then the similarity with Equation 19 that describes an
autoregressive process may be seen. However, two distinc-
tions exist between the forward linear prediction process
and the AR process. The sequence u(n) of Equation 19 is a
white noise process used as the input to an autoregressive
filter. The sequence s(n) is the output of the autoregressive
filter. The error sequence ŝf ðnÞ of Equation 37 is the output
of a forward linear prediction filter. The sequence s(n) is
the input to the prediction error filter. The linear predic-
tion error sequence will be uncorrelated with the linear
prediction estimate ŝf ðnÞ, but it is not, in general, a white
process unless s(n) was generated as an AR process and m
¼p. The error sequence in this case will be a white pro-
cess, the forward linear prediction coefficients will be iden-
tical to the AR parameters ðaf ðkÞ¼aðkÞÞ, and the
prediction error filter may be regarded as a whitening fil-
ter.

In a similar way, a backward linear prediction error
estimate,

ŝbðnÞ¼ �
X

m

k¼ 1

abðkÞsðnþ kÞ; ð38Þ

may also be formed, in which ab(k) is the backward linear
prediction coefficient at time index k. The prediction is
backward in the sense that the estimate at time index n is
based on m samples indexed later in time. The backward
linear prediction error is

ebðnÞ¼ sðnÞ � ŝbðnÞ ð39Þ

and has variance

rb¼EðjebðnÞj2Þ: ð40Þ

Substituting Equations 32 and 33 into this expression and

rearranging terms in matrix form will yield

rssð0Þ r�ssð1Þ . . . r�ssðmÞ

rssð1Þ rssð0Þ . . . r�ssðm� 1Þ

..

. ..
. . .

. ..
.

rssðmÞ rssðm� 1Þ . . . rssð0Þ

0

B

B

B

B

B

B

@

1

C

C

C

C

C

C

A

abðmÞ

abðm� 1Þ

..

.

abð1Þ

1

0

B

B

B

B

B

B

B

B

B

@

1

C

C

C

C

C

C

C

C

C

A

¼

0

0

..

.

rb

0

B

B

B

B

B

@

1

C

C

C

C

C

A

:

ð41Þ

It can be seen that Equations 36 and 41 both involve the
identical autocorrelation matrix. It can be shown that the
solutions to these equations must have the properties

rb¼ rf

and

abðkÞ¼ ðaf ðkÞÞ�

for 1	k	m. Thus, the backward and forward linear pre-
diction error variances are identical. The backward linear
prediction error coefficients are simply the complex conju-
gates of the forward linear prediction coefficients when
both prediction filters are the same length m.

Hence, the linear prediction of speech samples results
in an equivalent linear model for speech production. The
importance of linear prediction is that the parameters of
the model A(z) can be determined directly from the speech
waveform by applying a least squares criterion to Equa-
tion 37 for e(n).

The solutions of Equation 35 and Equation 41 for a lin-
ear prediction filter of M coefficients can be computed with
the Levinson’s algorithm:

Dm¼

rssð1Þ if m¼ 1

P

m�1

k¼ 1

af
m�1ðkÞrssðm� kÞþ rssðmÞ if m > 1

8

>

>

<

>

>

:

af
mðkÞ¼

�Dm=rf
m�1 for k¼m

af
m�1ðkÞþaf

mðmÞða
f
m�1ðm� kÞÞ� for

1	k	m� 1

m > 1

8

>

>

>

>

>

>

<

>

>

>

>

>

>

:

rf
m¼ rf

m�1ð1� ja
f
mðmÞj

2Þ

ð42Þ

for m¼1 to m¼M. The single initial condition required is
rf

0¼ rssð0Þ.
The backward linear prediction coefficients are ob-

tained simply by conjugating the forward linear predic-
tion coefficients. A subscript m or m� 1 has been added to
the elements to distinguish the order of the linear predic-
tion filter. Observe that all minimum variance linear pre-
diction coefficients from order 1 to M are obtained
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automatically with the Levinson algorithm. It is possible,
then, to produce all lower-order AR models with no addi-
tional computational effort.

6.2.2.5. Reflection Coefficients. The linear prediction
coefficients af

1ð1Þ; . . . ;a
f
pðpÞ are often termed the reflection

coefficients, mm¼af
mðmÞ for 1	m	p, because of their inter-

pretation as physical parameters of an acoustical tube
model of the vocal tract V(z), when the speech is sampled
at an appropriate rate and pre-emphasized before analy-
sis. It can be shown that jmmj	1 for 1	m	p. The acoustic
tube can thus be viewed as a synthesis model imple-
mented by using the reflection coefficients of the analysis
model.

Therefore, if the number of coefficients M in the inverse
filter equals the number of sections M in the acoustic tube
model, then the reflection coefficients mm, which uniquely
define the area ratios of the acoustic tube model of the
vocal tract, can be obtained directly by linear prediction
analysis of the speech waveform.

6.3. Parametric Spectral Estimation

The PSD was defined as the discrete-time Fourier Trans-
form of an infinite autocorrelation sequence (ACS). This
transform relationship between the PSD and ACS may be
considered as a nonparametric description of the second-
order statistics of a random process.

A parametric description of the second-order statistics
may be devised by assuming a time-series or I/O model of
the random process. The PSD of these models will then be
a function of the model parameters rather than the ACS.
The motivation for parametric models of random pro-
cesses is the ability to achieve better PSD estimators
based on the model than those produced by classic spec-
tral estimators, in terms of spectral resolution. Classic
spectral estimators assume that data outside the window
are implicitly zero, normally an unrealistic assumption
that leads to distortions in the spectral estimate. Some
knowledge about the process from which the data are
taken may be used to construct a model that approximates
the process that generated the observed time sequence.
Such models will make more realistic assumptions about
the data outside the window other than the zero assump-
tion. Thus, the need for window functions can be elimi-
nated, along with their distorting impact. The degree of
improvement in resolution and spectral fidelity is deter-
mined by the appropriateness of the selected model and
the ability to fit the measured data or the ACS (known or
estimated from the data) with a few model parameters.

The parametric approach to spectral estimation in-
volves three steps. In step one, an appropriate paramet-
ric model is selected to represent the measured data
record. In step two, an estimate of the parameters of the
model is made. In step three, the estimated parameters
are inserted into the theoretical power spectral density
expression appropriate for that model. It is strictly related
to the speech analysis model described earlier as attention
is focused on methods for directly determining the coeffi-
cients of A(z).

6.3.1. Autoregressive Process and Spectrum Proper-
ties. The AR spectral estimate has received the most at-
tention in the technical literature of all the time series
models. The interest stems from two reasons. First, auto-
regressive spectra tend to have sharp peaks, a feature of-
ten associated with high-resolution spectral estimates.
Second, estimates of the AR parameters can be obtained
as solutions to linear equations. Properties and features of
the AR process and the AR spectrum are covered in this
section under the assumption that the autocorrelation se-
quence is known, which is not generally the case in prac-
tice. These properties have led to alternative names for AR
spectral analysis, such as the LP spectral estimation.

The autoregressive PSD was shown to have the equiv-
alent representations:

PARðf Þ¼
Trw

jAðf Þj2
¼T

X

1

k¼�1

rssðkÞ expð�j2pfkTÞ; ð43Þ

where A(f) is defined as

Aðf Þ¼ 1þ
X

p

k¼ 1

aðkÞ expð�j2pfkTÞ:

Given the autocorrelation sequence for lags from 0 to p,
one may solve the Yule–Walker equations for the white
noise variance rw and the autoregressive parameters
að1Þ; . . . ;aðpÞ and then use Equation 43 (left side) to eval-
uate the PSD. Alternatively, the extrapolation

rssðnÞ¼ �
X

p

k¼1

aðkÞrssðn� kÞ ð44Þ

for n > p, which follows from Equation 24, may be used to
extend the autocorrelation sequence so that the right-
hand side of Equation 43 may be used to compute the AR
PSD, although this would not be very practical.

As a contrast, consider the correlogram method of
power spectral density estimation presented earlier. This
method would use the given pþ 1 autocorrelation values
to produce the spectral estimator

PSSðf Þ¼T
X

p

k¼�p

rSSðkÞ expð�j2pfkTÞ: ð45Þ

Comparing Equations 43 and 45, it may be seen that the
AR PSD estimator matches the autocorrelation sequence
over the summation range of the correlogram method of
PSD estimation up to lag p, but then uses a nonzero au-
tocorrelation sequence extrapolation given by Equation
45, rather than the zero extension assumed by the co-
rrelogram method, to generate the unavailable lags. The
implied extrapolation of the autocorrelation sequence
when computing the AR PSD using Equation 43 is the
basis for the high-resolution property attributed to the AR
PSD estimator, as there is no windowing of the autocor-
relation sequence as there is with the classic spectral es-
timators. Autoregressive power spectral density
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estimators, for this reason, do not possess the sidelobe
phenomena of the classic spectral estimators.

6.3.2. Autoregressive Spectral Estimation. In practice,
the autocorrelation function of the random process is usu-
ally not available, so one must make an AR spectral esti-
mate based on the available data. These techniques
actually make estimates of the AR model parameters,
and from these, the AR PSD function may be evaluated.

Conceptually, the simplest procedure to obtain an AR
spectral estimate from data samples would be to produce
estimates of the autocorrelation sequence from the data
and then use them in the Yule–Walker equations to yield
AR coefficients, and from these the AR PSD function.
However, better results are obtained, particularly for
short data segments, by algorithms that yield the AR pa-
rameters directly from the data. These algorithms are
based on the results presented in the linear autoregressive
models section. In the next sections, the so-called ‘‘block-
data’’ algorithms for AR PSD estimation will be briefly
described. The name comes from the fact that all these
methods require processing a fixed-size block of accumu-
lated data samples. They are appropriate for applications
where data is very limited and the best possible perfor-
mance with available data is desired.

For longer datasets, a variety of sequential estimation
techniques is available. They update the AR parameter
estimates as each new data sample is received. A new PSD
plot can be made from these updated parameters as fre-
quently as desired. However, these techniques are useful
for tracking signals with slow time-varying characteris-
tics, and are thus, in general, not suitable for voice anal-
ysis. Therefore, they will not be treated here.

6.3.2.1. Reflection Coefficient Estimation Methods. The
Levinson algorithm (Equation 42) for solving the Yule–
Walker equations (Equation 25) relates the parameters of
the AR model of order p, ap(n), to those of the AR model of
order p� 1, ap�1ðnÞ; n¼ 1; . . . ;p� 1. The reflection coeffi-
cient mp is found as mp¼apðpÞ. Moreover, the error vari-
ance rp is related to the reflection coefficients by Equation
42.

The reflection coefficient depends directly on the auto-
correlation sequence, hence it can be used to estimate the
AR PSD. Three methods have developed based on this
idea. In the next section, the best known and most effi-
cient, named the Burg algorithm, will be outlined.

6.3.2.1.1. Burg Algorithm. At each order p, the arithme-
tic mean of the forward and backward linear prediction
error power (sample prediction error variance):

rfb
p ¼

1

2

1

N

X

N

n¼pþ 1

jef
pðnÞj

2þ
1

N

X

N

n¼pþ 1

jeb
pðnÞj

2

" #

ð46Þ

is minimized, subject to the recursion

ef
pðnÞ¼ ef

p�1ðnÞþ mpeb
p�1ðn� 1Þ

eb
pðnÞ¼ eb

p�1ðn� 1Þþ m�pef
p�1ðnÞ:

ð47Þ

Note that the summation ranges only over the available
data. Thus, rfb

p is a function of a single parameter, namely
the complex-valued reflection coefficient kp, because the
prediction errors from order p� 1 will be known. Setting
the complex derivatives of Equation 46 to zero,

@rfb
p

@Refkpg
þ j

@rfb
p

@ Imfkpg
¼ 0;

and solving for mp, yields the least squares estimate

m̂p¼
�2
PN

n¼pþ 1 ef
p�1ðnÞe

b�

p�1ðn� 1Þ
PN

n¼pþ 1 je
f
p�1ðnÞj

2þ
PN

n¼pþ 1 je
b
p�1ðn� 1Þj2

: ð48Þ

This estimate of the reflection coefficient represents the
‘‘harmonic’’ mean between the forward and the backward
partial correlation coefficients. Figure 14 compares the re-
sults obtained with the Burg method (healthy voice, sus-
tained /a/) with p¼ 12 and p¼ 22, respectively. The lower
order smoothes the spectrum, thus some details are lost.
Notice the higher resolution, as compared with the Welch
method in Fig. 12, obtained with the same sampling fre-
quency.

The harmonic method exhibits some bias in the esti-
mation of sinusoidal frequencies, which has led some re-
searchers to propose variations, mainly based on a
weighting of the squared prediction errors.

6.3.2.2. Least Squares LP Estimation Methods. In the
Burg algorithm, a least squares optimization is performed
with respect to a single parameter, namely the reflection
coefficient. An alternative approach would be to perform a
least squares minimization with respect to all of the linear
prediction coefficients, entirely removing the Levinson re-
cursion constraint. Such an approach will yield some im-
provement to the spectral estimate. Two types of least
squares estimates will be considered. The first type uses
separate forward or backward linear prediction for esti-
mates. The second type employs a combination of forward
and backward linear prediction.

6.3.2.2.1. Separate Forward and Backward Linear Predic-
tion Algorithms. Assume that the N-point data sequence
sð1Þ; . . . ; sðNÞ is to be used to estimate the p-th order,
AR(p), parameters. Recall the forward linear predictor
for sample s(n) (Equation 33):

ŝf ðnÞ¼ �
X

p

i¼ 1

af
pðiÞsðn� iÞ;

where the af
pðiÞ are the forward linear prediction coeffi-

cients for order p.
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The forward linear prediction error is given by Equa-
tions 34 and 37:

ef
pðnÞ¼ sðnÞ � ŝf ðnÞ¼ sðnÞþ

X

p

i¼ 1

af
pðiÞsðn� iÞ:

The forward linear prediction error may be defined over
the range from n¼ 1 to n¼Nþp, if one assumes that the
data prior to the first sample and after the last sample are
zero ðsðnÞ¼ 0 for no1 and n > NÞ.

The forward linear prediction variance, to be mini-
mized, is (Equation 40)

rf
p¼

X

n

jef
pðnÞj

2:

Many possible summation range cases exist for rf
p that one

may select. Three cases will be described here for spectral
estimation.

1. Selecting the full range from ef
pð1Þ to ef

pðNþpÞ is the
‘‘windowed case,’’ because it involves pre- and post-
windowing of the data (i.e., setting unavailable data
values to zero), which has been termed the autocor-
relation method of linear prediction. It can be shown
that the autocorrelation method of least squares lin-
ear prediction analysis is equivalent to the Yule–
Walker method of autoregressive parameter estima-
tion (Equation 25). As windowing of the autocorre-
lation method causes reduction in resolution, this
approach is rarely used in practice for short data
segments.

2. Selecting the range ef
pð1Þ to ef

pðNÞ is the prewin-
dowed case, because it requires data prior to s(1) to

be set to zero. This method is of most interest for the
sequential least squares prediction methods.

3. Selecting the range ef
pðpþ 1Þ to ef

pðNÞ is the nonwin-
dowed case, because only available data samples are
used. This method has been termed the covariance
method of linear prediction. In order to obtain stable
estimates, the selected model order must be no
greater than half the data length.

The windowed (autocorrelation), nonwindowed (covari-
ance), and prewindowed cases may also be developed for
the case of the backward linear predictor (Equation 38):

ŝbðnÞ¼ �
X

p

i¼ 1

ab
pðiÞsðnþ iÞ:

The prediction is ‘‘backward’’ in the sense that the predic-
tion for the current data sample is a weighted sum of p
future samples.

For a finite dataset, the backward linear prediction pa-
rameters determined by least squares analysis are not, in
general, identical to the forward prediction parameters.
The backward linear prediction error is (Equation 39)

eb
pðnÞ¼ sðn� pÞ � ŝbðn� pÞ¼ sðn� pÞ

þ
X

p

i¼ 1

ab
pðiÞsðn� pþ iÞ;

with the assumption that sðnÞ¼ 0 for no0 and n > N. The
backward linear prediction variance is given by Equation
40:

rb
p¼

X

n

jeb
pðnÞj

2:

0 2000 4000 6000 8000 10000
-100

-90

-80

-70

-60

-50

-40

-30

Frequency (Hz)

P
ow

er
 S

pe
ct

ra
l D

en
si

ty
 (

dB
/H

z)
Healthy voice: sustained /a/ - Burg PSD Estimate - solid: ord.=12; dashed: ord=22.

Figure 14. PSD obtained with the Burg
method (healthy voice, sustained /a/) with p¼

12 and p¼22, respectively. Notice the higher
resolution, as compared with the Welch method
in Fig. 12.
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The summation ranges are 1 to Nþp for the windowed
(autocorrelation) case, pþ 1 to N for the nonwindowed
(covariance) case, and 1 to N for the prewindowed case.

Fast algorithms exist for the covariance and the pre-
windowed methods, which simultaneously solve the nor-
mal equations for the forward and the backward linear
prediction coefficients at all intermediate orders. Thus,
both sets of coefficients are available for analysis at no
additional computational cost.

6.3.2.2.2. Combined Forward and Backward Linear Pre-
diction Algorithms. It was shown that the forward and
backward autoregressive coefficients for a stationary ran-
dom process are simply complex conjugates of one another.
Thus, combining the linear prediction error statistics of
both forward and backward errors allows obtaining an
improved estimate of the autoregressive parameters.

Minimizing the average of the forward and backward
prediction squared errors over the available data for the
nonwindowed case gives:

rfb
p ¼

1

2

X

N

n¼pþ 1

jef
pðnÞj

2þ
X

N

n¼pþ 1

jeb
pðnÞj

2

" #

: ð49Þ

As the summation range of the squared errors is identical
to that of the covariance method, this forward and back-
ward least squares error approach has been called the
modified covariance method. Notice that Equation 46 and
Equation 49 differ by a factor 1/N, which cancels out in the
final result because of different minimization performed
with the two algorithms.

The modified covariance algorithm and the Burg har-
monic algorithm are both based on the minimization of the
forward and the backward squared prediction errors. The
modified covariance is based on the minimization with re-
spect to all the prediction coefficients, whereas the Burg
method performs a constrained least squares minimiza-
tion with respect to only a single prediction coefficient
apðpÞ (i.e., the reflection coefficient kp). Several problems
with the Burg method, including spectral line splitting
and bias of the frequency estimate, appear to be elimi-
nated when the modified covariance method is used. It has
been shown that the selected order must be no greater
then two-thirds of the data length.

In Fig. 15, the results for the same healthy voice as in
Fig. 14 are shown, and for the pathological voice of Figs. 5
and 12. For both cases, the PSD obtained by direct appli-
cation of the FFT algorithm is also shown. Notice that the
AR PSD matches the classic PSD more closely as the
model order increases.

6.3.3. Pitch and Formant Estimation. In this section, the
parametric approach to spectral estimation will be applied
to the problems of finding pitch and formants.

6.3.3.1. Pitch Estimator – Simple Inverse Filter Track-
ing. The Simple Inverse Filter Tracking (SIFT) algorithm
(10,38) follows the basic strategy of prewhitening followed
by autocorrelation, but the prewhitening step involves the
use of the LP-based Inverse Filtering (IF).

The SIFT algorithm is described by the following steps:
Initially, the speech signal s(n) is low-pass filtered and

possibly decimated in order to suppress superfluous high-
frequency content and reduce the amount of necessary
computations. For example, if a 20 kHz sampling rate is
assumed on the signal s(n), it could be low-pass filtered to
exclude frequencies above 800 Hz, then decimated by a 5:1
factor to create an effective sampling rate of 4 kHz. To cre-
ate an IF, a low-order analysis (M � 4–6) is sufficient, be-
cause we would expect no more than 2–3 formants in the
nominal 2 kHz bandwidth remaining. The short-term LP
analysis is typically done on rather small frames of speech
for good time resolution. Once the IF is created for a given
frame, ending at time m, it is passed through it to compute
the residual e(n;m). The residual can be expected to ex-
hibit reliable pulses corresponding to the excitation pulse
train, and therefore reasonably periodic. The autocorrela-
tion can be used to detect this periodicity. The pitch period
estimate is taken to be maxZ rssðZÞ.

The search is usually restricted to some Zs that are in
some reasonable neighborhood of the estimate from the
last frame (if it was voiced). Finally, the SIFT procedure is
also used to make a voiced/unvoiced decision, accom-
plished by comparing the peak in the present frame with
some threshold based on the total residual energy associ-
ated with the present frame, for example, 0:4rssð0Þ. Recall
Fig. 13 for a comparison of the SIFT method to the AMDF
method.

6.3.3.2. Formant Trajectory Estimation. Automatic for-
mant analysis is a major problem because the vocal tract
impulse response is not a directly observable quantity.
Parameters of an all-pole model are desired where the
signal to be processed is the model convolved with a quasi-
periodic glottal driving function. For accurate estimation,
it is therefore necessary to perform a deconvolution to
separate the impulse response and the driving function.

A general procedure for formant trajectory estimation
based on linear prediction analysis is described here. Each
frame of speech to be analyzed is denoted by the N-length
sequence fsðnÞg. The speech is first preprocessed by pre-
emphasis and possibly windowing. Some amount of pre-
emphasis could be useful to eliminate the spectral slope
characteristic introduced by the effect of the glottal vol-
ume velocity waveform and the lip radiation characteris-
tic. A reasonable pre-emphasis factor is 1� z0z�1, where z0

is near unity. However, pre-emphasis will generally result
in a slight upward shift for the estimated formant fre-
quency locations with respect to non pre-emphasis.

Any technique that results in an inverse filter A(z) can
be applied for formant estimation (covariance, autocorre-
lation, etc.). As for the covariance method, windowing and
pre-emphasis are not beneficial unless NcM (where M
equals the number of analysis coefficients), in which case
the covariance method will behave similarly to the auto-
correlation method. In the autocorrelation method, it has
generally been found to be beneficial to pre-emphasise and
window the data before processing further.

Algorithms for designing an inverse filter have already
been presented. If the sampling frequency, pre-emphasis
conditions, number of coefficients, etc., are reasonably cho-
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sen, as described in the reflection coefficients subsection,
then 1=jAðexpðjyÞÞj2 will represent the estimated spectrum
of the vocal tract impulse response.

Estimates of the formant frequencies and bandwidth
are defined by either solving for the roots of the polyno-
mial A(z) or computing the interpolated spectrum of the
inverse filter with an FFT, and searching for the peaks in
the spectrum 1=jAðexpðjyÞÞj2. Solving for the roots guar-
antees that all possible formant frequencies and band-
width candidates will be extracted. However, a simple or
predictable relationship between the roots of the IF poly-
nomial and the resonances in the spectrum does not exist.
As a result of the computational expense required in poly-
nomial root-solving, however, peak picking procedures are
of considerable interest and practical use. The major dis-
advantage of the spectral calculation and peak picking is
that closely-spaced resonance (complex pole pairs) may
not be extracted from the spectrum.

If formants are computed from a root-solving proce-
dure, the bandwidth B̂ and frequency F̂ for any complex
root z are obtained from the s-plane to z-plane transfor-
mation z¼ expðsTÞ where s¼ � pB̂
 j2pF̂. If
z¼ReðzÞþ jImðzÞ defines the real and imaginary terms of
a complex root, then

B̂¼ � ðfs=pÞ ln jzj ðHzÞ

and

F̂¼ ðfs=2pÞ tan�1½ImðzÞ=ReðzÞ� ðHzÞ; ð50Þ

where fs¼ 1=T is the sampling frequency.
However, F̂i, B̂i may or may not correspond to the l-th

formant value for frame k, FiðkÞ, and BiðkÞ. For example, if
only the second formant were missed in the estimation,
then F̂2ðkÞ would be assigned to F3(k) and not to F2(k).

6.4. Cepstral Analysis (10,24)

Cepstral analysis is motivated by, and is designed for,
problems centered on voiced speech.

According to our usual model, voice is composed of an
excitation sequence convolved with the impulse response
of the vocal tract model:

sðnÞ¼ eðnÞ � hðnÞ: ð51Þ

As a result of convolution, the individual parts are not
combined linearly, and the customary linear techniques
provide no apparent help. We have access only to output,
but often it is desirable to separate the two components so
that they may be examined, modeled, and used in some
algorithm.

Cepstral analysis is a special case within a general
class of methods collectively known as ‘‘homomorphic’’ sig-
nal processing. The cepstrum derived from homomorphic
processing is usually called the complex cepstrum (CC).
The most widely used real cepstrum (RC) is equivalent to
the real part of the CC within a scale factor. The basic
difference between the RC and the CC is that the RC dis-
cards phase information about the signal while the CC
retains it. As the CC is often difficult to use in practice, RC
is most widely used in speech analysis and recognition. In
fact, one of the most important applications of cepstral
analysis is the representation of an LP model by cepstral
parameters, under the assumption that the model is min-
imum phase, a condition under which the RC and CC are
essentially equivalent. Hence, we will treat the RC only.

The RC of a speech sequence s(n) is defined as:

csðnÞ¼F�1flog jFfsðnÞgjg¼
1

2p

Z p

�p
log jSðoÞjejon do; ð52Þ

in which Ff�g denotes the DTFT. Ordinarily, the natural or
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base-10 logarithm is used in this computation, but, in
principle, any base can be used. We will assume the nat-
ural logarithm throughout. Notice that the RC is an even
sequence on n, because its DTFT, namely
CsðoÞ ¼ log jSðoÞj, is real and even. The computation of
the RC is shown in block-diagram form in Fig. 16.

The first two operations in the figure can be interpreted
as an attempt to transform the signal s(n) into a ‘‘linear’’
domain in the sense that the two parts of the signal that
are convolved in the unaltered signal now have represen-
tatives that are added in the new domain. We have

CsðoÞ¼ log jSðoÞj ¼ log jEðoÞHðoÞj ¼ log jEðoÞj

þ log jHðoÞj ¼CeðoÞþChðoÞ:
ð53Þ

Thus, the new ‘‘signal’’ CsðoÞ is now in a ‘‘linear domain,’’
where we can apply linear techniques. In particular, we
can apply Fourier analysis to view its ‘‘frequency domain’’
properties. Notice that the ‘‘signal’’ that is being trans-
formed into the ‘‘frequency domain’’ is, in fact, already in
what we consider the usual frequency domain. Therefore,
the ‘‘new’’ frequency domain was dubbed the ‘‘quefrency
domain,’’ and the ‘‘cepstrum’’ was so named because it
plays the role of a ‘‘spectrum’’ in the quefrency domain.
The index of the RC (which actually is a discrete-time
axis) is called the ‘‘quefrency axis.’’ The ‘‘harmonic fre-
quencies’’ of CsðoÞ, which are actually time indices of the
cepstrum, are called rahmonics.

The Fourier series for the ‘‘harmonics’’ of the ‘‘signal’’
CsðoÞ take the form:

csðnÞ¼
1

2p

Z p

�p
CsðoÞe�jon do:

Therefore, the RC can be interpreted as the Fourier series
‘‘line spectrum’’ of the ‘‘signal’’ CsðoÞ.

The purpose of the RC is to resolve the two convolved
pieces of the speech, e(n) and h(n), into two additive com-

ponents, and then to analyze those components with spec-
tral (cepstral) analysis.

Clearly, from Equation 53,

csðnÞ¼ ceðnÞþ chðnÞ; ð54Þ

and if the nonzero parts of ce(n) and ch(n) occupy different
parts of the quefrency axis, we should be able to examine
them as separate entities, which we were not able to do
when they were convolved in s(n).

It will be shown in the next section that ce(n) and ch(n)
are well separated in the quefrency domain. Hence, we
can, in principle, use the RC to eliminate, say, ChðoÞ from
CsðoÞ. This process is called liftering (a play on filtering),
and, in this case, we use a ‘‘low-time-lifter,’’ analogous to a
low-pass filter in the usual frequency domain. The output
of this process in the quefrency domain is an RC, say
cyðnÞ ffi chðnÞ. If we now wish to use ch(n) to obtain an es-
timate of h(n) neatly separated from s(n), we need to get
out of the quefrency domain, simply applying the DTFT to
the RC. Note that this process results in an estimate of
log jHðoÞj devoid of any excitation components. This pro-
cess is called cepstral smoothing of the vocal system spec-
trum.

However, in applying the RC, we have discarded the
phase spectrum of the original signal, and it is not difficult
to see that inverting this operation will return a time-do-
main signal with a zero-phase characteristic. To obtain the
original signal, we therefore would need a phase-preserv-
ing linearizing operation (i.e., the complex cepstrum).
However, in most practical applications of speech process-
ing, we can get the information we need from the RC di-
rectly, or by a liftering operation on it.

In practice, we will want to compute the RC on short
terms of speech. Accordingly, we should replace the DTFT
by the short-time DTFT. The short-time RC makes use of
magnitude spectral information only and disregards all
phase information. It is a periodic, aliased version of the
true quantity we seek.

s(n) cs(n)

cs(n)

voiced speech ce(n)

cθ(n)
DTFT log• IDTFT

Low-time 
lifter 

High-time
lifter 

cs(n) 

cθ(n) ce(n)

n

DTFT

log|E(ω)|+log|Θ(ω)| 

log|S(ω)|=cs(ω)

Figure 16. Block diagram of the computation of the real cepstrum and liftering operation.
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In the next two sections, we will study the applications
of cepstral analysis to pitch and formant estimation.

6.4.1. Pitch Estimation. We consider a frame of speech
ending at time m:

fsðn;mÞ¼ sðnÞwðm� nÞ¼ ½eðnÞ � hðnÞ�wðm� nÞ; ð55Þ

where wðm� nÞ denotes the window function ending at
time m. It can be shown that the window can be moved
inside the convolution under practical conditions to ob-
tain:

fsðn;mÞ¼ ½eðnÞwðm� nÞ� � hðnÞ¼ feðn;mÞ � hðnÞ: ð56Þ

Notice that all the developments henceforth will rely on a
good approximation in Equation 56, which, in turn, de-
pends on a sufficiently long window in selecting the frame.
Indeed, for short-term cepstral techniques, performance
has been found to depend significantly on the type, length,
and placement of the window used to create the frame.

Using the approximation in Equation 56, we seek the
short-time RC of the speech. To do so, note that the RC of
fsðn;mÞ will be the sum of the RCs of its two convolved
components, feðn;mÞ and h(n).

First, we seek the RC of the excitation, which is equiv-
alent to the RC of the frame feðn;mÞ. If Q periods of e(n)
exist inside the window used to create fsðn;mÞ, and if those
periods correspond to indices q¼ q0, q0þ1; . . . ; q0þQ� 1,
then

feðn;mÞ¼
X

q0 þQ�1

q¼ q0

wðm� qPÞdðn� qPÞ;

where dðn� qPÞ represents the unit pulse excitation
ðdðn� qPÞ¼ 1 if n¼ qP, and zero elsewhere). Therefore,

Eðo;mÞ¼
X

m

n¼m�Nþ 1

feðn;mÞe
�jon¼

X

q0 þQ�1

q¼ q0

wðm� qTÞe�joqP:

ð57Þ

Now let us define the sequence

~wðqÞ¼
wðm� qPÞ q¼ q0; . . . ; q0þQ� 1

0 other q

(

: ð58Þ

Putting Equation 58 into Equation 57, we see immediately
that

Eðo;mÞ¼ ~WðoPÞ; ð59Þ

in which ~WðoPÞ denotes the DTFT of the sequence ~wðqÞ.
From Equation 59 we conclude that Eðo;mÞ, hence
log jEðo;mÞj, will be a periodic function of o with period
2p=P. Let us now examine the IDTFT step in the compu-

tation of the stRC for e(n), which takes the form

ceðn;mÞ¼
1

2p

Z p

�p
log jEðo;mÞjejon do: ð60Þ

It can be interpreted as Fourier (cosine) series coefficients
for the periodic function log jEðo;mÞj. As the period of
log jEðo;mÞj is 2p=P, ‘‘harmonics,’’ or ‘‘rhamonics,’’ because
they are in the quefrency domain, occur at times
n¼ i2p=ð2p=PÞ¼ iT; i¼ 0; 1; . . ..

Therefore, Equation 60 will produce a result of the form

ceðn;mÞ¼
X

1

i¼�1

aidðn� iPÞ; ð61Þ

where the numbers ai depend on log jEðo;mÞj. Hence,
ceðn;mÞ is a weighted train of discrete-time impulses
spaced at T, the pitch period and decreasing exponen-
tially, because the property of the Fourier series coeffi-
cients.

Consider now the vocal tract system impulse response.
For n > 0, we employ a result that can be inferred from

the CC properties, the RC being equivalent to the even
part of the CC. This result states that the CC of h(n), and
also the RC, decays as 1/n.

Putting these results together, we have

csðn;mÞ¼ ceðn;mÞ þ chðnÞ;

from which we conclude that ceðn;mÞ will appear in
csðn;mÞ as a pulse train added to the RC of h(n). Further,
chðnÞ usually decays very quickly with respect to P, so that

csðn;mÞ¼

ceð0;mÞþ chð0Þ n¼ 0

chðnÞ 0onoP

ceðn;mÞ ðweighted pulse trainÞ n�P:

8

>

>

<

>

>

:

To estimate the pitch period P on the frame ending at time
m, we need only to locate the initial peak in csðn;mÞ, which
is generally well separated from the vocal tract character-
istics.

6.4.2. Formant Estimation. To obtain an estimate of
log jYðoÞj from the speech on window ending at time m,
we execute the following steps:

1. Compute the stRC of the speech csðn;mÞ, as above.

2. Multiply csðn;mÞ by a low-time window, l(n), to select
cyðnÞ : cyðnÞ � csðn;mÞlðnÞ. Note that the lifter l(n)
should theoretically be an even function of n, or
even symmetric about time ðN � 1Þ=2 if an N-point
DFT is used in the next step.

3. To get the estimate of log jYðoÞj, DTFT the estimate
of cy(n).

Recall that the term ‘‘cepstral smoothing’’ refers to the
process of removing the high-frequency effects of the ex-
citation from the spectrum by this analysis.
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Figure 17 shows the PSD of a healthy voice and that of
a pathological voice (sustained /a/), obtained with the cep-
strum approach. Notice the smoother shape with respect
to Fig. 15, which is mainly because of log-transforming.

6.4.3. LP and Cepstral Analysis. One of the disadvan-
tages of LP analysis is that it does not resolve the vocal
tract characteristics from the glottal source dynamics.
Hence, it could sometimes degrade performance for some
applications like speaker recognition. The cepstral method
was shown to outperform LP analysis in such cases, and a
method based on conversion of LP parameters to cepstral
parameters was derived. Upon such parameters, further
smoothing and manipulation is performed. The recursion
exists for converting LP to RC parameters and is given by:

chðn;mÞ¼

chð0;mÞ n¼ 0

�âðn;mÞþ 1
2

P

n�1

k¼ 1

k
n

� 	

chðk;mÞâðn� k;mÞ

� �

n > 0;

8

>

<

>

:

ð62Þ

in which h(n) is the impulse response of the LP model and
a(n;m), the model parameter, is taken to be zero for no1,
n > M, and where M denotes the order of the LP model.

In this case, rather that having computed the cepstrum
of the speech, we have computed the cepstrum of the im-
pulse response of the LP model. Therefore, we are com-
puting the cepstrum of a sequence that has already been
‘‘smoothed,’’ in the sense that the excitation has been re-
moved. This process removes the inherent variability of
the LP-based spectrum caused by the excitation and ap-
parently improves recognition performance.

6.4.4. Mel-Cepstrum. A second improvement over di-
rect use of the LP parameters can be obtained by use of
the so-called ‘‘mel-cepstrum.’’ A ‘‘mel’’ is a unit of measure
of perceived pitch or frequency of a tone. It does not cor-
respond linearly to the physical frequency of the tone, as
the human auditory system apparently does not perceive
pitch in this linear manner. By means of experimental re-
sults, it was possible to determine a mapping between the
real frequency scale (Hz) and the perceived frequency
scale (mels). The mel scale is approximately linear below
1 kHz and logarithmic above, and such approximation is
usually used in speech recognition. The relation between
the two scales is

Fmel¼
1000

log 2
1þ

FHz

1000

� �

;

in which Fmel (FHz) is the perceived (real) frequency in
mels (Hz). Benefits of using a frequency axis that is
warped to correspond to the mel scale exist. The stRC is
particularly well-suited to such a computation, because it
works directly with the magnitude spectrum of the speech.
It can be useful, for example, in computing cepstral pa-
rameters at frequencies that are linearly distributed be-
low 1 kHz and logarithmically distributed above it. The
frequency axis is oversampled and those frequency com-
ponents that represent the appropriate distribution are
then selected.

Another application of the mel scale consists of com-
puting the LP spectrum and then warping its frequency
axis to correspond to the mel axis. Results in speech rec-
ognition were improved with this approach.

Some final remarks concerning the cepstral approach
are as follows. First, the nonlinear operation (logarithm)
does not always carry with it the assurance that the re-
sulting additive log spectra will be well separated in que-
frency, even if the components in the original spectrum
apparently are (although combined by multiplication). In
particular, for high-pitched voices, such as infant cries, the
cepstrum often fails to resolve the low- and high-quefrency
components as, in this case, they are very close on the
quefrency axis. Another ‘‘side effect’’ of the nonlinear log
operation is the potential for improper emphasis of low-
level noisy portions of the speech spectrum. This phenom-
enon can degrade, in unpredictable ways, the performance
of voice analysis strategies based on the cepstrum.

The other problem area noted in conjunction with the
pitch-formant application is the importance of type,
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Figure 17. PSD of a healthy and a pathological voice (sustained /
a/), obtained with the cepstrum approach.
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length, and placement of the data window used to select
the frame for short-term processing. A window length of
roughly 2P–3P, where P is the pitch period, is prescribed.

6.5. Voice Quality Estimation

Voice quality assessment was first developed for speech
coding or synthesis and for speech enhancement. The need
for such testing methods became apparent in the 1950s,
with the development of new analog communication sys-
tems. Hence, quality measures have been oriented toward
distinguishing even the most subtle differences in pro-
cessed speech quality.

As for voice analysis in the biomedical field, the aim is
quite different, and different approaches were developed.
In their daily practice, laryngologists have the necessity of
an objective measure of hoarseness and of a scale to com-
pare results of various treatments. The need for quantifi-
able measures of voice as related to treatment and medical
or surgical intervention has led to a search for acoustic
correlates of dysphonic severity. Degradation of voice, gen-
erally called hoarseness, is, in fact, one of the major symp-
toms of benign laryngeal diseases such as polyps or
nodules, and is often the first symptom of neoplastic dis-
eases such as laryngeal cancer as well.

Sound spectrographic analysis is helpful in visually
evaluating the degree of hoarseness. A spectrogram of a
normal sustained vowel shows well-developed harmonics
as equally spaced horizontal stripes, whereas that of a
hoarse voice presents noise as a cloudy shadow between
harmonics. Moreover, low intensity of the harmonic com-
ponent relative to the background can be observed, which
could be explained either as a decrease of higher harmon-
ics in the source spectrum or as an increase of additive
noise in the source signal. Additive noise in the acoustic
waveform of the voice can be considered the acoustic by-
product of turbulent air flow generated at the glottis dur-
ing phonation.

Thus, a relationship between the degree of hoarseness
and that of noise have been searched for and quantified.

The acoustic properties of a pathological voice have
been investigated mainly in terms of:

1. Perturbations in the fundamental frequency (jitter)
and peak amplitude (shimmer);

2. Cycle-to-cycle waveform variations;

3. Average frequency-spectrum characteristics;

4. Transitional characteristics of the signal; and

5. Vocal noise level included in the voice signal.

We are concerned with 1 and 5 only. In the next section,
jitter and shimmer will be defined, while some of the most
used noise level estimation methods will be described
briefly in the section following that, distinguishing among
those conceived in the time domain, in the frequency do-
main, and in the cepstral domain.

6.5.1. Jitter and Shimmer. From visual observations, it
was found that healthy speakers can phonate quite stea-
dily; that is, they can utter vowel sounds with nearly con-
stant pitch, loudness, and quality, whereas subjects

suffering from some laryngeal disorder frequently cannot.
Hence, the measure of unsteadiness in acoustic parame-
ters of voice may offer important insight on the disorder.
In particular, it was shown that measures of fundamental
frequency and amplitude perturbations from acoustical
waveforms of subjects with laryngeal pathologies differ
from those of healthy speakers.

Jitter and shimmer are acoustic features often used for
the description of voice quality in terms of frequency and
amplitude perturbations, respectively. Hence, the subject
of concern is high-precision perturbation analysis, for
which cycle-to-cycle variations are required. An updated
value of the fundamental frequency is required at each
cycle, rather than over a window of several cycles. There-
fore, the event detection method plays a basic role. For
measuring single events, the three following methods are
commonly used on each cycle:

1. Waveform matching, over adjacent cycles, using a
least squares criterion. A rough fundamental fre-
quency is calculated using the autocorrelation func-
tion. A cross-correlation coefficient between two
consecutive segments of variable length is then eval-
uated. The length of the segments varies in the
range from 0.5 to 1.5 times the pitch previously
found. The argument of the maximum of these coef-
ficients defines the exact period length.

2. Peak-picking, positive or negative.

3. Zero-crossing (positive or negative) after low-pass
filtering.

In order to enhance the results, these methods can be used
in combination to those described in the pitch detection
and pitch estimator subsections.

Many pitch perturbation measures have been defined
in the last 40 years: pitch perturbation factor (PPF), di-
rectional perturbation factor (DPF), relative average per-
turbation (RAP), and many others. Hence, unification and
standardization in the analysis procedure have been pro-
posed (5,6).

Jitter and shimmer are quantified here by the pitch
perturbation quotient (PPQ) and the energy perturbation
quotient (EPQ), respectively, as they are perhaps the best
known and most widely used measures. Both make use of
the perturbation quotient (PQ) defined as:

PQ¼
100%

N � K

X

N�
K�1

2

i¼
K�1

2

uðiÞ � 1
K

PK�1=2
j¼�K�1=2 uðiþ jÞ

1
K

PK�1=2
j¼�K�1=2 uðiþ jÞ

�

�

�

�

�

�

�

�

�

�

�

�

;

where u(i) is a sequence of individual cycle lengths in the
case of jitter and of energy values in the case of shimmer.
It was found that K¼ 3 in the case of PPQ and K¼ 15 in
the case of EPQ leads to a minimum of redundancy be-
tween measured jitter and shimmer, although jitter and
shimmer are still correlated. For healthy voices, PPQ is
commonly of the order of less than 1%, whereas higher
values are relative to disordered voices.
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6.5.2. Noise Estimation. This section is divided into
three subsections, respectively devoted to time, frequency,
and cepstral domain techniques for measuring the vocal
noise level.

6.5.2.1. Time Domain.
6.5.2.1.1. Yumoto Approach. One of the first attempts

to give a quantitative measure of hoarseness in the time
domain is the Harmonics-to-Noise-Ratio (HNR) approach
by Yumoto (43).

The computation consists of the following steps:
50 consecutive pitch periods of a sustained vowel /a/ are

averaged;
The measure of the acoustic energy of the harmonic

component, H, is defined as:

H¼ 50

Z T

0
f 2
AðtÞdt ð0	t	TÞ; ð63Þ

where T is the maximum of Ti, the single pitch period (as
the pitch period do not necessarily have the same dura-
tion), and

fAðtÞ¼
X

50

i

fiðtÞ=50:

The energy of the noise component, N, is equal to the mean
energy of the differences between the individual periods
(normalized in length to the maximum T by padding with
zeros) and the average waveform, and is expressed as

N¼
X

50

i¼ 1

Z T

0
ðfiðtÞ � fAðtÞÞ

2 dt 0	t	Ti: ð64Þ

The ratio H/N is converted into a decibel scale, and is ex-
pressed as

ðH=NÞY ¼ 10 log10ðH=NÞ: ð65Þ

The subscript Y indicates the Yumoto measure of hoarse-
ness. The method was successfully applied in assessing
the degree of hoarseness in various laryngeal disorders
and pre- and post-operative phonatory samples.

However, the method has two main drawbacks. First,
each pitch period has to be marked by hand using a wave-
form editor, and deviations from period to period noted, in
order to identify the maximum cycle length. Second, it re-
quires a long sustained vowel for analysis, and it is thus
sensitive to fluctuations of pitch, intensity, or articulation.
Any of these factors would contribute to an apparent re-
duction of the harmonic structure of the voice. Reliability
of this method thus depends on the subject’s ability to
produce a long sustained vowel at constant pitch and in-
tensity, which is usually not the case for degraded voices.

6.5.2.1.2. Awan Approach. A modification of this ap-
proach was proposed by Awan (44). This method imple-
ments a stringent routine for the identification of pitch
pulse boundary markers based on a combination of pick-

picking and zero-crossing procedures. Zero-crossing is
achieved by searching for change in the algebraic sign
preceding peaks. The point that has a value closest to zero
is accepted as zero-crossing.

Basically, the method performs subsequent adjust-
ments of the pitch peaks in the voice data frame and
searches for zero-crossings immediately preceding the
peaks. Moreover, no variation (added zeros) is introduced
in each cycle, with improved accuracy.

6.5.2.1.3. Qi Approach. Qi (45) proposed another mod-
ification to the Yumoto method. In this modification, peri-
ods are time-normalized using dynamic time warping, a
procedure that optimally aligns waveforms in the time
prior to computation. He demonstrated that optimal time-
normalization could also be accomplished using zero-
phase transformations, and that an appropriate time-nor-
malization minimizes the influence of the fundamental
frequency perturbation on the computation of the HNR
over a wide range of disturbances in voice signals. Zero-
phase transformation consists of the following steps:

* Identifying period boundaries of a voice segment;
* Computing the period-synchronized zero-padded

FFT for each period;
* Compute the magnitude spectrum and setting the

phase of all frequency components to zero;
* Inversely transforming the zero-phased magnitude

spectrum;
* Finally, compute the HNR as the ratio between the

energy of the average waveform and that of the vari-
ance of the time-normalized period ensemble.

6.5.2.2. Frequency Domain.
6.5.2.2.1. Normalized Noise Energy Method. Usually,

the noise energy in the spectrum is higher for pathologic
voices than for healthy voices. Hence, nonperiodic energy
could be taken as an index of vocal hoarseness. The Nor-
malized Noise Energy (NNE) acoustic measure is a mea-
sure of the dysphonic component of the voice spectrum
related to the total signal energy (46). It is evaluated in
the frequency domain using an adaptive comb-filtering
method.

Given the speech signal sðnÞ¼uðnÞþwðnÞ, where s(n) is
the periodic component and w(n) is the additive noise
component, let S(k), U(k), and W(k) be the Discrete Fourier
Transform (DFT) of s(n), u(n), and w(n), respectively. The
NNE is defined as:

NNE¼ 10 log10

1
L

PNH

k¼NL

PL
m¼ 1 j

~WmðkÞj
2

1
L

PNH

k¼NL

PL
m¼ 1 jXmðkÞj

2

" #

; ð66Þ

with NL¼ NfLT

 �

, NH ¼ NfHT

 �

, N ¼ number of DFT
points, L ¼ number of frames in the analysis interval, and
FL and FH ¼ lowest and highest frequencies of the fre-
quency band of interest. j ~WmðkÞj

2 is an estimate of the un-
known noise energy jWmðkÞj

2, jXmðkÞj
2 is the signal energy,

and T is the sampling period. In the harmonic dip regions
Di (i.e., where the harmonics have no component),
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j ~WmðkÞj
2 is given by the signal energy jXmðkÞj

2, whereas in
the harmonics peak regions Pi, it can be obtained by in-
terpolating between the values of j ~WmðkÞj

2 in the dip re-
gions Di and Diþ 1 on both sides of the peak region Pi (see
Fig. 18).

The width of peak and dip regions is related to the
choice of the window function. Here, a Hamming window
is considered whose approximate bandwidth in terms of k
is 2N/M, M being the number of points in the analyzed
window. Hence, Di¼fkjki�1þ 2N=Mokoki � 2N=Mg and
Pi¼fkjki � 2N=M	k	kiþ 2N=Mg, where ki and ki�1 are
the i-th and (i� 1)-th harmonic peak location, respectively.
Notice that the dip region Di may disappear for a fixed
value of M, as the i-th and (i� 1)-th harmonic peak loca-
tions get closer to each other. In order to avoid this prob-
lem, the Hamming window length was kept fixed and
equal to 7TP, where Tp¼1=F0 is the mean pitch period of
the signal under study. This interval is not a too large
analysis interval as far as signal stationarity is concerned.

The method was found robust against smooth changes
in period and amplitude of the waveform and is entirely
automatic. Moreover, it is superior to Yumoto HNR index
with regard to the discrimination between normal and
pathological voices.

6.5.2.2.2. Muta Approach: N/S Ratio. This method (47)
calculates a Noise-to-Signal (N/S) ratio, which indicates
the depth of valleys between harmonic peaks in the power
spectrum. A new pitch period extraction method is pro-
posed that allows avoiding fractional error in fundamental
period extraction or in pitch synchronization, which cause
additional spectral leakage of the original harmonics,
causing further deterioration of the harmonic structure.

The method overcomes the problem of long time data
samples to be processed, as it requires only four funda-

mental periods. The four-cycle sample can be extracted not
only from sustained vowels, but also from vowels in run-
ning speech. A precise pitch-synchronous spectrum is cal-
culated from a Fourier transform of the windowed signal,
through a continuously variable Hanning window span-
ning exactly four fundamental periods. A two-stage pro-
cedure is used to determine the exact duration of the four
fundamental periods: the first one uses autocorrelation in
the time domain and the second one is obtained in the
frequency domain by minimizing the errors between the
preliminary calculated power spectrum and the predicted
spectrum spread of a windowed harmonic signal. The N/S
ratio is calculated from the pitch-synchronous spectrum.

This acoustic analysis was proved useful in assessing
mild or moderate hoarseness, as it does not require pro-
ducing a constant long sustained vowel for the analysis.

6.5.2.3. Cepstal Domain Approach.
6.5.2.3.1. De Krom Approach (48). The method involves

discrimination between harmonics and noise energy in the
magnitude spectrum by means of a comb-liftering opera-
tion in the cepstrum domain. By performing cepstral anal-
ysis, the multiplicative relation between the source
spectrum and the frequency response of the vocal tract
is changed into an additive relation. Notice that the source
spectrum itself can be thought of as comprising two parts:
a regularly spaced series of harmonics, with magnitudes
decreasing with frequency, and an irregularly distributed
noisy part. The purpose of the method is to make a dis-
tinction between the harmonics and noise energy in the
spectrum. For this purpose, it may be helpful to think of
the cepstrum as the sum of two nonoverlapping compo-
nents, one of which consists of the rhamonics peaks only,
whereas the other consists of all nonrhamonics cepstrum
samples. The latter component can be called the ‘‘rhamo-

k(i−1)

P(i−1)

D(i)

k(i)

P
S

D

k(i+1)

D(i+1)

P(i+1)

D(i+2)

Freq.

P(i) Figure 18. Simplified description of the spectral
peaks (harmonics) and dips (noisy) regions esti-
mated with the Normalized Noise Energy approach.
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nic comb-liftered’’ part of the cepstrum. Taking the Fourier
transform of the comb-liftered part of the cepstrum, a
spectrum is obtained that has retained its spectral enve-
lope and noise energy but lacks the harmonics. An heu-
ristic baseline shift is applied to position the ‘‘noise floor’’
on a ‘‘reasonable’’ reference level, which is called the noise
spectrum N(f). The HNR is then defined for any frequency
band b as the level difference (in dB) between the original
spectrum O(f) and the noise spectrum N(f):

HNRb¼ level Obðf Þ � level Nbðf Þ;

where 0obofNyquist.

6.5.2.3.2. Qi Approach. In the de Krom’s algorithm, the
estimation of noise was obtained from the inverse trans-
formation of the comb-liftered cepstrum, followed by an
heuristic baseline shift. The baseline shifting is compli-
cated and is needed because all spectral energy above the
noise floor is used to estimate HNR. In the Qi approach
(49), HNR is estimated as the energy of the spectral peaks
that exceed a reference noise level. Thus, rather than the
whole noise spectrum, only a discrete set of noise reference
levels at these peak frequencies needs to be estimated.
The average of this discrete set can be estimated from the
low-frequency part of the cepstrum, thus the need for
spectral baseline shifting is eliminated.

7. FINAL REMARKS

In this chapter, the field of voice analysis has been inves-
tigated in order to provide basic knowledge to the reader.
The description has focused on the state-of-the-art for bio-
medical applications. Of course, many aspects remain to
be exploited and described, such as use of the wavelet
transform, nonlinear modeling and analysis techniques,
classification techniques, electro-glottograpy, imaging,
and more. Even a short description of all these items
would require at least another long chapter. Concerning
these aspects, and also those that were described in this
chapter, the interested reader should refer to the confer-
ences and workshops that are organized every year all
over the world and to specialized text and journals. Among
journals, we recommend the following (alphabetic order):

* Acustica – Acta Acustica
* IEEE Trans. on Biomedical Engineering
* IEEE Trans. on Biomedical Imaging
* IEEE Trans. on Speech and Audio Proc.
* J. Acoust. Soc. Am.
* J. Speech and Hearing Res.
* J. of Voice
* Med. Eng. and Phys.
* Transactions of the IEEE

The field of speech and voice analysis remains inherently
multidisciplinary. Refinement of methodological technique
goes hand in hand with increased insight into physiolog-
ical and functional aspects, while advances in real-time

imaging offer the prospect of multimodal analysis (electro-
glottography in connection to voice analysis and imaging
techniques) through videolaryngoscopy, videokymo-
graphy, functional magnetic resonance imaging, and other
emerging techniques. Links are also being formed to un-
derstand the relationship between speech and neurologi-
cal dysfunction (e.g., epilepsy, autism, schizophrenia,
stress, etc.), and the interaction with hearing impairment
is also becoming a strong focus of interest. We are moving
rapidly toward a time where many common speech disor-
ders and dysfunctions will be remediable by computer-
based or physical prosthetics, and because speech com-
munication is so fundamental to human interaction, the
beneficial effects to users of these devices are likely to be
immeasurable.
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1. INTRODUCTION

A wearable medical device can be defined as a device that
is autonomous, that is noninvasive, and that performs a
specific medical function such as monitoring or support
over a prolonged period of time. The term ‘‘wearable’’
implies that the support environment is either the human
body or a piece of clothing. Handheld and portable devices
are therefore not strictly speaking wearable, but this
distinction is not always clear as it also depends on the
conditions of their use. Personal digital assistants (PDAs),
for example, are handheld devices by design, but they
have also been used as components of wearable personal
medical monitoring systems. In a broader sense, com-
monly used medical equipment such as splints, bandages,
eyeglasses, and contact lenses can be referred to as wear-
able medical devices, because they are wearable and
provide a medical function. In this context, however, we
deal with more sophisticated devices that integrate me-
chanical functions with microelectronics, computing cap-
abilities, and in some cases, a degree of intelligence. The
medical functions that are currently performed by such
devices cover applications of medical monitoring, rehabi-
litation assistance, and long-term medical aid.

Wearable monitoring devices assist in managing the
treatment of chronic diseases such as heart diseases,
asthma, and diabetes and the monitoring of vital signs
such as heart rate, blood oxygen level, respiration, and
body fat. They normally provide noninvasive sensing, local
processing, user feedback, and communication capabil-
ities. However, most of the current devices usually rely
on user intervention to record data that are processed
later offline. The most established wearable monitoring
device is the heart holter monitor that records the cardiac
activity of patients during normal activities, usually for a
time period of 24 hours. Electrodes are placed on the
patient’s chest and are attached to a small recording
monitor that is worn by the patient and is battery oper-
ated. Patients are required to keep a diary of their
activities used by their therapist along with a tape of the
recordings. Any irregular heart activity can then be
correlated with the patient’s activity at that time.

The next generation of wearable monitoring devices
goes beyond recording and aims to provide intelligent
patient monitoring with real-time feedback, in the form
of alerts and clinical decision support (1). Such devices
collect, process, display, and often transmit information
related to the user’s health condition, which involves the
use of noninvasive electronic, mechanical, or biochemical
sensors for monitoring physiological and kinesiological
parameters, depending on the application. A processing
unit deals with the incoming information and provides the

necessary feedback. Devices with wireless connection
capabilities can instantly send alerts to the health care
provider, which provide ambulatory health monitoring
within the health-care environment. Sleep apnea moni-
tors are examples of medical monitoring and warning
devices available at home or at the hospital (2). They
monitor patients in periods of high risk, such as infants
susceptible to sudden infant death syndrome. The infant
wears a respiratory effort belt while sleeping, and an alert
is provided to the parents or doctors when the breathing
patterns cause reasons for concern.

The miniaturization of wearable devices enables the
provision of clinical monitoring beyond the hospital area,
in the home or during outdoor daily activities. The evol-
ving applications of multisignal monitoring, real-time
monitoring, and the incorporation of varying degrees of
intelligence improve their capabilities. Feedback and as-
sessment is provided to the wearers in real time. Devices
incorporating wireless data transmission capabilities can
also immediately communicate with remote sources or
destinations of information providing a telemedicine ser-
vice. Products with such capabilities are already available,
and they target the health market, researchers, health-
conscious individuals, and athletes. Patients can con-
stantly monitor several vital signs such as electrocardio-
graphy (ECG), respiration, skin temperature, pulse, blood
pressure or blood oxygen saturation, body kinematics, as
well as sensorial, emotional, and cognitive reactivity. The
analysis of the received information provides feedback in
the form of alerts or medical decision support directly to
the patient and the medical supervisors. Devices intended
for athletes measure parameters such as heart rate, pace,
speed, and calorie burn, with the information constantly
accessible during exercise. They also enable the long-term
monitoring of progress and planning of workouts. It is
important that these advancements provide an improved
service to the users while minimizing the risk of becoming
overwhelming.

Wearable medical aid devices are designed to provide
long-term assistance to patients with temporary or per-
manent disabilities. Conventional medical aid devices
include contact lenses and hearing aids, both of which
provide specific medical functions. More advanced sys-
tems include information processing capabilities such as
speech recognition, contextual awareness enhancement,
alerts, or feedback. Examples of such devices include a
range of global positioning system (GPS)-based navigation
devices designed for the visually impaired to assist in
wayfinding, obstacle avoidance, and navigation (3).

Wearable rehabilitation assistance devices can combine
functions of monitoring and medical aid devices for pa-
tients in rehabilitation. A monitoring device may assist in
rehabilitation through the prevention or diagnosis of
potentially dangerous situations for patients in periods
of high risk, such as after surgery or a heart attack.

The design of wearable medical devices poses a range of
considerations and technical challenges, because they are
used under varying and often demanding conditions.
Several devices are used in specific environments, such
as the hospital, home, or sports field. Others can be used
during specific periods of time, as while sleeping, in

1
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periods of high risk, or during exercise. Technical issues
that need to be addressed include (4)

* Biomedical sensors: For measuring physiological and
kinesiological parameters. They need to be noninva-
sive, reliable, compact, wearable, and capable of
integration with the device.

* Data Handling: It involves decisions on the type and
amount of data to be recorded, stored, and trans-
mitted.

* Decision support: It refers to custom-developed algo-
rithms combining and analyzing medical data to
provide decision support. These are usually based
on fuzzy logic or neural network models.

* Feedback: Deals with decisions involving the nature,
frequency, and quality of the feedback provided to the
patients.

* Telecommunications: This involves the link between
the sensors and the device and the link between the
device and the health provider. It also deals with
standardization and interoperability issues such as
the ability of the devices to communicate between
them and with existing hospital information systems.

* Physical Design: It refers to issues dealing with the
physical shape, size, and weight of a wearable and its
ergonomics. For some devices, this process also in-
volves the distribution of wearable components
around the body, as well as their attachment to the
human body.

* Autonomy: Deals with the power requirements of the
device, which have to be met for specified periods of
use.

In addition, several other issues must be considered.
These include

* User acceptability: The acceptability of the device
depends on the conditions of its use, its user friendli-
ness both during setup and operation, its comfort and
wearability, the quality of the feedback, and its
functional value as perceived by the user.

* Legal and ethical issues: This addresses patient
confidentiality and the protection of sensitive perso-
nal medical data.

* Safety and reliability: Potential physical and opera-
tional risks are examined through the operation of
the device in its intended use conditions and use
environment.

* Validation plan: A set of validation trials dealing
with possible clinical scenarios must be carried out
against diagnostic or screening tests.

* Risk analysis: It deals with security problems for
each specific application and helps in determining
contingency plans to ensure a level of security corre-
sponding to the level of risks.

* Telemedicine Service: It deals with data compatibility
issues with the central patient medical record, the
ability to use this information for research purposes,

data transfer security, and the health service inter-
vention time in emergency situations.

The impact of wearable medical devices on personal
health care is currently limited. As far as individuals are
concerned, this is expected to change, as people become
more health conscious and increasingly behave as health
consumers. Health-care providers must offset the direct
and indirect cost of the devices by increasing the number
of patients moving from hospitals to their homes during
rehabilitation, by avoiding unnecessary hospitalizations,
by enabling prompt hospitalization reducing the likeli-
hood of long-term treatment, and by freeing up dedicated
beds with heavy equipment. The indirect costs include the
availability of a physician for receiving and assessing
telemedicine information and for providing a point of
contact in case of an emergency, the cost of training the
patients to setup and use the device, and maintenance
costs. An exception to the financial line of thinking is made
when the device significantly improves the patient’s qual-
ity of life, particularly when considering patients with
chronic diseases or disabilities.

The market for medical devices that are either wear-
able or used at home has seen a dramatic increase in
recent years. Its size in 1992 was $1.6 billion (2). In 2001,
the market for medical devices with microsystems and
nanotechnology alone reached $5.2 billion (5) and is ex-
pected to grow. However, the growth in miniaturized
medical technology has not been accompanied by a corre-
sponding decrease in hospital utilization. This lag can be
partially explained by issues normally associated with the
development of new medical products, such as the require-
ments for clinical testing, the strict legislation rules for
manufacturing and testing clinical products, and the
potential threat of litigation. These reasons may have
contributed to wearable medical devices acting mainly as
complementary rather than as alternatives to hospital
equipment. However, their ever increasing capabilities
combined with their practical benefits in providing un-
confined medical monitoring, medical assistance, improve-
ment in the living conditions of chronically ill patients,
and point-of-care service in remote locations should make
them cost effective in the not-so-distant future.

2. HISTORICAL OVERVIEW

The ongoing development and increase in wearable med-
ical devices follows the greater health trend to move from
hospital care to home care, and subsequently to personal
health care. As a consequence, developers are shifting
their focus from fully fixed medical systems to portable
ones and more recently to wearable ones. Wearable de-
vices provide a miniaturized and versatile means for
medical monitoring and support, but their core medical
functions are based on existing technologies. Their devel-
opment has been made possible by parallel advancements
in microsensor technology, wearable computing technol-
ogy, and wireless communications and their integration
with textile technologies that enable wearability.
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The first wearable medical application was the holter
monitor, which was used for the acquisition of data that
were stored in a wearable device and evaluated at a later
stage. In the 1990s, telemedicine was a new concept and
was used by health-care providers mainly for obtaining a
second opinion and for patient consultation regardless of
time and location. The requirement for real-time accessi-
bility to the monitored individual has led to the develop-
ment of wearable devices that combine clinical data
recording and handling functions with telemedicine in
the form of real-time wireless telemetry. The first devices
of this nature were initially developed for high-profile
applications such as the U.S. space program, where
NASA continuously monitored the physiological responses
of astronauts in space. This was followed by the U.S. army,
which developed wearable battlefield computers through
the Land Warrior program (6). These computers have a
range of operational capabilities, part of which is monitor-
ing the soldier’s health and his ability to fight. Apart from
knowing whether the soldier is alive, the analysis of vital
signs such as heart rate and breath rate can serve as
indicators of the current level of fatigue, stress, and
anxiety. The next stage of improvement is to provide the
monitoring personnel with decision support. A medical
status monitor reading blood pressure, pulse, respiration,
and blood oxygen level can use an expert system to
determine the soldier’s condition. When appropriate, an
alarm is transmitted along with the soldier’s GPS location
and possibly injury severity. The incorporation of teleme-
dicine facilities within the wearable computer can assist
the soldier to cope with his or her condition (7). Wearable
medical devices with such capabilities are currently be-
coming commercially available. They are predominantly
used for monitoring the vital signs of patients in high-risk
periods, for the remote monitoring of patients when direct
medical support is not available, for monitoring athletes,
and for research purposes.

3. TECHNOLOGIES

The development of wearable medical devices requires
components that are small, light, durable, and comforta-
ble, and that provide the necessary functions reliably and
safely at low cost. These requirements have been made
possible by recent advancements in wearable technology,
particularly through the miniaturization of sensor tech-
nologies, computer and wireless communications technol-
ogies, and through the novel concept of computational
clothing.

3.1. Sensors

There are specific requirements in selecting and using
sensors for wearable devices. Wearability implies that
they must be noninvasive, having the added advantage
of offering painless measurement, comfort, and prevention
from infections and contamination. The sensor must pro-
vide an electrical output so that its measurements can be
digitally processed. Both requirements limit the range of
sensors that can be used. Once these conditions have been
met, sensor selection is based on the functional require-

ments of the device and there is usually a tradeoff among
size, cost, power consumption, durability, and its reliabil-
ity in the intended operating environment. The selection
may also be influenced by the operating conditions. Piezo-
electric sensors, for instance, are of limited use when the
subject is moving.

The sensors are attached to the human body and
monitor physiological or kinesiological conditions such as
the heart and muscle activities, respiration, skin tempera-
ture, blood pressure, posture, movement, and accelera-
tion. A wearable device may also include a wide range of
peripheral sensors monitoring or receiving information
from the outer environment. These sensors include cam-
eras, microphones, contact sensors, environmental sen-
sors, GPS, and geographic information system (GIS)
inputs (8). Noninvasive medical sensors commonly used
in wearable devices include

* Skin surface electrodes—used for detecting surface
potentials in bioelectric signal monitoring such as for
ECG, electroencephalography (EEG), and electro-
myography (EMG).

* Temperature thermistors—for detecting skin surface
temperature.

* Piezoelectric sensors—often used for monitoring
heart rate and respiratory effort.

* Photoplethysmography (PPG) (9)—for the detection
of blood volume changes of a selected skin area.
Infrared light is emitted into the skin and is absorbed
according to the blood volume in the skin. The back-
scattered light corresponds to the variation of the
blood volume. Blood volume changes can be deter-
mined by measuring the reflected light and using the
optical properties of tissue and blood. PPG techni-
ques have provided indirect measures of blood pres-
sure.

* Pulse oxymetry—a technique for detecting blood oxy-
gen saturation and heart rate from a PPG signal. An
infrared emitter/receiver is worn on parts of the body
where the blood vessels are close to the skin (finger,
ear lobe), monitoring the percentage of hemoglobin
saturated with oxygen. Light is transmitted through
the skin, and some amount is absorbed by the blood.
The detector reads out continuously the varying
concentrations of oxygen in the blood. The heart
rate can be indirectly deduced from the variation in
concentration over time.

* Galvanic skin response—detecting skin conductance
in relation to skin hydration.

In addition, many types of sensors take advantage of
microelectronics technology. These include some applica-
tions of micro electromechanical systems (MEMS) and
microelectronic biosensors.

MEMS have been used in the medical industry since
1980 for a variety of applications, and they are small,
reliable, and inexpensive. The most commonly used
MEMS in medical sensing applications are based on the
Wheatstone bridge piezoresistive silicon pressure sensor,
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which is used in various forms to measure blood pressure,
respiration, and acceleration (10).

Microelectronic biosensors monitor biological processes
and are either calorimetric or electrochemical (11). Calori-
metric biosensors are based on the detection of the heat of
biological reactions, by using conventional thermistors,
thermopile sensors (an array of thermocouples), silicon, or
thermopiles integrated on thin micromachined silicon
membranes. They are used for monitoring enzymatic
reactions. Electrochemical biosensors are subdivided into
(1) conductometric biosensors measuring the impedance
between planar electrodes that have found limited appli-
cations; (2) potentiometric transducers determining the
electrical potential between two electrodes at zero current
flow (e.g., the pH electrode and related ion-selective
electrodes); and (3) amperometric biosensors measuring
the current derived from a redox reaction at an electrode.
They detect and monitor enzymes such as glucose, lactate,
and urea.

The development of sensors for wearable medical ap-
plications is a research field of high interest. Ongoing
research efforts aim to produce multi-biosensor elements,
integrating amperometric and potentiometric sensors on
one substrate forming an integrated laboratory on a chip
(11). Research into wearable ethanol-vapor skin surface
sensors (12), or for the development of wireless biomedical
sensors, improves the potential capabilities of wearable
medical devices and increases their design flexibility.

3.2. Clothing

The term computational clothing refers to pieces of cloth-
ing that have the ability to process, store, retrieve, and
send information (13), which is achieved either by attach-
ing or embedding electronic systems into conventional
clothing and clothing accessories, or through the merging
of textile and electronic technologies.

Clothing with embedded sensors and computing com-
ponents is particularly relevant for wearable medical
devices as clothing provides an ideal supporting structure
for simple sensors, particularly for the upper part of the
body. Multisensor clothing has been used in applications
of context awareness and medical monitoring, which allow
for multisensor data fusion of distributed or centralized
sensors (14). Prototype applications include the develop-
ment of networked clothing such as Internet-connected
shoes, which allow one to run with a jogging partner
located elsewhere. The prototype detects the runner’s
pace by monitoring the impact of the shoe on the ground,
informs the partner through the Internet connection, and
thereby enables both runners to run at the same pace.
Another prototype example is the ProComp system, which
incorporates ECG, EEG, respiration, and sweat sensors
built in a bathing suit for monitoring individuals during
sleep. The measurements assess discomfort for adjusting
room heating (15). Computing hardware and sensing
components have also been integrated into fashion acces-
sories, such as belts, jewelry, gloves, eyeglasses, and wrist
watches. Eyeglass-based head-mounted displays and eye-
glass-based complete multimedia computer systems that

include cameras, microphones, and earphones are already
commercially available.

A different approach is to integrate circuits into cloth-
ing during the manufacturing process and produce elec-
tronic textiles (e-textiles). The objective is to create fabrics
that can be crushed and washed and to retain their
properties unaffected. Post et al. (16) described the fabri-
cation of computing textiles as e-broidery. They created
textiles incorporating conductive fibers of metallic silk
organza, a finely woven silk fabric with a thin gold, silver,
or copper foil wrapped around each thread. A strip of this
fabric can function as a ribbon cable. They created a row
and column fabric keyboard that can be rolled up, crushed,
or washed and operated with direct electrical connections.
They also developed a musical jacket with an embroidered
keypad. This jacket allowed the wearer to play notes,
chords, and rhythms using the keypad and through any
instrument with MIDI facilities. The keypad used capaci-
tance change as a sign of pressing a key. Park and
Jayaraman (17) presented a wearable motherboard
(Smart Shirt) consisting of sensing devices containing a
processor and a transmitter. It was formed by a mesh of
electronically and optically conductive fibers integrated
into the normal structure of the fibers and yarns that
created the garment (Fig. 1). The research into e-textiles is
ongoing and seeks materials with electric properties.
Lorussi et al. (18) developed a wearable sensing garment
for detecting posture by identifying the position of joints,
and for enabling the remote description of posture through
telemedicine for monitoring and rehabilitation applica-

Figure 1. The Georgia Tech Wearable Motherboard (courtesy of
the Georgia Institute of Technology, Atlanta).
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tions. The authors fabricated a sensing glove detecting the
posture of the hand with lycra-based textiles, treated with
polypyrrole and carbon-filled rubber materials for creat-
ing strain-sensing fabrics. Piezoelectric materials may
also offer many benefits to wearable applications as they
have low power consumption and can potentially generate
power, detect motion, create sound, and respond to sound
(they have already served as microphones in basic sound
detection devices). Edmison et al. (19) developed a proto-
type glove based on piezoelectric materials to detect typ-
ing motions that allowed the glove to replace a keyboard.

Fabrics developed primarily for the sport industry are
now finding use in everyday clothing and have the poten-
tial to assist in wearable computing applications (13).
These include electroconductive fabrics for protecting
digital circuits and the safety of the wearer and intelligent
fabrics responding to their environment. Phase-change
materials such as polyethylene glycol and zirconium
carbide can trap and release heat responding to inverse
temperature changes of their environment. Sweat-absor-
bent fabrics are made of polyester and are formed with a
hollow center and with many micropores on the surface.
Sweat is absorbed through the pores and diffused in the
hollow center leaving the fiber surface dry.

3.3. Computing Hardware

Computer technology provides the means for handling
and communicating digital information and is the back-
bone of any wearable device. The ongoing miniaturization
of computing hardware and of the supporting accessories
has led to the development of components that enable
wearability (13,20). Common components in wearable
prototypes include

* Processing Unit: Custom-developed wearable re-
search prototypes are often based on the PC 104
motherboard, which allows design flexibility and
the inclusion of components that may not be jointly
available in commercial products. Industrial and
research products are commonly based on PDA plat-
forms, which provide all required processing and
interaction facilities in a single box. More advanced
prototypes make use of user-programmable inte-
grated circuits, such as field programmable gate
arrays, electronically programmable logic devices,
and complex programmable logic devices. The func-
tions of these circuits are identified by a user pro-
gram and are not set by the manufacturer. The
integration of hardware and software components
maximizes the overall processing speed of the system
while minimizing the CPU’s requirements. Wearable
medical devices particularly benefit from digital sig-
nal processing microchips.

* Data storage: The current trend is to use Compact
Flash memory cards, which are light and small,
making them ideal for use in PDAs and wearable
applications. They are also robust and reliable and do
not require a battery to retain data indefinitely. The
available capacities currently range from 8MB to
3GB.

* Input/output devices: Developers have used technol-
ogies that facilitate human–computer interaction
while trying to avoid hindering other activities. For
input devices, these technologies include micro-
phones in conjunction with voice recognition soft-
ware, body-mounted keyboards, miniaturized
pointing devices, touch screens, or handheld key-
boards (21). Common output devices include minia-
ture liquid crystal displays, clip-on monitors or
embedded monitors in glass frames, and speakers.

* Wireless medical telemetry/communications: Wire-
less communications are required for transferring
information between sensors and the device, between
the device and the telemedicine server, and for
providing Internet access. The available medical
telemetry frequency bands are (22) (a) The VHF
band at 174–216MHz; (b) The UHF band at 450–
470MHz; (c) The industrial, scientific and medical
(ISM) bands at 902–923MHz and 2.4–2.483 GHz, and
(d) the wireless medical telemetry service bands at
608–614MHz, 1395–1400MHz, and 427–1432MHz.
Many telemetry systems are also based on wireless
infrared data association (IrDA) serial data links.
The data transfer volume, speed, and range require-
ments often dictate the wireless protocol, and are
particularly important in real-time applications.
Communications between the device and the sensors,
or generally between the wearable components of a
device, is achieved through wireless personal area
networks, also referred to as body area networks (23).
They are increasingly based on the Bluetooth proto-
col (incorporated in IEEE Std 802.15.1¼ 2002, and
IEEE Std 802.15.2¼ 2003) operating in the 2.4-GHz
ISM band. Communication between the wearable
device and the telemedicine server is achieved
through a wireless local area network, based on the
IEEE 802.11 standard (ANSI/IEEE Std 802.11¼1999
and subsequent supplements and amendments),
which is essentially a wireless extension of the ether-
net and often referred to as wireless fidelity. It also
operates in the 2.4-GHz ISM band. Cellular mobile
phone technology, such as global system for mobile
communications (cellular phone communication)
(GSM) and the third-generation universal mobile
telecommunications system (UMTS) protocols, pro-
vide the means for mobile communication and Inter-
net access. These are also described as wireless
mobile area networks.

4. APPLICATIONS

This section presents a range of wearable medical devices
and applications that are either subjects of research or are
already commercially available. They provide solutions for
both personal (patient) and user (physician or healthcare
provider) applications (1). They are subdivided into wear-
able monitoring devices primarily for monitoring and
feedback, rehabilitation devices for assisting in the reha-
bilitation process, and wearable medical aids for assisting
in the long term.
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The main components of a wearable medical device are
shown in Fig. 2. The sensors refer to all components for
monitoring a person or the surrounding environment and
involve the information that is automatically collected by
the device. The input devices are the hardware compo-
nents used by the user to enter information into the
system. The wearable computer is the heart of the system
providing all data processing, data storage, and the means
for wireless communication. The remote server is any
distant communication link between the wearable and
the outer world. It involves connections with local area
networks, connections to the Internet, and with telemedi-
cine facilities. The output devices are either the compo-
nents that provide a display/feedback or the means of
taking an action as a result of data processing (e.g.,
functional stimulation, drug delivery).

4.1. Wearable Monitoring Devices

The primary function of medical monitoring devices is to
provide dedicated monitoring of specific medical condi-
tions. Apart from the previously described Holter and
sleep apnea monitors, dedicated wearable monitoring
devices have been in clinical practice for the monitoring
of myocardial ischemia, the long-term monitoring of heart
rate variability, the detection of epileptic seizures, the
detection of drowsiness, and the provision of physical
therapy feedback during rehabilitation. A recent commer-
cial application is the noninvasive blood glucose monitor-
ing for patients with diabetes (24). It is achieved through a
wrist-worn device extracting glucose through intact skin
via reverse iontophoresis, and with glucose being detected
by an amperometric biosensor. The device provides read-
ings every 20min for 12 hours along with alerts indicating
when abnormal measurements are encountered.

Multisignal monitoring devices are multipurpose de-
vices that are predominant in medical research as long-
term health pattern recorders. Many promising ideas
remain on the drawing board and have not yet reached
the development stage. However, some devices have been
successfully commercialized, the main application fields
being the monitoring of athletes during exercise, and the
monitoring of patients within the health-care environ-
ment. Examples of commercially available products in-
clude the Bodymedia SenseWear Pro Armband

(Pittsburgh, Pennsylvania, USA) (25), a wireless wearable
body monitor collecting physiological and lifestyle data
such as movement, heat flow, skin temperature, ambient
temperature, and galvanic skin response (Fig. 3). Vivo-
metrics LifeShirt (Ventura, California, USA) shown in Fig.
4 is a noninvasive ambulatory monitoring system in a
single garment unit with embedded sensors, which moni-
tors 40 physiological signs, including heart rate, breath-
ing, and lung capacity (26). The AME wearable
polysomnograph is a wearable 16-data channel recorder
with ECG, EMG, electrooculography, EEG, chest effort,
pulse oxymetry, body position, airflow, and snore sensors.
It provides local recording and an optional wireless digital
radio connection for data transmission, and it is designed
for a clinical environment (27).

More complex approaches and applications are con-
tinuously investigated and have shown a great potential.

Figure 3. The LifeShirt (courtesy of Vivometrics, Inc.).
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devices.
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One application is a wearable monitoring device for
monitoring psychological states such as driver stress
(28), which is performed by measuring skin conductance,
respiration, muscle activity and heart activity, and sup-
plemented by an attached digital camera capturing the
driver’s facial expressions. Each feature is ranked indivi-
dually, and an intelligent algorithm identifies the optimal
set of features for recognizing the patterns of driver stress.
Much effort has also been put on the development of
monitoring aids for athletes. FitSense (Southborough,
Massachusetts, USA) and Nike (Beaverton, Oregon,
USA) are among the manufacturers having developed
wearable monitoring and motivational aids for improving
the performance of athletes. Promising research efforts
have focused on monitoring athletes during rehabilitation,
for assessing the recovery of physical fitness and for
providing medical decision support aiming to prevent
injury relapses (29). This particular system (Fig. 5) is
composed of a wearable platform monitoring athlete mo-
tion, respiratory effort, heart condition, temperature,
blood pressure, and injury pain in real time. Measure-

ments are wirelessly transmitted to a central monitoring
unit and can be accessed by trainers and medical profes-
sionals. Real-time feedback is provided to the athlete and
the monitoring personnel through a virtual reality inter-
face. A portal stores long-term information for research
purposes.

4.2. Wearable Rehabilitation Devices

Wearable rehabilitation devices actively assist in the
rehabilitation process. The most recognizable devices are
those associated with mechanical orthosis and can range
from a simple splint to a wearable tremor assessment and
suppression orthosis, which applies mechanical damping
to suppress tremor (30).

A technology with significant prospects in wearable
rehabilitation devices involves external electrical nerve
stimulation for controlling pain and for providing func-
tional stimulation. Small electrical impulses applied by
transcutaneous electrical nerve stimulation block pain
(31), whereas functional electrical stimulation (FES) ex-
ploits the same principles for controlling weak or paral-
yzed muscles, assisting in the restoration of gait and
movement in persons with paraplegia, cerebral palsy, or
when recovering from heart strokes (32). The principle of
FES is already commercially available in some wearable
forms of sporting equipment for exercising several muscle
groups.

The wearable accelerometric motion analysis system
prototype (33) is designed to monitor people with balance
disorders, acting as a diagnostic tool to quantify hitherto
qualitative measures of balance, as a biofeedback device
during therapy and as a fall-prevention aid for institutio-
nalized and community-living fall-prone elderly. It con-
sists of two small triaxial digital accelerometers attached
on eyeglass frames for measuring head motion, and two
more accelerometers attached on a belt at the waist. A
handheld control is used to control the wearable unit. The
system interacts wirelessly with the accelerometers and
provides real-time visual, speech, and/or nonverbal audi-
tory feedback to the user, which communicates the patient

Figure 4. The SensWear Pro Armband (courtesy of Bodymedia,
Inc.).
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form.
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status to a remote clinician and recognizes if the system is
unused or used incorrectly.

A wearable sensing garment for detecting posture was
developed in a research effort to identify the position of
joints, and to enable the remote description of posture
through telemedicine for monitoring and rehabilitation
applications (18). The authors fabricated a sensing glove
detecting the posture of the hand with lycra-based textiles
treated with different materials and incorporating strain-
sensing fabrics.

Another example of a wearable rehabilitation device is
the wearable ultrasound platform for the remote monitor-
ing and acceleration of the healing process of long bones
(34). This prototype system incorporates a pair of minia-
ture ultrasound transducers implanted into the affected
region, an ultrasound wearable device, and a centralized
unit located in a clinical environment. The system is
designed for patients with open fractures treated with
external fixation devices. The wearable device is mounted
onto the frame of the external fixator and is responsible for
the initiation of low-intensity pulsed ultrasound therapy
sessions, for carrying out ultrasound measurements and
for wirelessly communicating the data with the centra-
lized unit.

4.3. Wearable Medical Aids

We describe as wearable medical aids the wearable de-
vices that improve the user’s quality of life, but that do not
necessarily help in rehabilitation. They have also been
described as assistive technology devices allowing their
users to experience higher levels of independence and
social and vocational participation (35). These devices
include the long-term functional aids for the cognitive
and physically disabled and the chronically ill. Basic
applications include devices such as hearing aids and
glasses, whereas more advanced applications can provide
communication assistance, memory assistance, and con-
text awareness.

Augmented reality involves a head-mounted display
that serves as a means for projecting computer-derived
information in the physical environment for augmenting
real objects (7). Prototype applications of augmented
reality have not particularly focused on medical applica-
tions, but the potential is there to develop applications for
assisting doctors and surgeons while performing their
clinical duties, or to function as memory aids for the
elderly suffering from memory loss and Alzheimer’s dis-
ease.

The PARREHA project (36) has developed a prototype
wearable computing platform for assisting patients suffer-
ing from Parkinson’s disease. Clinical research indicates
that certain types of visual information, when combined
with human sensory data, can greatly enhance patients’
coordination while walking. The patients wear a head-
mounted display on one eye superimposing computer-
generated geometric shapes giving them visual cues
with sensory data to help navigation. They found that
the system greatly enhanced patients’ awareness, motor
skills, and coordination specifically related to walking.

There have also been considerable efforts to develop
GPS-based navigation and guidance aids for the visually
impaired (3). Prototype systems make use of a GPS
receiver for locating the traveler with respect to his
surrounding environment, and who is represented in a
spatial database forming part of the GIS within the
computer. Systems also integrate differential correction
for GPS localization, a compass for determining the
traveler’s orientation, and a mobile phone for communi-
cating with a central server to retrieve information. A
synthetic speech display then provides information about
locations of nearby streets, points of interest, and instruc-
tions for traveling to desired destinations.

The applications of assistive technology devices can be
increased significantly with the inclusion of implantable
components in the system. For example, phrenic nerve
stimulation is currently the only available alternative to
mechanical ventilation for patients suffering from respira-
tory muscle paralysis. Emerging alternative techniques
such as intramuscular diaphragm pacing, combined inter-
costals muscle, and unilateral phrenic nerve stimulation
are also based on the principle of electrical stimulation
(37). Therefore, the combination of a wearable control unit
and a set of implanted electrodes can potentially provide a
portable respirator.

5. DESIGN CHALLENGES

Wearable medical devices have two important character-
istics differentiating them from other medical devices. The
first is that they are wearable, which implies that they are
likely to be used in varied environmental conditions and
should be comfortable, nonobtrusive, autonomous, and
compact, while raising several technical considerations.
The second is that the patient plays a predominant role in
their proper use, which has important design implications
on their ease of setup and use, and on the nature and
means of providing the patient with medical support
during their use. Finally, as with any commercial product,
a range of financial issues will influence their acceptance
and use.

5.1. Ergonomics and Wearability

The ergonomics and wearability of wearable devices play a
decisive role in meeting the functional needs and for their
acceptance by their prospective users. Wearability is
defined as the interaction between the human body and
the wearable object, and dynamic wearability extends this
definition to include the human body in motion (38).
Ergonomics and wearability deal with a wide range of
design issues including the physical shape of wearables,
their active relationship with the human anatomy in
motion, their acceptability as a function of comfort, fash-
ion, and purpose, the relationship between the wearable
device and the work environment, the physical factors
that affect their use, and the human–device interaction
(39). A list of general design guidelines for wearability
developed at Carnegie Mellon University is presented
below, which outline the considerations and principles
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that need to be taken into account during the design of
wearable products (38):

* Placement: It involves the selection of the location for
placing the wearable on the body, so that it is un-
obtrusive.

* Form Language: The shape of the wearable must
ensure a comfortable and stable fit, while protecting
it from accidental bumps and nags.

* Human Movement: The wearable should allow free-
dom for the movement of joints, the shifting of flesh,
and the flexion and extension of muscles by designing
around the more active areas of the joints or by
creating moving spaces on the wearable form.

* Proxemics: Proxemics refer to the aura around the
body that the brain will perceive as part of the body.
Intimate space can be between 0 and 5 in (0–13 cm) off
the body. The rule of thumb is to minimize thickness
as much as possible.

* Sizing: The wearable must be designed to fit as many
types of users as possible, taking into account both
the shape of a body and the ways in which weight and
muscle is gained and lost.

* Attachment: It deals with the form of the wearable for
its attachment to the body, while allowing for size
variations. Attachment is particularly important for
sensors as dislocations and movements may cause
significant interference on the received inputs.

* Containment: The containment of the required com-
ponents will often dictate the overall shape and
nature of the device, which particularly affects multi-
signal medical monitoring devices having sensors
spread out in various locations of the body.

* Weight: The overall weight of a wearable should be
kept as low as possible. Weight distribution is also
important as heavier loads can be carried closer to
the center of gravity of the body around the stomach,
waist, and hip than the extremities. Loads should
also be balanced to avoid altering the body’s natural
movement and balance.

* Accessibility: Refers to the location of the wearable on
the body to make it usable, which depends on the
need for visual, tactile, auditory, or kinesthetic access
on the human body.

* Sensory Interaction: This involves the way the user
interacts with the wearable, passively or actively, and
should be kept simple and intuitive.

* Thermal aspects: There are functional, biological and
perceptual thermal aspects of designing objects for
the body, as it needs to breathe and is very sensitive
to products that create, focus, or trap heat.

* Aesthetics: The culture and context of use will dictate
the shapes, materials, textures, and colors of the
wearable.

* Long-term effects: The long-term effects of the use of
wearable devices on the human body are currently
unknown, and if any, they could be dependent on
their nature and their use conditions.

These guidelines cover a significant range of issues con-
cerning the design of wearables, and they address issues
that enhance user acceptability. It is accepted that trade-
offs exist between them, and that some can be overlooked
in applications of static wearability. Medical devices will
often have additional design restrictions, as many compo-
nents will need to be located at a specific part of the body
to provide their medical function. From an ergonomics
point of view, Knight et al. (40) clustered a list of 92 terms
describing how wearing a device may affect the wearer
and how the wearer feels (physically and mentally) about
the device, and they proposed a list of six comfort descrip-
tors and corresponding rating scales for assessing the
comfort of wearable computers. These descriptors are (1)
Emotion—dealing with concerns about appearance and
relaxation: I worry how I look when I wear this device or I
feel tense or on an edge because I’m wearing the device; (2)
Attachment—covering the physical feel of the device on
the body: I can feel the device on my body or I can feel it
moving; (3) Harm—describing the physical effect or da-
mage to the body: The device is causing harm or is painful
to wear; (4) Perceived change—Wearing the device makes
me feel strange, physically different, upset; (5) Move-
ment—The device physically affects movement or inhibits
or restricts movement; and (6) Anxiety—Worry about the
device, safety, and reliability.

5.2. Technical Considerations

5.2.1. Safety. No device should cause harm to patients,
irrespective of its clinical duties. The noninvasive nature
of wearable devices reduces the likelihood of causing
direct harm, but there are also known circumstances
where they may cause nuisances and inconvenience to
their users, such as skin rashes caused by the prolonged
use of some sensors. Apart from the general risk factors
associated with any medical device, wearables can be
easily misused, as they are intended for use by nonexper-
ienced users with no medical training, with diverse educa-
tional backgrounds, and a varying degree of
familiarization with technological equipment.

5.2.2. Reliability. Reliability is an essential parameter
for the acceptance of any medical device. Continuous false
alarms or breakdowns will diminish their functional
utility and result in frustration and reduced usage. Apart
from any functional implications, the underachievement
of a monitoring, alerting, or supporting device may also
have medical implications. Reliability is therefore parti-
cularly important for medical devices designed for mon-
itoring and dealing with potentially life-threatening
situations and for devices designed for long-term use
without expert intervention, such as hearing aids.

The reliability of wearable devices is particularly af-
fected by factors related to the conditions of their use.
Wearable devices are often designed to operate in non-
controlled environments with varying humidity and am-
bient temperature. Furthermore, physical factors such as
sweating, vibration, or movement may affect the operation
of the hardware components, such as causing dislocation
or loss of contact of surface sensors. Backup systems to

WEARABLE MEDICAL DEVICES 9



enhance reliability are avoided when not essential, as they
would normally increase the size and complexity of the
system. The reliability of a wearable medical device can be
improved by simplifying its design and, hence, reduce the
number of hardware or software components that can fail.
This approach also fits in with the crucial ergonomics
requirement of keeping the total size and weight of the
system as low as possible. For devices monitoring vital
signs or other medical parameters, reliability can be
improved through redundant sensors providing backup
inputs.

5.2.3. Information Handling. Wearable medical devices
may collect, process, display, and possibly transmit infor-
mation, all of which have their particular requirements.
The data-handling considerations listed as follows are
relevant to most types of wearable devices and are parti-
cularly relevant to wearable monitoring devices.

5.2.3.1. Data Acquisition. Data may be acquired by a
wearable system though various means. It may be the
result of the direct input by the user, the connection to a
sensor, or through a wireless connection. User input is
usually achieved through a range of input keys, a touch
screen, or even speech recognition software and is sup-
ported by a user interface. Sensors require their rooting
and connection, often through multichannel input hard-
ware, that will also convert analog inputs to a digital form.
Wireless data transfer requires the incorporation of a
transceiver within the wearable’s processing unit. It is
important to note that the reliability of the acquired data
may be influenced significantly by environmental factors.
A high level of noise will affect a speech recognition utility,
whereas ambient temperature and humidity may affect
sensor readings. Wireless transmission will also have its
distance and transfer rate limitations.

Wearable medical sensors provide design challenges,
and their selection is influenced by their intended condi-
tions of use. Piezoelectric sensors, for example, are of
limited use if the subject is expected to be on the move.
Another major requirement is that they are noninvasive.
In practice, this characteristic means that they may be
embedded into textiles and pieces of clothing, or they are
attached to the body through direct skin contact. In any
event, their attachment to the body must be secure, as
their movement or dislocation may provide false readings.
Skin contact sensors, in particular, may be influenced by
physiological responses such as vibration and sweating,
and their prolonged use may cause skin irritations.
Furthermore, the contact resistance between an electrode
and the skin may alter over time as when gels in ECG and
EEG electrodes dry out.

5.2.3.2. Signal Processing. Many wearable medical de-
vices need to incorporate signal processing capabilities in
varying degrees. A holter monitor may only collect patient
data over a specified time period, and processing can be
performed in a later stage. However, autonomous systems
and particularly those providing real-time monitoring will
have high signal processing demands that need to be
performed in situ. These demands will normally involve

A/D conversion, noise filtering, and signal distortion cor-
rection. Particular problems in wearable systems are the
presence of noise from motion and body fat movements,
the possible power line interference from components and
subcomponents of the wearable device, and the uncon-
trolled conditions of the measuring environment (41).

5.2.3.3. Storage. Wearable devices will require several
functional data buffers for signal acquisition, storage,
processing, and transmission. For applications involving
long-term monitoring or acquisition of large volumes of
data, there may be a need for data compression. This
process, however, consumes considerable CPU energy and
needs to be balanced with the energy capacity of the
system for the duration of its intended use.

5.2.3.4. Information Processing. The processing of in-
formation in wearable systems should be kept as simple
as possible to minimize the computing requirements,
which is particularly relevant in cases where a real-time
response or feedback is required. The processing may
initially involve simple conversions or more sophisticated
feature extractions, which on their own provide medical
feedback. The incorporation of alerting and decision sup-
port mechanisms will increase the processing require-
ments, as the extracted features will need to be
compared, correlated, or classified through additional
algorithms. The most demanding algorithms will be those
incorporating intelligent functions for real-time multisen-
sor assessments. These algorithms are prone to the curse
of dimensionality, whereby increases in the number of
sensors will slow the learning process exponentially (42).

5.2.3.5. Privacy and Security. Devices that store and
transmit personal medical information are subject to
regulations dealing with patient confidentiality. These
devices are normally handled by restricting the access to
the system to authorized users and through encryption
techniques. However, the need for encryption needs to be
balanced with the power capacity of the system.

5.2.3.6. Feedback. Feedback can be provided by visual,
tactile, or auditory means. Real-time feedback is particu-
larly relevant in medical monitoring applications. The
feedback should be informative and provide access to the
monitored parameters and any visual or audio alerts. It
must be provided in a way that is comprehensible and
relevant to the person viewing it.

5.2.3.7. Data Transmission. The data transmission de-
sign deals with concerns about data transfer rates, power
consumption, transmission range, and possible interfer-
ence or compatibility problems between different telecom-
munication protocols and between devices.

5.2.4. Power Consumption. Power consumption is an
important consideration, especially in power-demanding
applications, as batteries have a significant contribution
to the total size and weight of the wearables. Power
requirements are controlled by the application, and there
is a tradeoff between system performance and battery life
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for the expected use period of the device (43). Designers
must also decide on whether the power supply should be
centralized or distributed to the subcomponents of the
device. Fortunately, rechargeable battery cells have be-
come smaller and with higher capacities through the
developments in mobile phones, camcoders, and PDA
markets. However, it is still important that wearable
medical devices provide online power monitoring func-
tions, as their failure to operate may have health implica-
tions (44).

Alternative means for covering or at least supplement-
ing the wearable’s power supply requirements are con-
tinuously investigated. Efforts have been made to use
solar cells woven on clothing to supplement lost power.
Research into human-powered wearable computing has
investigated the possibilities of generating sufficient
power with body heat, breath, or motion to power a
wearable computer (45). It was concluded that power
generation through walking seems best suited for gen-
eral-purpose computing, calculating that 5–8W may be
recovered while walking at a brisk pace. For lower power
requirements, piezoelectric inserts in shoes could also be
used.

5.3. Standards and Litigation

Wearable medical devices must comply with the relevant
medical device standards, codes, and regulations, which
ensure their safety and reliability. The ANSI Medical
Device Standards Board and the Association for the
Advancement of Medical Instrumentation (AAMI) have
issued a report (ANSI/AAMI/ISO TIR 16142) providing
guidance on the selection of standards in support of
recognized essential principles of safety and performance
of medical devices. Wearable devices with communication
capabilities must also comply with the CEN/IEEE/ISO
Health informatics—point-of-care medical device commu-
nication standards. These standards are expressed
through ISO 11073 and IEEE Std 1073 for medical device
communications. The European Union standards counter-
part is the CEN Technical Committee 251/ Working Group
IV. The devices must be reviewed by the U.S. Food and
Drug Administration’s Center for Devices and Radiologi-
cal Health in the United States or obtain the CE marking
in the European Union before they can reach the market.

Compliance to standards and regulatory approval is a
legal prerequisite for any medical device. Manufacturers
of wearable devices will also be keen to disclaim respon-
sibility for the outcome of medical conditions, as they will
want to minimize the chance of being sued if the device
does not correctly predict a medical event.

6. DISCUSSION

The commercial development of wearable medical devices
is still at its early stages. Their design often involves
tradeoffs between meeting the intended functional re-
quirements and the requirement for wearability. A major
challenge, therefore, involves the development of sensors
and other hardware components that help improve their
functionality, wearability, reliability, and security. The

other main challenge involves the management and use
of the provided information, which includes the informa-
tion stored in the patient’s medical record, information
collected by the device (ideally in real time), information
that could help predict future events, and provision of
medical decision support through intelligent functions.

Current trends indicate that wearables of the future
are likely to store complete electronic medical records.
They are also likely to be integrated with and form part of
digital accessories such as cellular phones, pagers, and
mobile e-mail devices (mobile personal communication
systems) and incorporate GPS and GIS functions and
applications such as speech recognition, audio, video,
and virtual reality. Furthermore, all items may come
assembled into clothing, in the form of a vest, shirt, or
jacket.

From a clinical point of view, the trend is to go beyond
monitoring, which is currently the predominant clinical
task, and develop devices that will actively assist in the
treatment of a health condition. In many cases, this
process is likely to involve the combination and integra-
tion of wearable and implantable devices for applications
such as the provision of drug delivery, the functional
stimulation of the nervous system, or heart management
(in conjunction with pacemakers). Taking the example of
noninvasive monitoring of insulin and glucose a step
further, the system can send a signal to an implantable
infusion pump to automatically infuse insulin if blood
sugar levels are too high. Microsystems technology and
MEMS applications are already serving as micropumps in
drug delivery systems, DNA diagnostics implants, artifi-
cial retinas, components in pacemakers for nerve stimula-
tion, and disposable sensors for monitoring glucose, urea,
sodium, and calcium (46).

Other issues related wearable medical devices go be-
yond any technological trends. These issues concern their
potential social impact as a result of their operating
characteristics, or through influencing the public percep-
tion toward health. Wearable medical devices are de-
signed to be worn and to operate for prolonged
monitoring periods and, as a consequence, have opera-
tional modes that have not been associated with previous
computing experiences. Mann (15) has identified three
operational modes that represent the interaction between
the human and the computer in relation to computational
clothing, which are equally valid for wearable medical
monitoring. These modes are as follows:

1. Constancy: The device runs continuously and is
always ready to interact with the user.

2. Augmentation: Computing is not the primary task.
The assumption behind wearable devices is that the
user will be doing something else while doing the
computing. The device serves to augment the user’s
sense of control in a medical situation and to provide
health information.

3. Mediation: Computational clothing will encapsulate
us and act as an incoming information filter, and it
will provide privacy as an outgoing information

WEARABLE MEDICAL DEVICES 11



filter, far more than handheld devices and laptop
computers.

Nonprescribed wearable medical devices will depend
greatly on their public acceptance. Designers will need
to focus their attention on fashion and human–device
interaction as much as they do on functionality. Pervasive
computing and ubiquitous health monitoring will be em-
bedded in ordinary clothing and fashion accessories such
as watches, belts, hats, and jewelry. The widespread use of
wearable medical devices can significantly influence the
public perception of health care, as people become accus-
tomed to the concepts of remote health management,
health care at home, unconfined health monitoring, and
telemedicine.
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1. INTRODUCTION

Throughout history, wheelchair design has evolved along-
side the mentality toward people with disabilities. For
centuries, people have sustained injuries or contracted
conditions that have impaired their ability to ambulate;
and, for about as long, efforts have been made to develop
methods for dealing with and eventually overcoming their
disabilities. Some of the original forms of transportation
for persons with disabilities included hammocks, wheel-
barrows, and common household chairs with wheels at-
tached to their legs. These devices required the help of an
assistant and were designed for limited travel. Even with
the creation of the first wooden wheelchair, the potential
of people with disabilities was still greatly restricted. In
the 1930s, two young engineers, Everest and Jennings,
began building steel wheelchairs. With the help of life-
prolonging medical advances, their designs became the
standard following World War II and remained so for the
next few decades (1). Driven by the needs of active wheel-
chair users, especially wheelchair athletes during 1970s
and 1980s, lightweight manual wheelchairs were intro-
duced and became mainstream mobility aids for wheel-
chair users.

In recent years, considerable changes have been made
to the design and intent of the wheelchair. Arguably the
greatest improvements are attributable to The Americans
with Disabilities Act, signed into law in 1990. The law,
which requires public facilities to provide accommodations
for people with disabilities, has greatly broadened the
perspectives of both wheelchair users and wheelchair
manufacturers. More than ever, wheelchair designs are
reflecting the desires of people with disabilities: to travel,
explore, and be integrated members of society. By borrow-
ing ideas from the bicycle and even the automobile
industry, wheelchair manufacturers are creating a more
mobile, more adaptive means of mobility.

2. MANUAL WHEELCHAIRS

2.1. Classes of Wheelchairs

To meet the increasing demands of users, wheelchairs
have evolved from simple chairs with wheels to high-
performance mobility devices, capable of providing a
safe, comfortable, and efficient means of transportation.

However, despite these advances, it is important to under-
stand the specific demands of each user. Proper wheel-
chair selection should be based primarily on the
capabilities of the individual and on the intended use of
the wheelchair. To adequately accommodate all indivi-
duals with mobility disabilities, specialized wheelchair
designs have been and will continue to be developed (1,2).

2.1.1. Depot and Attendant-Propelled Wheelchairs. The
depot, or institutional, wheelchair has provided depend-
able mobility for decades. Used primarily in hospitals,
nursing care facilities, and airports, the depot wheelchair
is designed to provide inexpensive, low-maintenance mo-
bility solutions for a large variety of users. It is con-
structed with heavier, more durable materials and is
available in preset sizes (referring to seat widths, seat
depths, and backrest heights). As a result, the depot
wheelchair offers limited performance and is generally
inappropriate for people who require longstanding perso-
nal mobility.

The typical depot wheelchair has a single cross-brace
frame, which allows the wheelchair to be folded for easy
storage, and comes equipped with swing-away footrests,
removable armrests, and solid tires (see Fig. 1). Swing-
away footrests can be rotated outward to permit proper
seating of the user and be locked into place to provide
lower limb support and stability. Armrests offer comfort
and support for the upper limbs, as well as shield clothing
from getting caught in the wheels. Solid wheels are used
to reduce maintenance; however, pneumatic tires can be
substituted for improved ride comfort and outdoor usage.
Finally, the depot wheelchair has rearward pointing han-
dles on the top of the backrest. These handles allow for an
attendant to provide assistance with the propulsion of the
wheelchair.

To further accommodate the assistance of an attendant,
the attendant-propelled wheelchair provides more appro-
priate design considerations. Its primary consideration is
the treatment of both the rider and the attendant as users.

Figure 1. Depot-style manual wheelchair.

1
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To address this concern, the attendant-propelled wheel-
chair has more ergonomically positioned handles that
prevent undue stress to the hands, arms, and back. In
addition, it may be equipped with smaller rear wheels to
allow for greater maneuverability. The attendant-pro-
pelled wheelchairs can also be equipped with tilt-in-space
and backrest recline features for those who require pos-
tural support devices.

2.1.2. Rehabilitation Wheelchairs. The rehabilitation
wheelchair is designed to meet the long-term mobility
needs of users seeking to rejoin the community. As with
the depot wheelchair, the needs of the intended user are
paramount in the selection and configuration of a rehabi-
litation wheelchair. Based on user needs, two distinguish-
able types of rehabilitation wheelchairs exist: those that
are intended to aid users with specific disabilities and
those that offer higher performance for more active users.

Three types of injury-specific wheelchairs are the am-
putee, one-arm-drive, and foot-drive wheelchair. The am-
putee wheelchair is designed to accommodate users who,
because of the loss of lower limbs, have a rearward-shifted
center of gravity when in a seated position. To compensate
for this imbalance, the rear axle is extended backwards to
prevent tipping and provide additional stability. The one-
arm-drive wheelchair is designed to provide effective
ambulation for users with single-arm amputations or
motor impairments. It features a linkage between the
two rear wheels that allows the user to propel both wheels
with a single pushrim. The foot-drive wheelchair is used to
provide an efficient means of transportation for people
with weakness in their upper and lower extremities. Foot-
drive wheelchairs have a low seat, enabling the user to
reach the floor comfortably. Depending on the strength
and coordination of the user, the wheelchair may be
designed to allow the user to either pull or push with
the legs, which may require the simple removal of the
footrests on a standard wheelchair (leg pulling propul-
sion), or the reconfiguration of the wheels, placing the
casters in the rear and the large wheels in front for
improved stability and control (leg pushing propulsion).

For active users who engage in frequent activity, light-
weight and ultra-lightweight wheelchairs provide a more
suitable means of mobility. Both wheelchair types feature
streamlined frame designs (see Fig. 2) that permit greater
control and adjustability. Numerous features can be ad-
justed or specified for manufacture, including, but not
limited to, the wheelbase, axle position, camber (angle of
the rear wheels), seat angle, and caster type. According to
the Health Care Finance Administration (HCFA) Common
Procedure Coding System1, the primary differences be-
tween the two types of wheelchairs are their level of
adjustability and their weight. A lightweight wheelchair
(HCFA code: K0004) weighs less than 35 pounds and is
either minimally adjustable or nonadjustable, whereas an
ultra-lightweight wheelchair (K0005) must weigh less
than 30 pounds and provide moderate adjustability or
selectivity. Their customizability and reduced weight

makes them easier to fit and maneuver than standard
steel depot wheelchairs (K0001–K0003), which are non-
adjustable and exceed weights of 36 pounds.

Studies of manual wheelchair performance have indi-
cated that ultra-lightweight wheelchairs are more durable
and more cost effective then either lightweight wheel-
chairs or depot wheelchairs (3). In a series of fatigue tests,
developed by the American National Standards Institute
in association with the Rehabilitation Engineering and
Assistive Technology Society of North America (4), ultra-
lightweight wheelchairs completed a greater number of
equivalent cycles prior to failure (5). Although ultra-light-
weight wheelchairs are often more expensive than either
of the other two models, they have been shown to provide a
better overall value.

As a result of their superior performance, ultra-light-
weight wheelchairs have been modified for sport use and
to accommodate different types of frame suspension.
Although sport wheelchairs are not recognized by a spe-
cific classification, they feature unique frame designs that
may include leg and caster protectors and other specifica-
tions that are heavily dependent on the intended sport.
Suspension manual wheelchairs are ultra-lightweight
wheelchairs that have been fitted with rear suspension
elements. It has been found that extended exposure to
whole-body vibration can cause rider discomfort and a
variety of harmful physiological effects (6). Therefore,
wheelchair manufacturers have incorporated suspension
elements into their designs in an effort to reduce the
transmission of vibrations to the rider. The types of
suspension elements used include springs, elastomers,
and spring and damper units (see Fig. 3). A preliminary
study of these designs showed that during curb descents of
varied heights, wheelchairs with suspension did not sig-
nificantly reduce the amount of vibrations experienced by

Figure 2. Ultra-light manual wheelchair.

1The HCFA coding system for wheelchairs is only used in the
United States.
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the user as compared with various ultra-lightweight fold-
ing-frame wheelchairs (7).

Several types of specialty manual wheelchair designs
also exist, including reclining, tilt-in-space, and standing
wheelchairs. Both reclining wheelchairs and tilt-in-space
wheelchairs allow the user to alter his position in order to
redistribute pressure, improve blood flow, and avoid tissue
damage in the buttocks and upper legs. The reclining
wheelchair includes a series of hinges that permit the
frame to be reconfigured to support the user in a supine
position, whereas the tilt-in-space wheelchair transfers
the weight of the user onto the back by tilting the entire
seat rearward. The standing wheelchair allows the user to
stand in order to perform functions that cannot otherwise
be performed from a seated position.

2.2. Frame Design

The design of the frame is crucial to the performance and
transportability of the wheelchair. Currently, all wheel-
chair frames are centered on the use of lightweight tubing,
which is welded or bolted together with lugs. The tubing,
as well as the solid components of the wheelchair (axle
plate, footrest, and armrests), can be made from alumi-
num, steel, titanium, or an advanced composite material
such as Kevlar or carbon fiber. Of these materials, alumi-
num provides a good combination of strength, corrosion
resistance, low weight, cost, and availability. Steel and
titanium are both stronger, however, are heavier and more
expensive, respectively. Composite materials also offer
higher strength, although they are sparingly used because
of their high manufacturing costs. Overall, aluminum is
the most widely used material for wheelchair frame de-
sign, and titanium is becoming more popular with its light
weight and durability.

Two standard types of frame designs (i.e., folding and
rigid) and three common frame styles exist (i.e., the box
frame, the cantilever frame, and the Tor I frame). The box
frame is designed to be strong and sturdy, allowing mini-

mal deflection under normal loading (see Fig. 1). The
cantilever frame, named for its semblance to a single
beam pivoting about the rear axle, is designed to allow
more flexibility, less conspicuous, and easier to make (see
Fig. 2). The T or I frame, depending on the existence of an
additional footrest tube (which forms the ‘‘I’’), is designed
with minimal tubing to provide a lighter, more maneuver-
able ride and is typically used for sports (see Fig. 4).

Folding mechanisms for wheelchair frames are typi-
cally available in three styles (i.e., cross-brace, parallel-
brace, and forward-folding). The cross-brace mechanism is
the most common and can be found on depot wheelchairs
and on the majority of folding-frame rehabilitation wheel-
chairs. It consist of two frame members that are attached
to opposite sides of the frame at the bottom, crossed and
bolted together in the middle, and attached to the seat
upholstery at the top. The design provides adequate
support for the user and allows the wheelchair to collapse
together by pulling upwards on the upholstery. The par-
allel-brace mechanism is designed to fold the frame side-
ways by removing the locking pin located under the seat.
This design allows the wheelchair to fold a slight amount
while a user is in it, thereby reducing the width and
allowing the user to negotiate narrow places. Although it
feels more like a rigid wheelchair, it is more difficult to
operate and maintain. The forward-folding wheelchair is
designed to provide the stability and support of a rigid
wheelchair and the transportability of a folding wheel-
chair. A specially designed hinge system, located under
the front of the seat, allows the lower part of the frame to
collapse onto itself. By folding down the backrest and
removing the rear wheels, the entire wheelchair is very
compact. One particular design, developed at the Human
Engineering Research Laboratories, University of Pitts-
burgh, features an additional set of rear wheels that,
when folded down, allow the user to remove the rear
wheels while seated in the wheelchair (8) (see Fig. 5a
and 5b). It was designed to permit easier travel down the

Figure 3. Suspension manual wheelchair (spring and damper
units).

Figure 4. Tennis wheelchair (T-frame).
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aisle of an airplane and can be folded and stored in the
overhead compartment.

2.3. Wheels, Pushrims, and Casters

The choice of wheels and casters can impact the look,
weight, and performance of a wheelchair. Wheels are
available in two styles: spoked and MAG. MAG wheels,
typically made from PVC or ABS plastic, offer better
durability; however, spoked wheels are lighter and more
popular with active users. Both are available in a variety
of sizes, most commonly 22, 24, and 26 inches, and can be
fitted with either solid tires (puncture-proof) or pneumatic
tires. Pneumatic tires are often preferred because they are
lighter and offer better shock absorption and grip than
solid tires.

Connected to the outer edge of each wheel is a pushrim.
A pushrim is a metal or plastic ring designed to allow the
user to effectively propel the wheelchair. It is typically a
smooth ring made from polished aluminum or steel tub-
ing; however, it can be coated or have protrusions to better
accommodate people with limited hand function. Other
accommodations have been introduced by the ergonomic
pushrim. The ergonomic pushrim was designed to improve
wheelchair propulsion biomechanics and reduce the in-
cidences of carpal tunnel syndrome (9). It is composed of
two concentric tubes, which provide a wider grip and
larger surface area for breaking, as well as a strip of
high-friction coating, placed between the pushrim and the
tire, for improved breaking.

Casters are available in a variety of sizes ranging from
2 to 8 inches. Larger casters provide better ground clear-
ance (i.e., raise the user higher off the ground), but often at
the expense of foot clearance. Therefore, smaller casters
are often used to prevent interference with the footrest(s)
and the feet of the user. Casters are either pneumatic or
polyurethane. Caster forks typically consist of a stem (to
connect to the wheelchair frame) and aluminum or steel
housing. In an effort to reduce the transmission of harmful
vibrations through the caster housing, suspension caster
forks have been developed. Suspension caster forks use
either a flexible plastic housing or an elastomer to dampen
oscillations. Current efforts are underway to improve the
capability of the suspension caster fork by positioning the
elastomer at an oblique angle to the caster housing and
through the design of a pneumatic caster fork suspension
system (10).

2.4. Components

Other typical components of the manual wheelchair in-
clude footrests and legrests, armrests or clothing guards,
and wheel locks. With the exception of foot-drive wheel-
chairs, all wheelchairs come equipped with footrests to
support the feet and lower legs of the user. Depot wheel-
chairs use swing-away footrests to permit easier transfers
to and from the wheelchair, and to allow the wheelchair to
fold for storage or transportation. These footrests often
include heel straps to prevent rearward slippage of the
feet and can be equipped with swing-away legrests for
added leg support. Rigid wheelchairs use a single tubular
footrest. It is smaller, lighter, and more durable than
swing-away types, to better accommodate active users.
They often include leg straps, which provide a backing to
help prevent the legs and feet of the user from slipping off
the footrest.

Armrests can be added to any wheelchair to provide
additional upper limb support and comfort. They also
protect the clothing of the user from getting caught in
the wheels. Active users seldom use armrests, because of
the interference they pose to propulsion; therefore, cloth-
ing guards are used to protect the clothing of the user.

Wheel locks are another feature often seen on depot
and assistant-propelled wheelchairs, but are not used as
often by active users. They serve as parking brakes for a
wheelchair, allowing users to safely reach, transfer, or
perform other activities that require added stability.

2.5. The Future of Manual Wheelchair Design

Wheelchair design will continue to evolve to meet the
changing needs and demands of people with disabilities.
Over the past few years, wheelchairs have become stron-
ger, lighter, and more affordable. The main reason for this
improvement has been the increasing popularity of tita-
nium. Every major wheelchair manufacturer has incorpo-
rated titanium into its design. The reduced weight of
titanium is a major selling point for this new line of
wheelchairs. Unlike automobiles, which greatly outweigh
their passengers, wheelchairs typically only represent a
fraction of the weight of their users. Therefore, every
additional pound can noticeably reduce the maneuver-
ability and response of the wheelchair. Titanium has a low
density and, unlike composite materials, which are very
strong and very brittle, it demonstrates superior durabil-
ity. This combination has lead to the overwhelming push

Figure 5. (a) Folding chair developed at Hu-
man Engineering Research Laboratories,
University of Pittsburgh. (b) Folding chair
design.
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toward titanium wheelchair design. For users seeking
stronger, more agile frames, titanium wheelchairs offer
the best solutions.

Another focus of future wheelchair design will be the
optimum integration of suspension. Current manual sus-
pension wheelchairs have not proven to be any more
durable or more capable of reducing shock vibrations,
experienced during curb descents, than standard ultra-
lightweight wheelchairs (7). Another complication with
suspension manual wheelchairs is their tendency to ‘‘dol-
phin’’ or lower because of the compression of the suspen-
sion element upon propulsion, which takes energy away
from propulsion and reduces the energy efficiency of the
wheelchair. On the other hand, caster-based suspension
has demonstrated reliable vibration reduction; however,
efforts are still ongoing to create a better means of absorb-
ing vibrations transmitted through the caster fork from
bumps and other raised obstacles. It is believed that these
types of obstacles produce more horizontally traveling
vibrations and thus require a more sophisticated system
(10). Whatever the approach, efforts are constantly under-
way to improve the safety and ride comfort of manual
wheelchairs.

3. HAND CYCLES

Hand cycles are one type of manual alternative to hand
rim-propelled wheelchairs. An estimated 90% of all wheel-
chairs are hand-rim propelled, which is a physically
straining activity that can lead to repetitive strain injuries
in the upper body and secondary disability. For wheelchair
users, secondary disability can lead to a sedentary lifestyle
and risk for cardiovascular problems, decubitous ulcers,
and other health problems. The efficiency of push rim
propulsion (PRP) and alternative manual propulsion
methods can be increased with ergonomically good body
position, proper wheelchair fitting, and appropriate choice
of propulsion method given the capabilities of the wheel-
chair user. No alternative design has yet emerged to
replace PRP entirely.

3.1. Overview of Propulsion Methods

Lever-drive and hub-crank propulsion mechanisms are
less straining, more efficient manual propulsion methods
than PRP and may prove beneficial for overuse problems
in the arms. Neither method, however, is as easy to
maneuver as the push rim and, thus, not practical for
indoor use. They are difficult to steer, complicated to
brake, and may have increased width. In terms of me-
chanical efficiency, however, the lever-drive and hub-
crank mechanisms surpass PRP.

Hand cycling (hand-crank propulsion) has gained more
popularity than the hub crank and lever drives in recent
years. People with disabilities have The disabled popula-
tion has become more active, health conscious, and physi-
cally fit, and hand cycles have emerged as a recreation
option for these active individuals. Hand cycling has also
found use in developing countries where individuals may
need to travel over longer distances and rougher terrain
than possible in a manual wheelchair.

3.2. Designs

Hub-crank, lever-drive, and hand-crank propulsion all
have certain benefits over PRP. They allow for a more
ergonomically beneficial arm, wrist, and hand position
(11). They do not require that the user remove their hands
from the propulsion mechanism, allowing force to be
exerted in both a push direction and a pull direction.
PRP only accommodates force in one direction. Several
benefits exist of the continuous motion and contact with
the propulsion mechanism. A larger number of muscles
(both flexor and extensor) are used, thus reducing strain
on individual muscles and joints (12). No peak impact
forces in joints and muscles occur because of the contin-
uous cycle of the hand on the propulsion mechanism and
the almost continuous force application. Idle periods are
reduced in the propulsion cycle during which no force is
produced. (During a typical push rim cycle, force is
generated during only 20% of the cycle time.) Additionally,
the lever drive and hand cycle have the added benefit of
keeping the hand and mechanical interface within the
visual field of the user, which seems to improve motor
control.

3.3. Hub Crank

The hub-crank mechanism (see Fig. 6a) consists of hub-
connected cranks attached to the wheel hubs of a manual
wheelchair. The device allows the user to crank in a
continuous motion, directly transferring force to the
wheels. Hub-crank propulsion allows for a more ergono-
mically correct hand-grip position than is possible on a
push rim (12). Its primary use has been in wheelchair
racing.

3.4. Lever Drive

During lever-drive propulsion (see Fig. 6b), the hands
make a cyclic motion, pushing and pulling, either syn-
chronic or asynchronic in a sagittal plane ventral to the
subject. A lever mechanism transfers force indirectly to
the wheels during both the push stroke and the pull
stroke. The length of the lever can generally be adjusted
to accommodate the user’s need. Recent lever mechanisms
have the features of a reverse drive, internal brake, and
gearing.

Van der Woude et al. (13) conducted a study on the
effect of mechanical advantage of a lever-driven tricycle.
Mechanical advantage (MA) was varied through changing
the gear ratio and adjusting the length of the lever arm,
which had a significant effect on oxygen uptake, energy
cost, mechanical efficiency, and stroke frequency. Van der
Woude et al. concluded that the ability to change MA
might help wheelchair users accommodate to different
external conditions (13).

3.5. Hand Cycles

As in the bicycle market, a wide variety of hand cycles are
available; lightweight semirecumbent road-racing models,
upright-cruiser models, and rugged mountain-climbing
titanium models. Therapeutically, hand cycling is benefi-
cial because it strengthens different muscles than the
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(MWCU) manual wheelchair user would normally in their
wheelchair. Hand cycling also relieves wrist and shoulder
strain caused by PRP and improves cardiovascular
strength. On a qualitative level, hand cycling broadens
the wheelchair user’s experience by allowing them to
travel longer distances with less effort than possible in a
MWC and allowing them to ride alongside bicycles, thus
reintegrating the MWCU into family/ social activities.
Although hand cycling has emerged as an alternative to
racing wheelchairs in recent years, hand cycles cannot
replace MWCs in daily life because they cannot be used
indoors or on sidewalks.

Hand cycles are most often tricycles, although two-
wheeled designs, with outriggers for stability, are avail-
able. Two primary styles of three-wheeled hand cycles are
most popular: upright (see Fig. 7) and semirecumbent (see
Fig. 8). Upright cycles are easier for wheelchair users to
transfer into because the seat height is comparable with
that of a wheelchair, but these cycles are less stable at
high speeds and around curves. The semirecumbent style
is more stable and able to reach higher speeds. Arm-crank
add-on units for manual wheelchairs are also available,
although less widely used than dedicated hand cycles.

Many semirecumbent style cycles now include similar
design features to high-end bicycles; disk brake for high-
speed braking, wide gear range, ergonomic handles, light-
weight tubing for shock absorption, shock absorbers be-
tween the seat frame and main frame, ergonomic seating,
and bicycle components.

Smith et al. (14) compared a custom hand cycle with a
standard wheelchair and found that the cardiopulmonary
responses of both people with paraplegia and unimpaired
subjects were lower with the arm-crank wheelchair. The
arm-crank wheelchair required less energy on level hall-
ways than the standard wheelchair in all three gears. The
VO2 consumption rate was about 30% lower and the heart
rate about 16–19% lower for the arm-crank wheelchair.
The possible use of large numbers of gears and the use of
different cranking modes (synchronic versus asynchronic)
also benefit the user by accommodating to their ability.

Hub-crank, lever-drive, and hand-crank systems de-
monstrate the potential for a manual drive system that
increases mechanical advantage, speed, comfort, and
health for the wheelchair user. The combination of more
ergonomically correct body position and gear systems

leads to more efficient propulsion systems. The challenge
for the manual wheelchair remains to design a system
that is as lightweight, compact, and intuitive to maneuver
as a push rim.

4. PUSHRIM-ACTIVATED POWER-ASSISTED
WHEELCHAIRS

A pushrim-activated power-assisted wheelchair (PAPAW)
uses motors and a battery to augment the power applied

 

(a)

 

(b)
Figure 6. (a) Hub crank diagram. (b) Lever
drive diagram.

Figure 7. Upright hand cycle.

Figure 8. Semirecumbent hand cycle.
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by the users to one or both pushrims during propulsion or
braking (see Fig. 9). Applying a torque to the pushrim
activates the wheelchair. The torque applied to the push-
rim is amplified by the motors and gear train. A micro-
controller controls each of the rear wheels. Software
simulates inertia (i.e., allows the wheels to coast between
strokes), compensates for discrepancies between the two
wheels (e.g., differences in friction), and provides an
automatic braking system activated when applying a
reverse torque to the pushrims (15). A PAPAW is typically
assembled by retrofitting an ultra-light manual wheel-
chair with the PAPAW wheels and some customized hard-
ware. Most PAPAW wheels use quick-release axles (i.e.,
axles that allow the wheels to be removed without tools).
Most PAPAWs will accommodate standard wheelchair
wheels in order to serve as a manual wheelchair as well.
The PAPAW represents an entirely new class of wheel-
chair.

Many people exist who have difficulty effectively pro-
pelling a manual wheelchair because of pain, low cardio-
pulmonary reserves, insufficient arm strength, or the
inability to maintain a posture effective for propulsion
(16). Until recently, people who were unable to effectively
propel a manual wheelchair would be presented with the
options of using an electric-powered wheelchair, using a
scooter, or being pushed by an assistant in their manual
wheelchair. The PAPAW provides a fourth alternative that
may be of substantial benefit to some clients.

The electronic controls of a PAPAW are commonly
selectable. The electronic controls can be used to set the
sensitivity of the pushrims (i.e., to alter the amount of
assistance provided by the motors). On some devices, it is
possible to adjust the sensitivity of the left and right wheel
independently, which is advantageous for people with

strength imbalance or motor coordination issues. It has
been proposed that a PAPAW could be used for training
arm movement postcerebral vascular accident in order to
gain greater strength and coordination. The maximum
speed, maximum braking, and acceleration are also pos-
sible to adjust with a PAPAW. Selecting the settings for the
electronic controls of a PAPAW should follow a similar
process to that of adjusting an electric-powered wheel-
chair.

The electric-powered wheelchair is poised to undergo
revolutionary design changes. Although devices like the
PAPAW represent important advances for people whose
abilities balance between using a manual wheelchair and
an electric-powered wheelchair, many more people could
benefit from advances in electric-powered wheelchairs.
Indeed, people with disabilities and people who are elderly
are becoming more empowered to insist on maintaining or
increasing independence and mobility, which has
prompted the investigation of technologies that will ne-
gotiate uneven terrain, traverse stairs, and detect obsta-
cles in the environment.

5. SCOOTERS

Scooters are power bases with a mounted seat and handle
bar steering system. Scooter power bases are available in
three-wheel and four-wheel drive options. Three-wheel
scooters are recommended if the user requires maneuver-
ability within the home as well as outside mobility on a
semilevel surface. Four-wheeled scooter offer more stabi-
lity and are, therefore, best for active outdoor driving. A
standard scooter seat is similar to that used on a tractor or
fishing boat. If increased seating support and comfort is
required, then a captain-style seating option is available.
Scooter seats are often removable to simplify transporta-
tion in a personal automobile. The scooter is usually
operated using a tiller (e.g., handlebar) steering system.
The speed is controlled electronically and direction is
controlled manually. Most scooters allow the steering
column to fold in order to make the scooter easier to
transport in a personal vehicle.

6. ELECTRIC-POWERED WHEELCHAIRS

6.1. Types of Electric-Powered Wheelchairs

Powered wheelchairs can be grouped into several classes
or categories. The most common groupings are based on
the functions provided by the wheelchair and the intended
use. A convenient grouping by intended use is primarily
indoor, both indoor/outdoor, and active indoor/outdoor.
Indoor wheelchairs have a small footprint (i.e., area con-
necting the wheels), which allows them to be maneuver-
able in confined spaces. However, they may not have the
stability or power to negotiate obstacles outdoors. Indoor/
outdoor powered wheelchairs are used by people who wish
to have mobility at home, school, work, and in the com-
munity, but who stay on finished surfaces (e.g., sidewalks,
driveways, flooring). Both indoor and indoor/outdoor

Figure 9. Pushrim-activated power-assisted wheelchair (PA-
PAW).
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wheelchairs conserve weight by using smaller batteries,
which, in turn, reduces the range for travel.

Some wheelchair users want to drive over unstructured
environments, travel long distances, and move fast. Active
indoor/outdoor wheelchairs may be best suited for these
individuals. The active indoor/outdoor-use wheelchairs
include those with suspension and use of a power base
design. The power base consists of the motors, drive
wheels, castors, controllers, batteries, and frame. The
seating system (e.g., seat, backrest, armrests, legrests,
and footrests) is a separate integrated unit. Often, seating
systems from one manufacturer are used on a power base
from another manufacturer.

Power wheelchair bases can be classified as rear-wheel
drive (RWD), mid-wheel drive (MWD), or front-wheel
drive (FWD). The classification of these three drive sys-
tems is based on the drive wheel location relative to the
systems center of gravity (CoG). The drive wheel position
defines the basic handling characteristic of any power
wheelchair. All three systems have unique driving and
handling characteristics. In RWD power bases, the drive
wheels are behind the user’s center of gravity and the
casters are in the front. RWD systems are the traditional
design and, therefore, many long-term power wheelchairs
are familiar with their performance and prefer them to
other designs. A major advantage of RWD systems is its
predictable drive characteristic and stability. A potential
drawback to a RWD system is its maneuverability in tight
areas because of a larger turning radius.

In MWD power bases, the drive wheels are directly
below the user’s CoG and generally have a set of casters or
antitippers in front and rear of the drive wheels. The
advantage of the MWD system is a smaller turning radius
to maneuver in tight spaces. A disadvantage is a tendency
to rock or pitch forward, especially with sudden stops or
fast turns. When transitioning from a steep slope to a level
surface (like coming off a curb cut), the front and rear
casters can hang up leaving less traction on the drive
wheels in the middle.

A FWD power base has the drive wheels in front of the
user’s CoG, and it tends to be quite stable and provides a
tight turning radius. FWD systems may climb obstacles or
curbs more easily as the large front wheels hit the obstacle
first. A disadvantage is that a FWD system has more
rearward CoG; therefore, the system may tend to fishtail
and be difficult to drive in a straight line, especially on
uneven surfaces.

6.2. Power Wheelchair Interfaces

Individuals with many types of disabilities use electric-
powered wheelchairs for mobility. These people use differ-
ent types of control interfaces to operate powered wheel-
chairs. Gerller (17) designed the first powered wheelchair
in 1953. He installed a motor and chain-driven drive
wheel on a standard manual wheelchair between the front
casters, the chair fitted with geared motors, and automo-
bile batteries. These single-motor designs either required
the operator to have sufficient hand strength to operate a
steering tiller or used solenoid-operated drive engage-
ments to apply power to only one wheel during a turn.

The joystick is the primary control interface between the
user and the chair. The most common means of driving an
electric-powered wheelchair is to use a joystick operated
by hand or arm motion. For people who have a high-level
spinal cord injury, quadriplegia often results, which is the
paralysis of the arms, legs, and body muscles. People with
quadriplegics are, therefore, almost entirely dependent on
their remaining voluntary active muscles, which are
usually those that control the head and neck motion. In
these situations, choosing a control interface and a control
site (e.g., hand, foot, tongue, chin, and shoulder) requires a
great deal of evaluation and consideration.

6.3. Proportional Position-Sensing Joystick

The most common commercially available joystick in use
today is a position-sensing joystick (PSJ), which is a
proportional input device that controls the chair speed
and direction according to the extent of joystick displace-
ment (see Fig. 10). Operating this type of joystick requires
fine-motor control and a certain amount of strength to
displace the joystick shaft.

The most common PSJs either use potentiometers to
vary the resistance or inductors to vary a voltage. Others
use switches or optical sensors to determine shaft position.
An optical joystick requires the user to interrupt a light
beam, which acts like a switch closure. When a person
does not have sufficient hand control to use a joystick with
their hand or arm, other anatomical control sites are
considered, often at a cost of reduced chair control. A
joystick can be modified to be used with a chin, foot, elbow,
tongue, or even a shoulder. Joysticks used in these in-
stances are typically short-throw joysticks that do not
require the range of motion of a normal joystick. Short-
throw joysticks work on the same basic principle as
regular displacement joysticks but are modified to give a
full-range output with less displacement joysticks (1/4’’ or
less).

Figure 10. Position-sensing joystick.

8 WHEELCHAIR ENGINEERING



6.4. Switched Inputs

Spastic hypertonia is a motor disorder characterized by a
velocity-dependent increase in stretch reflexes with ex-
aggerated tendon jerks. Durability is a primary considera-
tion when choosing a control interface for a person with
this disability. Many joysticks are not robust enough to
withstand the continual abuse inflicted by strong spasms.
In this case, nonproportional controls such as switched
joystick are often used. Those people can access an array
of switches. Power on, power off, emergency, stop, forward,
as well as backward are available. This switch array can
be mounted on the wheelchair tray and accessed by the
hand, head, and chin. A scanned module is necessary to
select reverse, power on and off, driving profiles, as well as
environmental control. As switched control does not pro-
vide proportional control, which typically yields much
lower performance than other proportional joysticks, it is
still far from ideal.

6.5. Force-Sensing Control

Few viable alternatives exist to the position-sensing joy-
stick used on most electric-powered wheelchairs, which
has motivated investigation of isometric joysticks. An
isometric joystick does not use spherical or orthogonal
pivots on the base of the stick; the shaft and handle are
permanently fixed in a vertical position. The force vector
exerted by the operator’s hand becomes the magnitude
and direction of input. Figure 11 is the example of shaft
with strain gages of force-sensing joystick. The base plate
was machined from a single piece of 7036-T6 aluminum.
The force sensor consists of a 9.5-mm diameter round
ground tool steel shaft with a distance of 65mm from the
center of the gage area to the handle mounting point. The
shaft was instrumented with a full dc strain gage bridge
using 350-ohm metal foil gages. As an isometric control
permits activation without movement, it is not necessary
for the operator to transform the intervening joint centers
of the upper extremity, which has the possible advantage

of reducing the cognitive overhead normally required to
monitor joint orientations and torques plus the inertia
generated by the mobile limb. Motion-triggered reflexes,
such as spasticity, may be less likely to occur.

Cooper et al. compared (18,19) an isometric joystick
with a conventional movement-sensing joystick for the
task of power wheelchair driving. Testing demonstrated
that experienced and inexperienced electric-powered
wheelchair users were able to effectively drive an elec-
tric-powered wheelchair, without prior practice, with the
isometric joystick. The isometric was superior to the
position-sensing joystick for driving straight and for driv-
ing in a circle. The driving dynamics of the test wheelchair
when driving backwards are similar to that of a FWD
electric-powered wheelchair when driving forward.
Hence, the isometric may yield superior forward driving
performance for FWD-powered wheelchairs. Force-sen-
sing chin-operated joystick is another choice for the dis-
abilities using chin-operated joystick (20). Generally, a
chin-operated joystick is a type of position-sensing joy-
stick. It requires user’s head movement and is usually
controlled by neck flexion, extension, and rotation. Most of
position chin-operated joystick users experience overuse
strain in their neck or jaw muscles from the repetitive
muscular exertion. Some risk exists of temporomandibu-
lar joint disease, a chronic syndrome of muscle tightness
and spasm in the facial muscles.

6.6. Voice Control

A conventional joystick can be impossible for certain
people with disabilities in controlling a powered wheel-
chair. Many profoundly disabled people have no control
over most of their voluntary motor system (arm, neck,
etc.). Voice control is an attractive option for several
reasons. One is voice control systems can be used by any
individual capable of consistent and distinguishable voca-
lizations. Voice control is potentially appropriate for a
large number of wheelchair users.

The voice control wheelchair system requires a voice
processor that converts a preselected set of sounds spoken
by the user into corresponding signals a computer can
recognize. The sounds of commands are preprogrammed
into the computer during a training session. These com-
mands serve as the basis for comparison with the user’s
command during use of the wheelchair.

Unfortunately, voice control has proven difficult to
recognize to implement within a standard power wheel-
chair. One reason is the voice control system may fail to
recognize a user’s voice. Amori (21) deals with this pro-
blem by limiting the amount of time that any command
could move the chair, reasoning that momentary com-
mands were less likely to produce collisions than latched
commands. Another drawback of this approach is the fact
that even short-lived commands can cause collisions in a
crowded area. McGuire (22) incorporated an external stop
switch into the voice control system, but some users may
lack the reflexes or coordination to activate a stop switch
in time to avoid a collision. Simpson and Levine (23)
developed a NavChair assistive wheelchair navigation
system. This NavChair prototype is based on an Everest

Figure 11. Force-sensing joystick.
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and Jennings Lancer power wheelchair augmented with
an IBM-compatible 33-MHz 80486-based computer and an
array of 12 sonar sensors. All 12 sonar sensors are
mounted on the lap tray and face to the front or side of
the wheelchair. During operation, the NavChair system
interrupts the connection between the wheelchair’s joy-
stick and wheel motor controllers. The wheelchair opera-
tor uses voice commands to indicate the desired path of
travel, and this information is combined with information
about the wheelchair’s immediate environment (from the
sonar sensors) to identify a safe path of travel. The control
signals that correspond to this path of travel are sent to
the wheelchair motors, dictating the direction and velocity
of the wheelchair.

The NavChair’s voice control facility is based on the
Verbex SpeechCommander, a continuous-speech voice re-
cognition system that relays user commands. Prior to
operation, users train the SpeechCommander to identify
a small set of commands. During the operation, the
SpeechCommander identifies the sound signal as one of
the pretrained commands and transmits a computer code
associated with that command to the NavChair’s compu-
ter. The NavChair’s computer matches the signal from the
SpeechCommander to a specific joystick command, which
is then used to steer the chair.

7. MODELING AND CONTROL

Modeling and control are two vital tools in developing
high-tech rehabilitation devices. Appropriate mathemati-
cal models of rehabilitation systems could aid in under-
standing and predicting system behavior and further
allow control system development and design improve-
ment. Control systems are the key of rehabilitation de-
vices deciding system performance to the large extent. In
the rehabilitation field, where people with disabilities are
usually involved, it is much more important to model the
system and study the effectiveness of various control
schemes before implementing the system in human sub-
jects. In this section, we will review state-of-the-art de-
vices in rehabilitation, with a particular focus on the
modeling and control methods in rehabilitation robots
and wheelchairs. Information gathered in this study
covers our own research as well as research findings
obtained by other groups. It is our intention to convey
the knowledge of modeling methods and control algo-
rithms in rehabilitation and help readers become aware
of the status of rehabilitation technology.

7.1. Wheelchair-Mounted Robotic Arms

Rehabilitation robotics deals with advancing robotics
technology to provide people with disabilities with tools
to improve their quality of life and productivity of work
(24). Rehabilitation robots can be classified into three
groups.

- Task-specific devices: Simple electromechanical de-
vices used to perform simple tasks (e.g., powered
feeders and page turners).

- Workstation robots: The robotic manipulator could be
built into a workstation and is suitable for use in a
vocational environment.

- Wheelchair robots: Consisting of the manipulator
arm mounted on the electric-powered wheelchair,
such a robot provides the disabled person with the
facility that augments both mobility and manipula-
tion, allowing him/her to accomplish ADL (Activities
of Daily Living) tasks and vocational activities.

Two aspects of the rehabilitation robot control that affect
its functionality exist: the interface between the user and
the robot and the interface between the robot and the
objects being manipulated. Rehabilitation robots are con-
trolled by the user through typical adaptive interface (e.g.,
joystick, keypad, or sip-and-puff device). Limitations on
the sophistication of the robot’s operation exist that are
simply because the user is limited in the control he is able
to exert. Nonetheless, advanced technologies like voice
control or gesture recognition may increase the quality of
the user interface significantly. The interface between the
robot and the objects being manipulated is usually a
simple pincer-like gripper. Thus, the types of manipula-
tions that can be performed are quite limited. However, a
large portion of activities we perform in school, work, and
daily living involve pick-and-place tasks that may be
carried out even with this simple end-effector.

A number of rehabilitation robots are currently avail-
able or in development, including the RAPTOR, distrib-
uted by Applied Resources (25), the MANUS available
through Exact Dynamics (26), the KARES II developed by
the Kaist Rehabilitation Engineering Service System (27),
and ProVAR, developed at Stanford University (28).
MANUS is a well-known wheelchair-mounted seven-axis
(plus gripper) robot. It folds up into an unobtrusive
position at the side of the wheelchair and folds out when
commanded. The MANUS allows both task space control
where the user can directly control the motion of the end
effector in Cartesian coordinate and joint space control
where joints are controlled independently. KARES II is a
rehabilitation robotic system with 6 degrees of freedom
robot arm mounted on a powered wheelchair. Sensor-
based control using color vision and force/torque informa-
tion is implemented to help the system perceive the
environment. It is able to grasp an object on a table, grasp
an object on the floor, and manipulate a switch on a wall.

In Human Engineering Research Laboratories, Uni-
versity of Pittsburgh, researchers carried out some experi-
ments to determine if functional independence and ability
to perform basic tasks could be improved with the use of
the RAPTOR. Level of independence with and without the
device was recorded on 16 basic activities for 11 partici-
pants with tetraplegia. Significant improvement in task
independence as well as time it took to complete tasks
were discovered in seven activities (25). Here, we take the
RAPTOR, for example, and discuss the roles of modeling
and control in the performance of the system. The compo-
nents of the RAPTOR are shown in Fig. 12. It has four
DOF (degrees of freedom): flexion/extension and rotation
of the shoulder, flexion/extension of the elbow, and rota-
tion of the wrist. The arm kinematic model should be
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developed so that the RAPTOR can reach objects on the
floor, on a table, turn on switches or elevator buttons, etc.
The arm kinematics includes forward kinematics and
inverse kinematics. Forward kinematics deals with the
problem of determining the end-effector position given all
joint angles. To derive forward kinematics, Denavit–Har-
tenberg (D–H) parameters including link length, twist
angle, offset, and joint angle are to be identified and
transformation matrix describing the relationships be-
tween the manipulator adjacent links are to be formu-
lated. Through forward kinematics, joint-by-joint control
can be realized. Users can specify the values of one or
more joints and watch how the end of the arm moves.
Currently, each joint of the RAPTOR is controlled inde-
pendently in the joint space, which is easy to implement,
but users have to adjust the joints frequently to position
the end-effector exactly where they want to have it. The
inverse kinematic model is necessary for the continuous
control of joints in the task space, where the required joint
angles leading to a desired end-effector position and
orientation are calculated. Users can simply set the end-
effector’s position and orientation and let the RAPTOR
follow to the destination point automatically. The inverse
kinematics problem is, in general, a difficult problem
because multiple solutions exist or no solution at all exists
for a certain configuration of the end-effector. Geometric
methods are often used to solve inverse kinematics, espe-
cially for a simple structured manipulator like RAPTOR.

The control strategy of the RAPTOR system is split into
two parts, both realized by separate input devices: control
of the wheelchair itself and the control of the robotic arm.
Hence, when the user is trying to grasp an object that is
outside the reach of the arm, he/she has to manipulate
alternately with two input devices. One possible solution
to this problem is to control the whole system (i.e., the
wheelchair and the RAPTOR) in a unified framework.
When the user is trying to reach an object beyond the
workspace of the RAPTOR, the wheelchair will move
accordingly in the direction toward the objects. In this
case, the resulting robotic system is kinematically redun-
dant with seven DOF (four for the arm and three for the
wheelchair), and a more complicated inverse kinematic
model is needed to design the control system.

Rehabilitation robots for people with disabilities often
encounter contact tasks in uncertain environments. In
order for rehabilitation robots to readily adapt to their
changing environments, advanced and practically imple-
mentable control approaches are needed. Chen et al.
presented a discrete-time impedance control scheme (29)
for a rehabilitation robot arm. The objective of impedance
control is to regulate the mechanical impedance of the arm
that relates both position and force rather than directly
controlling force or position, which ensures that a user-
specified dynamic relationship between the arm endpoint
position and the arm environment contact force can be
achieved.

Different from industrial robots that normally operated
in a structured environment with predefined tasks and
separated from human operators, rehabilitation robots
usually integrate people with disabilities and robots in
the same task, requiring certain safety aspects and special
attention to man-machine interfaces. Keates and Robin-
son discussed the role of user modeling in rehabilitation
robotics (30). They used the Model Human Processor
(MHP) to describe human-computer interaction for able-
bodied users and offered some insights about the guideline
for the maximum response time that a rehabilitation robot
system should have.

7.2. Wheelchair Controllers

Wheelchairs are among the most common rehabilitation
devices used to provide mobility to people with impaired
lower extremity function or people who have balance
disorders. A considerable amount of research and devel-
opment activity is focused on wheelchairs. As the user is in
intimate physical contact with the chair for an extended
period of time, the performance and safety of the system
are of critical importance to wheelchair users.

Modeling the wheelchair system can help understand
the mechanism and improve the design. Collins and
Kauzlarich (31) developed a dynamic model of a rear
caster manual wheelchair to study the instability pro-
blem. They conducted computer simulation based on the
model to perform a parametric study of different design
variables and found that CoG position, caster trail dis-
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tance, and caster pin friction have a dominant influence on
rear caster wheelchair directional control. Cooper (32)
developed a wheelchair/pilot model to analyze stability
for various dynamic situations. The models incorporate
human factors (physiology, psychology, anthropometry,
and kinesiology), wheelchair design factors (frame and
steering geometry), and environmental factors (road sur-
face orientation and visibility). Wheelchairs with three
and four wheels were simulated based on the model and
experimental data. Results show that both three- and
four-wheeled systems can be stabilized with respect to
path changes and disturbances under human control.
Three-wheeled systems are shown to be more responsive,
whereas four-wheeled systems are more stable.

With the rapid progress in electronics and other related
fields, electric-powered wheelchairs (EPWs) become avail-
able with various control schemes (33,34). The most
common control variable is speed in an EPW. During
normal operation, the wheelchair driver will apply com-
mand inputs, using a joystick or similar device, based on
his/her perception of the wheelchair’s speed and direction.
An electronic controller will then adjust the voltage to the
DC motors to attempt to achieve the desired velocity of
each motor. A typical speed control algorithm uses track-
ing or contour control to have the wheelchair automati-
cally follow the desired speed profile set by the user
regardless of terrain or slope (see Fig. 13). Hence, the
wheelchair/rider system will move at the same speed
going up an incline as it will go down for the same user-
desired speed. The same is true when comparing a smooth
surface with a rough surface. For speed control to be fully
functional, a model of the wheelchair and its critical
components must be developed and then used to imple-
ment compensation. Shung et al. (35) described a compu-
ter model of a wheelchair and its motor control circuitry.
The model simulated the wheelchair’s motion when driv-
ing on a sloping surface, and was intended to facilitate the
design of wheel velocity feedback controller. In their later
work (36), Shung et al. presented a wheelchair velocity
feedback controller based on the wheelchair model and
motor control circuitry developed in their earlier work
(35). A computer simulation study showed that the velo-
city controller made the wheelchair easier to drive under
varying road conditions.

Typically, a proportional-integral controller is used on
an EPW regardless of the chair’s parameters or the
characteristics of the driver. The control coefficient might
be selected in advance using some knowledge of the
wheelchair’s parameters and the driver’s characteristics,
therefore allowing the chair to be tailored to the particular
driver. Brown et al. (37) developed an approach that
allows the controller to be self-adaptive. The controller

significantly improved the performance of the system and
allowed the best control coefficients to be selected based on
the characteristics of the wheelchair and its driver.

Most control systems in use today, with the notable
exception of wheelchairs, incorporate regulation of ‘‘un-
certainties’’ or ‘‘perturbations.’’ The uncertainties may
include dynamics that are neglected in order to make
the model tractable; nonlinearities that are too compli-
cated or poorly understood; and parameters that are
unknown or are imprecise because of variations in the
final product or the quality of the measurements. Robust
control deals with the analysis and design of algorithms
and methods to address these uncertainties and perturba-
tions. A useful paradigm applied with robust control has a
nominal finite-dimensional, linear time-invariant system
with the perturbation or uncertainty in the feedback loop.
We have developed the kinematic (Equation 1) and dy-
namic model (Equation 2) of an EPW system (see Fig. 14)
and verified them through experiments (38). We further
developed a Lyapunov functional-based robust controller
based on the EPWmodel to improve the safety and efficacy
of EPWs in the face of parameters variations and external
disturbances (39). Computer simulation showed the effi-
cacy of the proposed controller.

8. ADVANCED MOBILITY DEVICES

Research on advanced mobility systems have yielded some
novel wheelchair prototypes as well as products, which
inevitably incorporated complicated control systems (40–
42). The IBOTTM, an advanced mobility device, incorpo-
rates a variety of sensors and actuators for dynamic
stabilization of the device, speed control, self-diagnosis,
and for changing operational functions. The actuators and
sensors allow the IBOTTM to respond to changes in
terrain, which cause changes in the occupant’s CoG. A
fault-tolerant control scheme has been implemented on
the IBOTTM, where three redundant computers help to
maintain stability and the IBOTTM operates by using a
voting process to determine the actions of the device (40).
Figure 15 shows the balance mode of the IBOTTM.

The Independence 3000 IBOT Transporter (IBOT) has
probably garnered the most attention for its innovations
in dynamic stabilization that provide it with a unique
combination of capabilities. The IBOT incorporates a
variety of sensors and actuators for dynamic stabilization
of the device, speed control, self-diagnosis, and for chan-
ging operational functions (43). The actuators and sensors
allow the IBOT to respond to changes in terrain, which
cause deviations in the occupant’s CoG with respect to the
device. Three redundant computers help to maintain
stability, provide the user with control, and assure safe
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operation. The IBOT command and control computers use
a voting process to determine the actions of the device in
response to requests from the user or changes in device
status. The IBOT software also records the operation of
the device and maintains an operations log, useful for
maintenance. An important feature of the IBOT is that the
device contains an internal modem that allows commu-
nication with the manufacturer or a service representa-
tive at a distance, which provides the potential to
download logs to determine whether periodic maintenance
is necessary and to upload software changes. Structurally,
the IBOT is based on a chair mounted through linkages to
a wheeled base. The IBOT drive train includes four
primary wheels, each controlled through its own set of
electric motors, and two caster wheels. The two sets of
drive wheels on either side of the chair form a cluster.
Each cluster may rotate about its central axis while the
wheels may rotate about their hubs; this flexibility allows
the IBOT to traverse nonuniform surfaces, inclines, and to
climb curbs. The user operates an IBOT via a position-
sensing joystick and a user control panel containing
several buttons attached to the armrest. In a study by
Cooper et al., subjects reported using the IBOT to perform
a variety of activities including holding eye-level discus-
sions with colleagues and shopping by balancing on two
wheels, going up and down steep ramps, traversing out-

door surfaces (e.g., grass, dirt trails), and climbing curbs
(40). The balance and four-wheel drive functions were
found to be most helpful. The IBOT required attention to
control in standard function. The seat height was too high
for most tables and desks, and it was challenging to use
the IBOT in the bathroom. The IBOT was a functional
mobility device, its greatest strengths are outdoors and in
circumstances where space exists to use balance function
(40). Other stair-climbing and curb negotiating devices
have also been investigated. Lawn et al. have reported on
an electric-powered wheeled mobility device that can
negotiate stairs and ingress/egress into a motor vehicle
(44). Krovi and Kumar have described the investigation
into combing the use of robotic legs with a wheeled device
to provide increased mobility to people with disabilities
(42). Their device was intended to assist with climbing
curbs and uneven terrain. Future advances in controls
may benefit from learning from nature and how insects
negotiate rough terrain (45).

A number of computer-controlled wheelchairs have
been developed in recent years, including the NavChair
(46), TinMan (47), Wheelesley (48), and Walky (49).
Wheelchair systems with customized user interfaces, sen-
sors, and controllers, suitably integrated, can potentially
make the operation of a wheelchair much simpler and
make it more accessible to people with disabilities. Such

Figure 15. IBOTTM balance function.

Y

CX

CY

X

w2r

2b

d
C

P

M(q)q + C(q,q)q + F(q) + �d = B(q)� - AT(q)�    (2)

−
==

 
v

d
d

y

x

q C

C

1
�

0
cos�sin�

sin�cos�
    (1)

--v and � are the linear and angular velocities.

−
−=

Imdcos�mdsin�

�

mdcos�m0

mdsin�0m

M(q)

=
0

sin�md�

cos�md�

C(q,q) 2

2

−
=

bb

sin�sin�

cos�cos�

r
B(q)

w

1

[ ]dcos�sin�A(q) −−=
� ∈R2×1

�d ∈R3×1
: the input torque vector;  
 : the bounded unknown disturbances  

�

Figure 14. Wheelchair model diagram.

WHEELCHAIR ENGINEERING 13



chairs may use a wide variety of sensors ranging from
ultrasonic range sensors, cameras, encoders, acceler-
ometers, and gyroscopes. Suitable control algorithms as-
sist the user in avoiding obstacles, following features such
as walls, planning collision-free paths, and traveling
safely in cluttered environments with minimal user input.
Shared control is the common control scheme used by
these systems (50–52), where several operation modes are
usually provided to ensure different degrees of the control
shared by the user and the wheelchair. Levine, Yoder, and
Simpson have reported on combing obstacle detection and
avoidance with an electric-powered wheelchair (46,52,53).
They use a combination of ultrasound and infrared sen-
sors to map the environment and provide assistance with
guidance and control of an electric-powered wheelchair for
people who have visual as well as lower-limb impairments.
This line of research shows promise for helping people who
are elderly to maintain independent mobility. Jorgensen
and Garbini (41) proposed a new type of wheelchair in the
form of a two-wheeled coincident-axle-mounted double-
inverted pendulum, capable of traversing irregular ter-
rain, ramps, and staircases. The device is actively stabi-
lized by torques applied between the components at the
pivot joints, through a feedback control system.

9. SUMMARY

Wheelchairs provide an important source of mobility for
individuals with disabilities. Through the use of a wheel-
chair, people are able to participate in a wide variety of
activities in their communities. Despite the fact that
wheelchairs have been under development for nearly a
thousand years, their remains much to be learned. Ad-
vances in materials, electronics, and manufacturing tech-
niques all contribute to continuous improvements in
wheelchairs. As wheelchairs advance, their similarities
to the traditional wheelchair diminish and their func-
tional capacity increases, which has partially contributed
to the expanding number of wheelchair users. As wheel-
chair technology becomes more functional and enabling in
appearance and capability, they help to expand the popu-
lation of wheelchair users, be it through providing mobi-
lity to individuals where previous products were
inadequate or by subverting other means of mobility.
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1. INTRODUCTION

A wide area network (WAN) is a data network that
covers a wide geographical area by using wired or wireless
transmission links provided by communications carriers
to connect local data devices or local area networks (LANs)
at remote locations together. The coverage area of a WAN
is normally outside the boundary of one metropolitan
area. It is usually built for a big organization to link their
offices that are dispersed in different cities or countries. In
terms of the transmission facilities being used, WANs can
be classified as one of three types: leased lines, circuit-
switched, or packet-switched.

1.1. The Development of WAN Technologies

The earliest type of circuit-switched WAN, in the 1970s,
allowed remote terminals to access a data center computer
at a remote geographic area by using pairs of modems over
the public switched telephone network (PSTN). X.25 net-
work, using the X.25 packet switch technology, first in-
troduced by Tymnet in 1970, was called a value-added
network (VAN) at the time. As it offered an option for data
communications across a wide area, the X.25 network is
considered the first generation of packet switch WANs.

In 1981, the emergence of the IBM personal computer
(PC) induced the proliferation of the Ethernet and token-
ring LANs in many organizations. The rapidly escalated
cost of linking additional remote LANs to the organiza-
tion’s mainframes had led to the demand of line sharing. A
series of line sharing products, referred to as multiplexers
and concentrators, were therefore developed. Frequency
division multiplexing (FDM) was originally used by com-
munication carriers, and then replaced by time division
multiplexing (TDM) that uses the T-carriers or E-carriers
as a digital transport mechanism, which led to the repla-
cement of analogue leased lines with digital leased lines.
In the mid-1980s, communications carriers began to make
available, for commercial use, high-capacity circuits, T1 in
North American and E1 in Europe, which support a data
rate of 1.544Mbps and 2.048Mbps, respectively. Through
the development of T1 and E1 multiplexers, voice, data,
and video transmission can share the use of common high-
speed circuits. The International Telecommunication Un-
ion Telecommunications Standardization sector (ITU-T)
formalized the Integrated Service Digital Network (ISDN)
standards in 1983 for the transmission of voice, video, and
data service over the common transmission infrastructure
(1,2).

Meanwhile, because of the remarkably low loss and
excellent linearity and dispersion behavior of single-mode
optical fiber, carrier/service providers started to choose
optical carriers rather than the traditional T-carriers, E-

carriers, and J-carriers for their core networks. In the
mid-1980s, Synchronous Optical Network (SONET) was
first proposed by Bellcore, and in 1988, the American
National Standards Institute (ANSI) standardized it.
The ITU then adapted SONET and created a worldwide
telecommunication standard—Synchronous Digital Hier-
archy (SDH). Its data rates are defined in terms of Optical
Carrier (OC) levels, OC-3 with a rate of 155.52Mbps has
been the most widely used level in carrier core networks
(1). Also in 1988, the Asynchronous Transfer Mode (ATM)
technologies were first introduced by ITU-T as part of a
larger vision for the future of networks—Broadband ISDN
(2).

In 1991, the strong growth in data traffic and the
number of users of data communication has resulted in
the development of the second generation of packet switch
network, frame relay (FR) network. In the mid-1990s, the
Internet was commercialized and became the most popu-
lar packet-switched WAN. Since then, Internet service
providers (ISPs) have built a lot of WANs to provide
connections between an organization’s LAN and the Inter-
net. As the Internet provides a high-speed WAN, the need
for a private network made up of leased lines owned by the
organization has reduced. Virtual private networks
(VPNs) have become very popular, which use encryption
and other techniques to make it appear that the organiza-
tion has a dedicated network while making use of the
shared infrastructure of the Internet (3).

1.2. International Standards Organizations

International standards organizations have imposed en-
ormous influence on the development of WAN technologies
in the world. They standardize the physical and opera-
tional characteristics of communication equipment. Thou-
sands of equipment and facility manufacturers and
communication carriers adopt the standards or recom-
mendations released by these standards organizations so
that their products or services can be compatible with the
equipment or transmission facilities of the other manu-
facturers or carriers. The following standards organiza-
tions have played and are playing important roles in the
development of WAN technologies:

* International Standard Organization (ISO)
* European Telecommunication Standard Institute
(ESTI)

* International Telecommunication Union Telecommu-
nication Sector (ITU-T)—the former Consultative
Committee for International Telephone and Tele-
graph (CCITT)

* Internet Engineering Task Force (IETF)
* ATM Forum

1.3. OSI Model and WAN Technologies

One of the most important contributions of ISO to the field
of communication is the Open Systems Interconnection
(OSI) Reference Model developed in 1984. It defines the
communications process with a seven-layer architecture,
each of which has specific network functions and associa-
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tions with its upper and lower layers (4). It is widely
accepted as the primary architectural model for commu-
nications between computers. The seven layers of the OSI
reference models are shown in Table 1.

The OSI model is only a conceptual framework for
communications between computers. It is the communica-
tion protocols that make the actual communication possi-
ble. In the context of data networking, a protocol is a
formal set of rules and conventions that governs how
computers exchange information over a network medium.
It implements the functions of one or more of the OSI
layers. WAN protocols operate at the lower three layers of
the OSI model and define communication over the various
wide-area media.

The relationship between the key WAN protocols and
the ISO reference model will be introduced in the next
section. For more details about the OSI reference model,
please refer to (4).

1.4. WAN Using Leased Lines

The leased line provides a single, pre-established WAN
communication path from the customer premises through
a carrier network to the remote networks. In actuality, a
carrier rarely allocates a line to a customer to use exclu-
sively. Normally, a leased line represents a circuit routed
from the customer’s source premises to the carrier’s
nearest branch office, where this circuit and some other
user’s circuits are multiplexed and routed onward on a
wideband circuit in the carrier’s network toward its
destination. At the nearest carrier’s office to the custo-
mer’s destination premises, the customer’s circuit is de-
multiplexed from the wideband circuit and connected to a
line that is routed to the customer’s destination premises
(1,2). After the leased lines are set up, WAN communica-
tion paths can be used at any time. It is owned and can
only be used by the customer. Normally, the customers at
the two ends of a leased line build up a point-to-point link
between each other. However, apart from providing point-
to-point links between two customers, leased lines are also
used to link packet-switched WAN together. Figure 1
illustrates a point-to-point link in a typical WAN using
leased line.

The carrier allocates pairs of wire and facility hardware
to leased lines and prices them based on the required
bandwidth and distance between the two connected
points. Leased lines are generally more expensive than
the shared services, especially when the number of the
LANs waiting to be connected or the distance between the
remote LANs grows. However, this type of WAN has the
advantage that the network is private and the commu-
nications path is guaranteed to be always available once
the network is established.

Two classes of leased lines exist: analogue leased lines
and digital leased lines. Analogue leased lines require the
use of a modem at each end of the transmission facility;
whereas digital service unit (DSU) or channel service unit
(CSU) are required to interface the digital leased lines (2).
With different types of digital leased lines, different types
of backbone can be formed for a WAN, as shown below:

* 56kbps or 64kbps leased lines
* T-, E-, or J-carrier backbone
* Synchronized digital hierarchy (SDH)/Synchronized
Optical Network (SONET) backbone

* Dark fiber backbone

1.5. Circuit-Switched WAN

Circuit switch networks can be divided into two classes:
analogue-switched network and digital-switched network.
The public-switched telephone network (PSTN) repre-
sents the most commonly used analogue circuit switch
network. Circuit switch networks use circuit switching
equipments to cross-connect the incoming line and the
outgoing line so that a temporary physical path between
the caller and the destination is established for the dura-
tion of a call. After the call is finished, the temporary path
will not exist and the facilities will be reused for the next
call. Unlike private WANs that use leased lines, the WAN
connections of circuit-switched WANs are not always on,
they are initiated when needed and terminated when the
communication is completed. Customers use dial-up ser-
vices to build up circuit-switched WANs, and therefore are
charged by usage. As the circuit switch facilities are not
always occupied by certain customers but are shared by
lots of users, circuit switch WANs offer great cost-efficiency
as compared with leased-line WANs (4,5).

In order to use dial-up service to build up a circuit-
switched WAN over Plain Old Telephone Service (POTS)
lines, modems that specified in ITU V series standards,
such as ITU V.21, V.22, V.22bis, V.23, V.32, V.32bis, V.FC,
V.34, V.90, or xDSL modems are required at the user’s
side; access servers are needed for concentrating dial-in
and dial-out connection at the network side. Customers
can also use dial-up service in an ISDN network, which
requires network terminals (NTs), terminal adapters
(TAs) at the customer side, and correspondent network-
termination devices, line-termination (LT) equipment,
and exchange-termination equipment installed at the
communication network side.

1.6. Packet-Switched WAN

Packet switch networks, which were also referred to as
‘‘public data networks (PDNs)’’ or ‘‘value-added networks
(VANs)’’, use packet-switching technology. It is different

Figure 1. A point-to-point link in a typical
WAN using leased line.
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from the circuit switching in that original user data are
divided into small segments and transmitted using a
store-and-forward mechanism in a form of a packet in
which the data segment and other necessary addressing,
sequencing, and error-control information are included. In
a packet network, packets from different users are statis-
tically multiplexed, a series of packet switches, which are
also know as routers, route each packet to its destination
using the addressing and sequencing information in the
packet.

Packet-switched networks are usually connected to the
communication carrier’s network. The logical link be-
tween the originating port and the destination port is
often referred to as virtual circuit. A number of virtual
circuits can be multiplexed into a single physical circuit
for transmission across the network. In comparison with
the long-distance data transmission over circuit-switched
network, packet-switched network offers a more econom-
ical WAN service as multiple users share the use of
transmission facilities of the packet network. X.25, frame
relay, SMDS, and VPN are the main technologies for
packet-switched WAN (4,5).

2. BROADBAND ACCESS FOR WANS

2.1. ISDN

ISDN, the integrated services digital network, is a digital
communication network for providing integrated services
of voice, video, data, and graph at high speeds between
users over one standard communication line, such as the
local telephone line. ‘‘The ISDN network structure is
interwoven with the public-switched telephone network
(PSTN) structure, and PSTN/ISDN can therefore be seen

as a ‘dual network’ with common exchanges and network
management systems. The difference between the PSTN
and ISDN is most obvious in the way they handle local
access (6).’’

ISDN standard was first published by ITU-T in 1984.
Both ITU-T and ETSI have been involved in its standar-
dization process since then. In Europe, a uniform Eur-
opean form of ISDN standard, called Euro-ISDN, was
released in 1993. ISDN now has been widely deployed
around the world. Since 1990, when ITU-T approved
another standard, Broadband-ISDN (B-ISDN), which in-
cludes the introduction of the cell-switched ATM technol-
ogy, the original ISDN that was designed for data
communications over circuit-switch networks is normally
referred to Narrowband-ISDN (N-ISDN) (7).

The services that ISDN supports can be classified as
bearer services, teleservices, and supplementary services.
Two types of channels are used by ISDN, bearer channel
(B-Channel), which usually carries the regular traffic and
occupies a bandwidth of 64kbps, and data channel (D-
Channel), which carries signaling or packet traffic at
16 bps or 64 bps (8,9).

Two modes exist to access ISDN network, Basic Rate
Access (BRA) and Primary Rate Access (PRA). The BRA is
also called ‘‘2BþD’’ mode (2 � 64 bpsþ 16kbps), which
offers 144 kbps for the integrated services and uses
13kbps for synchronization and 3 bps for network man-
agement. The PRA is defined as ‘‘30BþD’’ mode
(30 � 64 bps þ 64kbps), which offers 2048kbps for the
integrated services and uses 64kbps for synchronization
and network management.

Figure 2 shows a typical ISDN network structure. At
the customer premises, NTs must be installed for the
access to ISDN network. Terminal equipment with an
ISDN interface, such as digital telephones, links to NTs
directly; for terminal equipment without an ISDN inter-
face, such as analogue telephones and X.21 or X.24
modems, a special device called a terminal adaptor (TA)
is needed for the ISDN interface adaptation. At the ISDN
network side, line terminals (LTs), which are equivalent to

Table 1. OSI Reference Models

Figure 2. A typical ISDN network structure.
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NT1, or Exchange Terminals (ETs) with functions for
adapting to the switching system of the exchange must
be equipped.

ISDN standards in ITU-I series and Q series recom-
mendations is a comprehensive suite that encompasses
the specifications for ISDN structure, services, global
network aspects and functions, interface between user
and network, and internetwork interfaces. It is impossible
to explain the details of ISDN technologies in this section.
For the details of ISDN technologies, please refer to ITU’s
website (8).

2.2. xDSL

DSL, digital subscriber lines, is a local loop access tech-
nology that uses advanced modulation/demodulation
schemes to transmit data over plain copper telephone
lines between customer premises (home or offices) and
the local telephone exchange, without traversing the
telephone switch network (10). It is therefore often re-
ferred to as ‘‘last mile’’ technologies. There are several
types of DSL technologies: HDSL (High-Data-Rate DSL),
SDSL (Single-Line DSL), IDSL (ISDN DSL), ADSL
(Asymmetric DSL), RADSL (Rate Adaptive DSL), and
VDSL (Very High-Data-Rate DSL), etc. xDSL is a generic
term for the suite of DSL technologies, where ‘‘x’’ repre-
sents any of a number of letters, including ‘‘A,’’ ‘‘RA,’’ ‘‘S,’’
‘‘I,’’ ‘‘H,’’ and ‘‘V,’’ etc.

A standard telephone line installed by telephone com-
panies in homes or offices consists of a pair of copper wires,
which has plenty of bandwidth that could be up to several
million Hertz for carrying data in addition to voice con-
versations that usually occupy a frequency range of
400Hz to 3400Hz. DSL exploits this remaining capacity
to carry data information on the wire without disturbing
the delivery of voice conversation. The following modula-
tion schemes are used in xDSL technologies (10,11)

* Carrierless Amplitude Phase (CAP) Modulation
* Discrete Multitone (DMT) Modulation Quadratic
Amplitude Modulation (QAM)

* Simple Line Code (SLC)
* Multiple Virtual Line (MVL)

Different types of DSL technologies have slightly dif-
ferent requirements for length and thickness of the copper
wires between the customer premise and the local tele-
phone exchange.

Generally, the maximum length of copper wires should
be less than 20,000 feet. Table 2 below summarizes the
characteristics of different DSL technologies (11).

Various requirements from different applications lead
to the existence of various DSL technologies. For example,
HDSL and SDSL are suitable for delivering data services
at T1/E1 speed, such as feeder plant, LAN/WAN access,
and server access. ADSL is often used for providing
services like internet surfing, video on demand, remote
LAN access, and interactive multimedia. It only uses one
pair of copper wires and allows simultaneous telephone
conversations and data transmission with downstream

rates from 1.5Mbps to 8Mbps. IDSL is mainly for ISDN
128 bps voice and data services delivery, whereas VDSL
has the capability to deliver HDTV service. Generally
speaking, the different variations of DSL technology
have been implemented to meet the specific needs of any
home users, small- and medium-size businesses, schools
and colleges, and corporate sectors.

ADSL are very popular among home users and small
business users. It allows voice conversation and data to be
transmitted simultaneously. In order to use ADSL service,
two pieces of equipment, a DSL transceiver, which is also
called ‘‘DSL modem’’ or ‘‘ATU-R,’’ and DSL Access Multi-
plexer (DSLAM) must be installed at the customer pre-
mises and the local telephone exchange, respectively.
Figure 3 below shows a typical DSL connection.

At the local exchange, a splitter will first split up the
signals from the local loop into voice signal and data
signal. The voice signal will be sent to a traditional
POTS switch and then enter the telephone switch net-
work, whereas the data signal will be demodulated by a
DSL transceiver and the resulting digital data stream will
be routed over a LAN/WAN connection (10 Base-T Ether-
net, T1, T3, X.25, ATM, frame relay, etc.) to its destination.
Therefore, the data signal never enters PSTN. For more
details about xDSL, please refer to ITU-T G.998.1,
G.998.2, and G.998.3 recommendations (12–14).

2.3. Cable Modem

Cable is short for ‘‘cable TV.’’ As the cable TV (CATV)
service networks expand largely, the access technology
that allows customers to obtain WAN connections over
cable TV networks has become a serious competitor for
other access technologies like xDSL. The cable modem at
customer premises and the Cable Modem Termination
System (CMTS) in the head end center of the cable TV
system for connecting cable TV networks and data net-
works are the two enabling devices for the provision of
bidirectional WAN connections via cable TV networks
(10).

Today, most CATV networks are Hybrid Fiber-Coaxial
(HFC) networks. Fiber-optical cables are laid between the
head end center and locations near customer premises,
coaxial cables are used to link between these locations and
the customer premises. At the head end center, normally
up to 2000 cable modem users can simultaneously connect
to one CMTS via one TV channel. More TV channels must
be added to the CMTS for supporting more cable modem
users.

In 2002, ITU-T accepted DOCSISTM 2.0 (Data over
Cable Service Interface Specification) as an international
standard of the data over cable system. DOCSISTM 2.0,
developed by CableLabs and also known as ITU-T Recom-
mendation J.122, defines interface requirements for cable
modems involved in high-speed data distribution over
cable TV system networks (15). Aiming at the DVB-centric
European market, DOCSIS has been derived into a Eur-
opean version, the Euro-DOCSIS (European Data Over
Cable Service Interface Specification Standard), which
defines interface specifications for cable modems, CMTS,
and embedded cable modems within a DVB-C set-top box
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involved in high-speed data communication over Hybrid
Fiber-Coaxial (HFC) networks. For the radio interface
between the cable modem and CMTS, both DOCSIS 2.0
and Euro-DOCSIS 2.0 have specified

* an enhanced Media Access Control (MAC)-layer that
contains quality of service(QoS) traffic management
functions and cable modem authentication exten-
sions;

* a Physical (PHY) layer which adopts the advanced
TDMA and S-CDMA technologies to increase the
upstream data carrying capacity and robustness to
noise and interference.

The OSI layer stack up for a DOCSIS cable modem
radio interface is shown in Table 3 (15).

3. WAN TRANSPORT TECHNOLOGIES

3.1. X.25

X.25 is a communications packet-switching protocol de-
signed for the data transmission over a WAN. It is an
international standard protocol approved by the Consul-
tative Committee for International Telegraph and Tele-
phone (CCITT), now known as ITU-T, that defines how the
exchange of data as well as control information between
user equipment and network node are established and

maintained. The general concept of X.25 was to create
universal and global packet-switched networks for a net-
work environment with lower-speed, end-to-end error
detections, and correction over ‘‘noisy’’ analogue lines
(i.e., telephone lines). It was designed to operate effectively
regardless of the type of systems connected to the net-
work.

The development of the X.25 standard was initiated by
common carriers, such as the telephone companies, in the
1970s rather than a single commercial enterprise. At that
time, many data communication networks existed (also
known as public networks), which were owned by private
companies, organizations, and governments agencies. A
need existed for a common network interface protocol to
resolve the inconsistency between those public networks,
which were quite different internally, and the interconnec-
tion of networks was growing very fast. Later, in 1976, the
X.25 protocol was standardized by CCITT and has been
through numerous revisions throughout the 1980s and
1990s. The X.25 has been used in place of dial-up or
leased-line circuits as a way to set up links to remote
offices or remote users. Signals from multiple users on a
network can be multiplexed through the X.25 interface
into the packet-switched network and delivered to differ-
ent remote sites. The X.25 interface supports data trans-
mission speeds up to 64kbps. The most recent version of
this protocol, adopted in 1996, provides speeds up to
2Mbps and provides error-free transmission. Unlike
frame relay and ATM technologies, which depend on the

Table 2. Summary of the Characteristics of Different DSL Technologies

Type Mode Data Rate (bps) Modulation Distance
Phone
Support

HDSL Symmetric 1.5M–42.048M 2B1Q/CAP Up to 12,000 feet 24 gauge
wire—2 pairs

No

SDSL Symmetric 1.5M–2.044M 2B1Q/CAP Up to 11,000 feet 24 gauge
wire—1 pair

No

ADSL Asymmetric Downstream: 1.5M–8.0 M
Upstream: 16k–640k

CAP/DMT Up to 18,000 feet 24 gauge
wire—1 pair

Yes

RADSL Asymmetric Adaptive within ADSL range CAP Varies within 18,000 feet—1
pair

Yes

VDSL Symmetric 26M for a loop of about 4500
feet, up to 100M for a few
hundred meters

QAM or DMT 1000 feet to 4500 feet depend
on data rate

Yes

Asymmetric Downstream: 13M–52M
Upstream: 1.5 M–2.3 M

IDSL Symmetric 128k 2B1Q Up to 18,000 feet 24 gauge
wire—1 pair

No

Figure 3. A typical DSL connection.
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use of high-quality digital transmission facilities, X.25 can
provide a reliable data communication capability over
either analogue or digital facilities.

3.1.1. X.25 Network. Figure 4 illustrates the relation-
ship between the entities in a X.25 network. The user
equipment, called data terminal equipment (DTE), is the
end system that communicates across the network. They
are usually terminals, computers, or network hosts, and
are located on the premises of individual subscribers. The
network node, called data circuit-terminating equipment
(DCE), is a communication device located at the service’s
facilities. They are usually modems and packet switches
that provide the interface between DTE devices and
packet-switching exchange (PSE, or simply switches).
The network serves a large number of subscribers, and
the PSE is the prime equipment that handles delivery of
data packets from one DTE to another in the correct order
and to the correct address through the packet switched
network (PSN). Figure 4 shows the structure of a X.25
network (4,5).

3.1.2. The X.25 Protocol Suite. The X.25 standard cor-
responds closely to the lowest three layers (layer 1
through 3), namely physical, data link, and network, of
the OSI reference model. The protocol defines a common
connection by standardizing the interface for each layer,
thus enabling the compatibility of multivendor hardware
and software systems. The following protocols are typi-
cally used in X.25 implementations: packet layer protocol
(PLP), link access procedure, balanced (LAPB) protocol,
and those among other physical layer serial interfaces
(such as EIA/TIA-232, EIA/TIA-449, EIA-530, and G.703)
(16).

3.1.3. Physical Layer. The physical layer in X.25 ad-
dresses the manner in which data are transferred across
the DTE-DCE link, which includes the physical and
electrical characteristics of the media, the type of connec-
tors, and the signaling scheme. Instead of defining these
interface characteristics, X.25 makes use of the physical
layer specification in a standard known as X.21 bis; but, in
many cases, other standards, such as EIA RS-232C stan-
dards for the DTE-DCE interface, are substitute. X.21 bis
supports point-to-point connections, speeds of up to

Table 3. The OSI Layer Stack up for a DOCSIS Cable Modem Radio Interface

Application Layer DHCP TFTP SNMP Security Management
Transport Layer UDP
Network Layer IP, ICMP, ARP

Data Link Layer DIX/IEEE 802.2 LLC

DIX/IEEE 802.3 MAC
DOSCSIS Security

DOCSIS MAC

Upstream Downstream
Cable Physical Media Transmission
Dependent Sublayer Convergence Layer

Physical Layer Cable Physical Media
Dependent Sublayer

5–42(65) MHz 42(65)–850MHz
QPSK/8, 16, 32, 64 QAM 64/256 QAM

TDMA TDM (MPEG)
QPSK/8, 16, 32, 64, 128 QAM ITU-T J.83 Annex B(A)

TCM S-CDMA
(mini-slots)

The details of these specifications are available at http://www.cablemodem.com.

DTE

DTE

DTE

DCE

DCE

DCE

Switch

Switch

Switch

Switch

Access line

Shared virtual circuits

X.25 Cloud
(Public packet-switched network)

Figure 4. A typical X.25 network.
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19.2 kbps, and synchronous, full-duplex transmission over
four-wire media. The maximum distance between DTE
and DCE is 15 meters (16).

3.1.4. Link Layer. The link layer in X.25 ensures reli-
able transportation of packets from the network layer. The
LAPB protocol used at this layer is a subset of high-level
data link control (HDLC) based on an ISO standard. It
provides link access specifications for frame composition,
flow-control mechanism, and error-checking methods for a
packet-switched network. Table 4 shows the frame struc-
ture of LAPB:

* Flag—indicate the start and end of the frame. Bit
stuffing is used to ensure that the flag pattern does
not occur within the body of the frame.

* Address—contains the address of the DTE/DCE,
where it is used to identify the terminals.

* Control—contains sequence numbers, commands,
and responses for controlling the data flow between
the DTE and the DCE.

* Data—contains upper-layer data in the form of an
encapsulated PLP packet.

* FCS—handles error checking and ensures the integ-
rity of the transmitted data.

The following is a summary of several protocols that
can be used in the link level of X.25:

* Link Access Procedure, Balanced (LAPB) Pro-
tocol is derived from HDLC and is the most com-
monly used. It enables formation of a logical link
connection aside from all the other characteristics of
HDLC.

* Link Access Protocol (LAP) is an earlier version of
LAPB and is seldom used today.

* Link Access Procedure, D Channel (LAPD) is
derived from LAPB and is used for ISDN (i.e., it
enables data transmission between DTEs through D
channel, especially between a DTE and an ISDN
node).

* Logical Link Control (LLC) is an IEEE 802 LAN
protocol that enables X.25 packets to be transmitted
through a LAN channel.

3.1.5. Network Layer. The network layer (or packet
layer) in X.25 is responsible for routing data from link to
link through a network containing packet switches. At
this layer, data is broken down into packets of appropriate
length and the X.25 protocol header is added. The packet

switch uses part of this information to route the data to
the next link, and so on. A packet contains at least a
header of three or more octets (a group of eight bits). Most
packets are user data, but some packets are only for
control, status indication, or diagnostics. The number of
user data that can be included in a data packet is
determined by the network vendor, which is usually 128
octets. In the header, ‘‘packet received’’ and ‘‘packet sent’’
sequence numbers are included. The integrity of the
transmitted packet data can be ensured by performing
end-to-end detection and correction. As a result, only valid
sequenced packets are sent to the destination.

3.2. Frame Relay

At the time when X.25 was still serving in the packet-
switched environment, two communication problems were
raised: 1) As a result of the increasing use of high-quality
cabling system such as optical fiber, where data are
transferred with very low error rates between network
nodes, it was found that unnecessary delays are incurred
in the process of error checking and correction procedure
when the existing X.25 protocol was used over such media.
2) As a result of the increasing demand for higher speed
transfer of large amounts of data, LAN became a critical
requirement in the majority of corporate networks. A need
developed for a lower protocol processing to cope with the
‘‘bursty’’ traffic associated with the LAN network and the
need to connect LANs and WANs. These two important
factors have led to the development of the new protocol
called frame relay (4,7).

Frame relay is basically a streamlined version of X.25,
and it is often regarded as the second-generation packet-
switched protocol. The significant differences that make
frame relay a faster, more efficient form of networking
than X.25 are that it operates at the bottom two layers
(layer 1 and layer 2), namely the physical layer and link
layer of the OSI model. The protocol does not incorporate
any link setup, error correction, or flow-control procedures
that were initially found in the X.25 network. If any errors
occur because of transmission or network congestion, then
the system simply discards the corrupted frames. Detec-
tion of lost frames and subsequent recovery action is left to
the end systems connected to the network. As a result,
frame relay has a considerably smaller amount of over-
head and faster processing time, which enables frame
relay to offer higher performance and greater transmis-
sion efficiency than X.25, and makes it suitable for current
WAN applications, such as LAN interconnection. Frame
relay is also protocol-independent; it accepts data from
many different protocols. This data is encapsulated by the
frame relay equipment, not the network (7).

Frame relay did not receive significant attention when
it was first presented to the CCITT in 1984, because of the
protocol lack of interoperability and complete standardi-
zation compared with X.25. However, frame relay gradu-
ally became popular only after a consortium’s specification
was developed and published, and many vendors have
announced their support of the extended frame relay
definition. These frame relay extensions are referred to
collectively as the Local Management Interface (LMI).

Table 4. Frame Structure of LAPB

Field length
in bytes
1 1 1 Variable 2 1

Flag Address Control Data FCS Flag
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The consortium was formed by Cisco, Digital Equipment
Corporation (DEC), Northen Telecom, and StrataCom.
Subsequently, the extended frame relay specification was
standardized by CCITT and ANSI simultaneously, and
these standardized specifications are more commonly used
than the original version (7,17).

3.2.1. Frame Relay Network. As shown in Fig. 5, from a
physical perspective, the structure of a frame relay net-
work is similar to other types of network (i.e., X.25 net-
work). However, frame relay operates only at the physical
layer and link layer. The physical component defines the
specifications for the actual connection between DTE and
DCE, such as mechanical, electrical, functional, and pro-
cedural specifications for the physical connection between
the devices. One of the most common physical layer inter-
face specifications is the recommended standard EA-
RS232C specifications. The link layer component defines
the protocol that establishes the connection between the
DTE device, such as a router, and the DCE device, such as
a switch. The types of links that connect the frame relay
switching points operate at high speeds where a frame
relay network is running over a T-carrier infrastructure
(U.S. standard), the links can operate at 1.5Mbps to
45Mbps; for networks being served by E-carrier (Europe
standard) platforms, the links can operate at 2Mbps to
34Mbps. Figure 5 shows a typical frame relay network.

Frame relay sends information in packets called frames
through a shared frame relay network. Each frame con-
tains all the information necessary to route it to the
correct destination. So, in effect, each endpoint can com-
municate with many destinations over one access link to
the network. The access link could be a leased line, such as

56kbps/64 kbps, or T-1/T-3/E-1, an ISDN line, or an analog
dial-up line (18).

3.2.2. Frame Relay Frame Format. The frame format of
the frame relay defines how information must be pack-
aged in order for the frame relay network to act on it and
to deliver it to its destination. The frame format may take
any native data stream, no matter what the protocol (i.e.,
TCP/IP, SDLC, X.25), and puts it into an encapsulated
form using LAPD that the frame relay switches can act on.
LAPD is derived from LAPB, where the frame header is
altered slightly to contain the Data Link Connection
Identifier (DLCI) and congestion bits, in place of the
normal address and control fields. This new frame relay
header is 2 bytes in length and has the following format,
as shown in Table 5 (7,17):

* DLCI—10-bit DLCI field represents the address of
the frame and corresponds to a network node.

* C/R—Designates whether the frame is a command or
response.

* EA—Extended address field signifies up to two addi-
tional bytes in the frame relay header, thus greatly
expanding the number of possible addresses.

* FECN—Forward Explicit Congestion Notification is
a single-bit field that can be set to a value of 1 by a
switch to indicate to an end DTE device that conges-
tion was experienced in the direction of the frame
transmission from source to destination.

* BECN—Backward Explicit Congestion Notification
is a single-bit field that, when set to a value of 1 by a
switch, indicates that congestion was experienced in
the network in the direction opposite of the frame
transmission from source to destination.

* DE—Discard Eligibility is set by the DTE device to
indicate that the marked frame is of lesser impor-
tance relative to other frames being transmitted.
Frames that are marked as ‘‘discard eligible’’ should
be discarded before other frames in a congested net-
work. This process allows for a basic prioritization
mechanism in frame relay networks.

DTE

DTE

DTE

DCE Network
host

Terminal Packet
switch

Personal
computer

Frame relay
WAN

Figure 5. A typical frame relay network.

Table 5. The Frame Structure of LAPD

Flag Frame Relay
Header

Information FCS Flag

DLCI C/R EA DLCI FECN BECN DE EA
01237  6  5  4017 6 5 4 3 2 
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3.3. ATM (Asynchronous Transfer Mode)

ATM is a cell-based high-bandwidth and low-latency
switching and multiplexing technique. It was first intro-
duced by the ITU-T, in 1988, as part of the Broadband
ISDN standard. The idea underlying the design of ATM
was to consolidate different types of traffic (voice, data,
video, images, etc.) and transmit them over one common
transport network with support to different classes of
Quality of Service (QoS). Today, ATM has been widely
accepted by the market and is used in about 80–85% of
Internet backbone and frame relay networks. Many multi-
ple point-to-point leased lines used in individual applica-
tions networks are replaced by ATM (7).

ATM enables access bandwidth and network resources
to be shared by multiple sources and users and supports
multiservice and multirate end-to-end connections of
voice, data, image, and video traffic. It features:

* high capacity ranging from 10Gbps to 160Gbps, or
even the magnitude of Tera bps,

* robust architected QoS support, and
* high-speed, 155Mbps and 622Mbps, interface sup-
port.

3.3.1. ATM Cells. The basic unit of ATM transmission
is a cell. All types of information packets are disassembled
to form cells that are then switched and multiplexed by
ATM switches in an ATM network. Each cell contains 53-
byte bytes: 5 bytes of addressing information and 48 bytes
of payload. The ATM cell structure is shown in Table 6
(7,19).

In the cell header, the GFC segment contains informa-
tion for multiplexers to control traffic delay. The PT
segment specifies if a cell carries user data or signaling
information. The CLP segment indicates the priority of
the cell. Cells with lower priority will be discarded earlier
than the cells with higher priority when traffic congestion
happens. The HEC segment is used to detect and correct
error bits in the header. No error control bit exists in the
48-byte payload segment. The ATM network relies on the
higher layers to perform error control for the payload. The
use of fixed size of cell greatly simplifies the implementa-
tion and increases the speed of the process of switching
and multiplexing.

3.3.2. ATM Virtual Channels and Virtual Paths. An ATM
network is a connection-oriented network, that is, a
virtual circuit between the source and destination has to
be established before the actual data transmission starts.
ATM cells are transported via a virtual channel (VC)

between two neighbor ATM switches along the predefined
virtual circuit. Several virtual channels that have the
same QoS requirement are bundled together into a com-
mon virtual path (VP). Every VC and VP is assigned a
number that is saved in the virtual channel identifier
(VCI) segment and virtual path identifier (VPI) segment,
respectively, in the cell header.

Normally, the predefined virtual circuit consists of
numerous switch-to-switch links between the source and
destination of the data connection. In each ATM switch
along the virtual circuit, a table that describes the input
and output VCI/VPI relationship is set up. When an ATM
switch receives a cell, according to the VCI and VPI
segment in the cell header, the ATM switch will forward
it to the next switch through the corresponding output VC
and VP defined in the VCI/VPI table. The cell’s VCI/VPI
will also be changed to the output VCI/VPI. A chain of the
VCI/VPI pairs at the ATM switches defines the virtual
circuit between the data source and destination.

The VC and VP can be set up by being prereserved with
the network as a permanent or semipermanent connec-
tion; by a metasignaling procedure across a metasignaling
VC; or by a user-to-network or user-to-user signaling
procedure. A series of specific QoS parameters, such as
the delay priority, are defined in ATM standards. The QoS
request of a certain session is negotiated through the VCI/
VPI set-up procedure. If the requested QoS cannot be
guaranteed by every switch along the way between the
source and destination, the session will be denied. How-
ever, once the negotiation is succeeded, the network
monitors the traffic to ensure the agreement is adhered
to, and the QoS requirement can always be guaranteed.

3.3.3. The ATM Layers. The protocol reference model
defined in ITU B-ISDN standards contains three planes:
user plane, control plane, and management plane. The
user plane is for the use of transmitting user data and
providing user interface; the control plane is used to
transmit signaling and control information; the manage-
ment plane is for network operation, management, and
maintenance. Within this reference model, as shown in
Fig. 6, each plane is also divided into three layers, the
ATM adaptation layer (AAL), the ATM layer, and the
physical layer, which correspond to the lower three layers
in the OSI model (19).

3.3.4. The ATM Layers—ATM Adaptation Layer
(AAL). The AAL performs the functions of segmentation
and reassembly. It segment the packet streams of different
users and services from the higher layer into a stream of
cells, each of which is 48 bytes long. It also reassembles

Table 6. The ATM Cell Structure

Header Payload

Generic Virtual Path Virtual Chan-
nel

Payload Cell-loss Header

Flow Control Identifier Identifier Type Priority Error Control
(GFC) (VPI) (VCI) (PT) (CLP) (HEC)

4 bits 8 bits 16 bits 3 bits 1 bit 8 bits 48 bytes
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the received cell stream from the ATM layer into packet
streams and forwards them to the higher layers. The AAL
has two sublayers: the Convergence Sub-layer (CS) and
the Segmentation and Reassembly (SAR) sublayer. The CS
converges both the connection-oriented and connection-
less information streams from higher layers onto the SAR.
The SAR performs the segmentation and reassembly
translation of the converged stream from CS and the 48-
byte long cell stream for the ATM layer.

In B-ISDN standards, four classes of services, A, B, C,
and D, are defined according to the criteria of a service is
time-independent or time-dependent, service produces
variable bit rate (VBR) traffic or constant bit rate (CBR)
traffic, and the connection-oriented mode or connection-
less mode should be used for the service provision. The
AAL contains four protocols for supporting these four
classes of B-ISDN services: AAL-1, AAL-2, AAL-3, and
AAL-4.

* AAL 1 is designed for time-dependent CBR services.
1 byte from the 48-byte payload segment is used for
the timing information and error control.

* AAL 2 is for time-dependent VBR services. In order
to achieve the minimum time delay, ATM cells can be
sent out before the payload is full.

* AAL 3/4 supports connection-oriented VBR services
that can tolerate time delays. 4 bytes in the 48-byte
payload segment are used for error detection and
recovery.

* AAL 5 is for connectionless VBR traffic. It is similar
to AAL 3/4, but produces cells with less overhead
than does AAL 3/4. The PTI field in the ATM cell
header is used to indicate the last cell from a CS-PDU
of a frame, so that the 48-byte payload segment can
be all used for user data. Therefore, it is also called
simple and efficient adaptation layer (SEAL).

Besides the above four protocols, there is another
protocol, AAL 0, specified for the AAL. It is for dealing
with the situation when no service is delivered and all
cells are transmitted transparently between the service
interface and the ATM layer. AAL 0 is also called Null
AAL (20).

3.3.5. The ATM Layers—ATM Layer. The ATM layer
performs four functions: switching, routing, congestion
management, and multiplexing. In this layer, the five
octet’s headers are added to the 48-byte cell stream from
the AAL; at the receiving end, the cell headers are
interpreted and removed from the cell streams from the
ATM layer. Cells from different connections, which are
marked with different VCI/VPIs, are multiplexed or de-
multiplexed; user data cells, signaling cells, as well as
operation and maintenance cells are all handled at this
layer (20).

3.3.6. The ATM Layers—Physical Layer. The physical
layer provides the transportation of cells over the physical

Figure 6. The B-ISDN protocol reference model.
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Figure 7. A typical application of ATM switches.

10 WIDE AREA NETWORKS



medium. The types of the transmission media, transmis-
sion rate, supported physical interfaces, and coding
schemes are defined in the physical layer. The cell header
error detection and recovery, cell synchronization, and
cell-rate decoupling are completed in this layer.

Today, the ATM switches are not only deployed in core
networks, but also in MANs and LANs. Figure 7 above
shows a typical application of ATM switches (20).

For the latest information on ATM standards, please
refer the ATM Forum’s website (19).
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1. INTRODUCTION

‘‘Wireless’’ is a word originating from Marconi, who in-
vented wireless telegraphy in late 1890s (1,2). Inaccessi-
bility of wire is one of many reasons to perform
transmissions wirelessly. For example, the biomedical
signal of a military pilot on a fighter plane must be closely
monitored to avoid accident caused by the subjection of
extreme gravitational force. Obviously, wire cannot be
connected between the military base and the aircraft.
Therefore, transmission of the physiological signal of the
pilot must be performed wirelessly. Another reason is the
resulted convenience from removal of the cumbersome
connected wires between chronic patient/exercising ath-
lete and the measuring system. Besides, wireless biome-
dical monitoring on animals is also common for research
purposes because attaching wires on animals is uncomfor-
table to them and may affect the measured signals.

The three main components of the system are sensor/
transducer, transmitter, and receiver. Wireless biomedical
sensing consists of two procedures, which are acquisition
of the physiological phenomenon and transmission of the
obtained signal to another location wirelessly.

In the physiological signal/data acquisition process, the
type of sensor/transducer is carefully chosen to obtain the
highest quality in the measured signals. Different biome-
dical signals require different sensors/transducers with a
variety of measuring positions, which are discussed in
detail in other parts of this encyclopedia.

For the transmission part, transmission range (dis-
tance between transmitter and receiver), transmission
medium, frequency choice, and power emission are the
primary considerations in the design of a wireless biome-
dical sensing system. Transmission range can be as short
as several centimeters. For example, the distance between
a swallowable-type transmitter in an intestine and a
receiver on an abdomen is usually in the range of several
centimeters. On the other hand, to monitor the heart
condition of an outpatient, a powerful transmitter may
be required to extend the range to several hundred kilo-
metres. The transmission medium for most of the wireless
biomedical sensing devices is the electromagnetic wave.
Although infrared light, which is usually used within an
enclosed area, and ultrasound, which travels more effec-
tively in water, are also exploited in wireless biomedical
sensing, the electromagnetic wave has fewer restrictions
in many applications and, hence, it is more popular for
wireless transmission of biomedical signals. In addition to
the technical considerations, the frequency choice and

power emission for wireless biomedical sensing with elec-
tromagnetic transmission is usually governed by telecom-
munication bureaus or governing authorities for wireless
communications in most of the developed countries. For
example, the Federal Communications Commission (FCC)
is the governing authority for wireless communications in
the United States. More specifically, part 15 of the FCC
regulations governs all aspects of low-power devices, in-
cluding most of the wireless biomedical sensing products
on the market. Besides, the transmission performance of a
wireless biomedical signal is affected by modulation
scheme, antenna type and orientation, quality of electro-
nic components, transmission medium, and different types
of noises, including interference.

1.1. Historical Review of Wireless Biomedical Sensing

One of the earliest recorded uses of wireless biomedical
sensing was reported in 1921 (3), about 25 years after the
invention of wireless transmission of signal (2). The record
revealed that the U.S. Army Signal Corps had developed a
telemetry system that could transmit heart sound from
ships lacking physicians to better equipped medical facil-
ities on shore. After this incident, wireless biomedical
sensing was latent until the late 1940s. A report published
in England in 1949 described a wireless transmission of
human electroencephalogram (EEG) using frequency
modulation (3).

Telemetry technologies have been applied extensively
on electrocardiogram (ECG/EKG) signals because the
signal can be detected easily, reliably, and noninvasively.
In 1961, Bellet and Winsor independently used an FM
transmitter for transmitting an ECG signal. Holter was
another leading expert in developing wireless transmis-
sion technology for ECG (3).

Farrar et al. invented the first telemetry system that
could detect the pressure inside a human intestinal tract.
In this system, a special active FM transmitter encapsu-
lated inside a tiny plastic capsule was developed, which
could be swallowed by a patient. A receiving antenna
could be placed on the patient’s abdomen to pick up the
signal (3). Mackay and Zworykin also developed a passive
transmitter for intestinal tract pressure (3).

Shipton described a system for wireless transmission of
EEG with frequency response from 2 Hz to 100 Hz in 1960.
Shortly after that, Kamp and Storm van Leeuwen devel-
oped a two-channel EEG telemetry system using pulse
width modulation in 1961 (3).

1.2. Other Applications with Wireless Biomedical Sensing

In addition to the aforementioned development, many
other applications using wireless biomedical sensing are
being investigated, including the measurement of blood
pressure, ECG/EKG, heart rate, oxygen in respiration gas
and in blood, respiration rate and volume, pressure of
bladder and rectum, intracranial pressure, fetal ECG,
temperature, acidity and pressure of intestine, intestinal
hemorrhages, photoplethysmography (PPG), EEG, and
location of patient. Generally, if the following three re-
quirements are satisfied, wireless biomedical sensing can
be a useful tool for monitoring a patient’s health status:

1
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A. A physiological phenomenon that can be measured
reliably by a sensor or transducer,

B. A suitable internal or external space of the subject is
available for the transmitter, and

C. A suitable location exists for placing the receiver.

2. THEORY OF WIRELESS BIOMEDICAL SENSING

A typical single-channel wireless biomedical sensing sys-
tem is shown in Fig. 1. The measured signal is usually
contaminated with noises but, in most cases, they can be
removed or attenuated by many techniques such as adap-
tive and nonadaptive digital filtering methods based on
the frequency spectrum of the biomedical signals. Most
physiological signals have extremely small amplitudes.
Therefore, amplification is necessary for further signal
processing. The next step is to convert the biomedical
signals to appropriate frequencies suitable for wireless
transmission. To achieve this, a modulation process is
used to modulate the measured signal by a carrier signal.
This modulated signal is then transmitted by an antenna.
At the receiving part of the system, a suitable antenna is
used to pick up the signal. Noises induced during the
wireless transmission are then eliminated or reduced.
Amplification is also required because the amplitude of
the received signal is attenuated after propagation
through the transmission medium. Demodulation, which
performs the inverse of modulation, is the last step. The
final result usually needs further signal processing for
more meaningful interpretation and storage for future
used by medical staff.

2.1. Characteristics of a Wireless Sensing System Compared
with a Wired Sensing System

The first priority for a biomedical sensor/transducer is
accuracy. In order to achieve high accuracy, one require-
ment for the devices is to make sure that the measured
physiological parameters are not affected, or at least

minimized, by the devices. Possible reasons for these
effects include input impedance, psychological effects
from the subject, sweating, impediment of the devices on
the subject, surrounding environment and motion, etc.
The last four factors are especially severe for wireless
sensors/transducers because wireless sensors are usually
employed for long-term use with a large amount of subject
movement in a variety of environments. Therefore, the
devices must be robust for motion and ambient conditions.
Ergonomics can improve the interface between the sensor/
transducer and the measuring location, so that the subject
is comfortable with the existence of the device.

The transmitter has to be designed carefully in the
electronic and mechanical aspects to ensure the safety of
the subject and the efficiency of the transmission.

The receiver must have adequate signal processing
tools to interpret and display the received signal for
medical staff or researchers. The sources of noise are
much more complicated than conventional sensors with
a wire connection. Therefore, the criteria of the noise
removing algorithms are more severe than that of the
wired sensing system.

2.2. Different Types of Systems

All systems for wireless biomedical sensing can be classi-
fied into three categories, which are external, implantable,
and swallowable, based on the position of the devices with
respect to the subject.

2.2.1. External System. An external system is carried by
the subject by means of a tailor-made mount. It has the
following advantages and disadvantages.

2.2.1.1. Advantages. (1) The battery can be easily re-
placed or recharged, so the requirement for low-power
consumption is less stringent. (2) Update and modification
of a device can be carried out easily. (3) Protective packa-
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Figure 1. A typical wireless sensing system.
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ging against body fluid seepage is not necessary. (4)
Surgery is not required to install the system.

2.2.1.2. Disadvantages. (1) As the device is worn exter-
nally by the subject, it can be damaged by accidental
impacts with other hard objects. Also, the wires can be
torn by pulling or chewing by the young child or the
animal being monitored. (2) If the measurement is done
invasively, percutaneous connections may cause irritation
and infection. (3) The system may have psychological
effects on the subject who feels uncomfortable with the
device.

An example of the external system is an ECG sensing
device. The ECG signal can be measured noninvasively by
conductive electrodes attached onto the skin or by a
conductive belt around the chest. Some ECG sensing
devices on the market have the capabilities to transmit
ECG signals through the Internet and e-mail.

2.2.2. Implantable System. Implantable systems are
usually sealed within glass and certain ceramics to with-
stand the reactions with body fluids. However, sealing
with these materials involves high temperatures, which
may damage the electronics within the packaging. There-
fore, metal coverplates or glass with metal rings are
normally used to achieve lower temperature sealing. The
advantages and disadvantages of these systems are as
follows:

2.2.2.1. Advantages. (1) Psychological effects can be
reduced because the device is out of sight from the subject.
(2) As the device is protected inside the subject’s own body,
it is less likely to be damaged by accidental impacts with
other external objects. Also, wires are not exposed, so the
young child or the animal being monitored cannot remove
it. (3) Irritation and infection because of percutaneous
connections are avoided.

2.2.2.2. Disadvantages. (1) Surgery is required to im-
plant the system. (2) Repairs and hardware alteration are
not easy as a surgical operation is needed to retrieve the
device. (3) As the system is going to stay inside the
subject’s body for a long period of time, the requirement
for the power supply is generally more stringent as
compared with the external system.

A pacemaker is a good example of the implantable
system. The device is used to detect abnormal heartbeats
and provide the necessary signals to correct the detected
problem. Some pacemakers can transmit heartbeat infor-
mation out of the body for real-time monitoring or regular
examination by medical staff. Most of the pacemakers in
the market require battery life to last for at least five
years.

2.2.3. Swallowable System. This type of system can be
considered as a combination of the above two systems,
having most of the advantages of both systems. These
systems are mainly used to measure temperature, acidity
(pH value), and to detect intestinal hemorrhages.

A pill-shaped multifunction sensor, which is discussed
later in this chapter, is a typical example of swallowable
sensor.

2.3. Power Supply

The lifetime of an ‘‘active’’ biomedical sensing transmitter
is closely related to the lifetime of its battery. The battery
usually occupies a large amount of space and is a heavy
component within the transmitter. Therefore, use of a
small battery to reduce the size and weight of the trans-
mitter is always favorable for wireless portable biomedical
sensing devices. However, a tradeoff exists between the
small size and light weight with the length of life of the
battery. Currently, the Zinc-Air (ZnO2) battery has the
highest capacity-to-volume and capacity-to-weight ratio
with a nominal voltage of 1.4 V among the commercial
products (4); the energy density of the Zinc-Air battery is
around 0.47–1.45 Watt Hour/cm3 and 245–455 Watt Hour/
kg. Also, its relatively flat discharge curve can minimize
the effect of baseline drift of the signal.

On the other hand, the power supply for a ‘‘passive’’
biomedical sensing transmitter is supplied by an external
source. The energy is radiated through the electromag-
netic wave from the external source to the transmitter
continuously. The subject either wears a compact, portable
power supply or relies on a power supply at a fixed
location. In the latter case, the field strength must be
controlled carefully to avoid injury to the subject when one
is near the power source and, at the same time, sufficient
power must be maintained when the subject is far away
from the power source; the maximum biological safety
level for transmitted electromagnetic power is 10 mW/cm2.
A rechargeable battery can also be used in the implanted
passive transmitter; the battery can be recharged by
radio-frequency signals from an external source. For ex-
ample, by placing the charger under a nest or bed, the
system can be recharged whenever the subject sleeps on
that nest or bed because sleeping time allows a longer
charging period. Low-frequency signals for power trans-
mission are preferred because of a lower absorption level
by tissue. For example, Huang et al. (5) developed a
wireless powering biomedical system using the 27 MHz
or 40 MHz frequency band. These techniques can extend
the life of the implanted transmitter without the need for
surgery to replace the battery.

Another approach to extend the lifetime of the system
is to reduce the power consumption, which can be
achieved by lowering the operating voltage using Com-
plementary Metal-Oxide Semiconductor (CMOS) and Bi-
polar CMOS (BiCMOS) Integrated Circuits (ICs). Some
microprocessors can operate with an ultra-low operating
voltage of 1.2 Volts. Another method for reducing power
consumption is to reduce the current consumption by the
frequent usage of shutdown and standby mode of the
device and by lowering the sampling rate.

The power for the biomedical sensing receiver can be
supplied directly from the mains because the location of
the receiver is usually fixed, so the power supply con-
straint on it is not a problem.
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2.4. Analog-to-Digital Conversion

Today, digital communication is used extensively in our
society, partly because of the convenience of storage and
widespread use of computers. Therefore, most telemetry
systems are also implemented in a digital format for
biomedical signal analysis with computers. Conversion
from analog signal to digital signal (ADC) is a critical
step in this process. The conventional ADC method will be
discussed in this section.

The highest frequency element of the analog signal
must be determined in order to calculate the sampling
rate, which is at least twice the highest frequency of the
signal according to Nyquist Sampling Theorem. The re-
solution of the digital signal is determined by the number
of bits used to represent a sample. If 8 bits are used, 28 or
256 levels can be defined between the minimum and
maximum possible values of the sample. The sample is
quantized into these 256 levels and transformed into
binary number with 11111111 being the maximum value
and 00000000 being the minimum value. The procedure is
shown in Fig. 2. Another popular method for ADC is Pulse
Width Modulation (PWM), which is discussed in more
details later in this chapter. The basic PWM method has
a number of variations, which include Pulse Position
Modulation (PPM—varying the position of a short pulse
in a period) and Pulse Frequency Modulation (PFM—
varying the number of occurrences of pulse in a period).

2.4.1. Carrier Modulation for Analog Signal. Several
types of carrier modulation have been tested throughout
the history of wireless transmission of analog biomedical
signals. Frequency modulation (FM) was chosen by most
researchers for practical applications rather than Ampli-
tude modulation (AM) for several reasons. FM transmis-
sion is less noisy, requires less power for the same
transmission strength, and is less susceptible to variation
of amplitude caused by movements of a subject when
compared with the AM method (3). For an FM system,
the amplitude of a signal is represented by a proportional
variation of frequency in the carrier signal, which is a
sinusoidal wave in most applications. An example is
shown in Fig. 3.

2.4.2. Carrier Modulation for Digital Signal. Unlike an
analog signal, many different types of modulation methods
exist for a digital biomedical signal. Generally, most of the
popular methods can be classified as Phase Shift Keying
(PSK), Amplitude Shift Keying (ASK), ON–OFF Keying
(OOK), Frequency Shift Keying (FSK), and Quadrature
Amplitude Modulation (QAM). PSK changes the phase
shift of the carrier signal according to the designated
digital patterns, whereas ASK modulates the amplitude
of the carrier signal according to the designated digital
patterns. OOK turns on the transmission of the carrier
signal for logic high signal and turns off the transmission

for logic low signal, so it can be considered as a variation of
ASK. It is usually used in simple control applications
because of its low complexity. FSK is very similar to FM
except that it shifts the frequency of the carrier in several
predetermined values. Many radio-frequency modules
adopt this modulation. QAM can be considered a two-
dimensional version of ASK. It is a spectrally efficient
modulation usually found in the application of microwave
digital radio. Currently, FSK is the most popular among
all of the above modulation methods for wireless biomedi-
cal sensing for similar reasons as in the case of FM. The
previously mentioned transmitter developed by Huang
and Oberle (5) also used FSK modulation. For more
information of digital modulation methods, Agilent Tech-
nologies provides a comprehensive introduction of most of
the practical digital modulations (6).

2.5. Antenna

Antenna is a critical component for the biomedical sensing
transmitter and the receiver because it is the component
that propagates and receives the electromagnetic wave
respectively. As with the power supply, the receiver is
usually fixed at a location, so the constraint on the
receiving antenna is not stringent. On the other hand,
the antenna of transmitter must be compact so that it can
be easily carried by the subject.

Wavelength (l) is defined as the speed of light (3.0 �
108 m/s) divided by the operating frequency. Wavelength is
an important measuring concept for the size of an an-
tenna. The most basic antenna is a quarter wavelength (1/
4l) conductor above a ground plane, as shown in Fig. 4.
The modulated signal is connected to the central conduc-
tor and the ground plane is connected to ground. This
antenna can be a trace on a printed circuit board (PCB) for
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Figure 3. (a) Original signal. (b) Frequency-modulated signal.
http://www.tpub.com/neets/book12/49b.htm.
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Figure 2. Analog to digital conversion.
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convenient implementation. The 1/4l antenna can be
more compact by transforming it into a spiral shape on a
PCB (7). Smith has reported on the introduction of other
types of compact antennas such as loop antennas for low-
power biomedical sensing applications. He also describes
how a 1/4l antenna can be transformed into more compact
shapes to minimize the size of the transmitter (7).

A biomedical sensing transmitter is within or on the
body of the subject. Therefore, the effects of the body on
the electromagnetic wave propagation from the antenna,
such as the absorption of the transmitted power by the
body and radiation pattern fragmentation, must be care-
fully controlled by antenna design. Scanlon performed a
numerical analysis on an antenna worn on the surface of
the body (8). This study provides useful information for
antenna design for wireless biomedical sensing. In addi-
tion, in situ field testing must be carried out in the actual
operating environment in order to determine the range
and sources of interference.

2.6. Multichannel Sensing System with Multiplexing

Multichannel means two or more channels of signals exist
within a sensing system. This technique is required if
more than one biomedical signal is needed, such as with
EEG signals. These signals are usually transmitted on the
same carrier frequency band. Therefore, multiplexing is
required to combine all the data from different channels
into one signal. Time-division multiplexing (TDM) and
Frequency-division multiplexing (FDM) are two basic
methods for multiplexing.

2.6.1. Frequency-Division Multiplexing (FDM). With
FDM, data from different channels is shifted to different
portions of a frequency spectrum and then these modu-
lated signals are summed together to form a single signal
before going through the carrier modulation process men-
tioned earlier. In the receiver part, after the step of carrier
demodulation, the summed signal can be separated back
into each of the frequency-shifted signals by a bandpass
filter tuned to the frequency that it contains. The inverse
of the frequency shifting is then performed to obtain the

original signals. The number of signals that can be multi-
plexed into one channel depends on the frequency devia-
tion of each signal and the bandwidth of the channel. FDM
is usually associated with analog signals, but most of the
modern biomedical systems are in digital format.

2.6.2. Time-Division Multiplexing (TDM). A typical ex-
ample of a TDM system is shown in Fig. 5 with N denoting
the number of signals being multiplexed. The commutator
circuit uses a switch to scan the amplitude of each signal
periodically. For example, during the first time unit, signal
1 is sampled, and signal 2 is sampled during the second
time unit and so on. After signal N is sampled on the nth
time unit, a reference signal is inserted as a dummy
signal. Its value is set such that it does not equal to all
of the possible values of other signals such as voltage from
the battery (Vcc) or ground. The purpose of this reference
signal is for synchronization between the transmitter and
the receiver, which is an important technique to identify
which original signal is on the multiplexed signal after a
wireless transmission loss. The time duration of this
signal may be set longer for easier recognition. An exam-
ple is shown in Fig. 6 assuming that the amplitude of the
four original signals do not change during the two cycles.

In the receiver, the reference signal detector performs
the synchronization between transmitter and receiver.
Then, another commutator is used to separate the multi-
plexed signal back into the original signals. Each original
signal receives this de-multiplexed signal and holds the
value for another de-multiplexed signal from the next
cycle. A low-pass filter should be applied to eliminate the
artifact from the commutator circuit.

1/4�

Ground plane

Figure 4. A basic 1/4 wavelength antenna. http://

www.rfm.com/corp/appdata/antenna.pdf.
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Figure 5. Time-division multiplexing.
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Figure 6. Example of TDM signal with four signals.
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The sampling rate for each original signal should be at
least twice the highest frequency element of the original
signal. In practice, the sampling rate is at least five times
that of the highest frequency element of the original
signal.

2.6.2.1. Pulse Width Modulation (PWM). PWM is an
ADC method that can be implemented with TDM. In
PWM, the amplitude of each signal is represented by a
proportional pulse width within a square wave period. The
pulse width of the reference signal is the narrowest of all
other possible pulses for synchronization purpose. A set
amount of time, known as ‘‘guard time,’’ should be inserted
between the two neighboring channels to avoid any over-
lap in the signals, as shown in Fig. 7. The receiver can use
an integrator to convert the pulse width back to ampli-
tude. PWM is also known as Pulse Duration Modulation
(PDM). PWM, because of its low complexity, can be im-
plemented without the use of a microprocessor, and thus it
is a popular TDM scheme in biomedical sensing for simple
devices.

2.7. Depth of Penetration Versus Component Size

When choosing a carrier frequency signal for an implan-
table system, two important aspects, which are the depth
of penetration within tissue and component size, must be
considered carefully. When carrier frequency increases,
the depth of penetration [the depth at which only 36.8% (1/
e) of the original power retains] decreases and the power
that can propagate out of the body is lower. The power is
lost because of reflection and absorption as heat energy.
However, when low frequency is chosen, the component
size is larger partly because of the longer wavelength. A
compromise between these two criteria must be set.
Daniele Andreuccetti et al. (9) developed an application
software that calculates the dielectric properties of differ-
ent body tissues including the depth of penetration with
respect to the electromagnetic field of different frequen-
cies. Currently, 2.4 GHz at the ISM (Industrial, Scientific,
and Medical) band is a popular frequency band globally for
wireless biomedical sensing, especially for Bluetooth tech-
nology.

2.8. Two-Way Sensing Systems

If controlling signals are required to be sent from the
receiver subunit to the sensor subunit, two-way commu-
nication is needed, which can be achieved by the use of
‘‘transceiver’’ modules that transmit and receive data in a
single IC package on both sides. This feature is very
important for some implantable sensors. Controlling sig-
nals such as amplification factors, data transmission lost
indicator, and warning signals can be sent to the sensor
subunit.

2.9. Alternative Transmission Medium—Infrared

Infrared (IR) is one of the simplest and most common
forms of wireless communications for short-range wireless
biomedical sensing within an enclosed area. Weller (10)
used IR for wireless transmission of ECG signal with PPM
modulation method. Kawahito et al. (11) also used IR for
animal monitoring in 1994. Its advantages include the
following: (1) It is not susceptible to electromagnetic
interference; (2) the technology is very mature and can
be implemented very easily; and (3) frequency reuse can
be achieved easily because an IR signal cannot penetrate a
wall, and therefore the same frequency signal can be
reused in adjacent rooms, which is not possible with the
electromagnetic wave. However, IR transmission does
have the line-of-sight restriction because IR can only
travel in a straight line and cannot penetrate most
materials except glass. So, both transmitter and receiver
must be placed within the line-of-sight range.

2.10. Bluetooth and ZigBee

‘‘Bluetoothy addresses many of the performance require-
ments specific to medical applications’’ (12) because the
aim of this international standard is to connect electronic
devices wirelessly with the properties of low cost, low
power, light weight, small size, user-friendly interface,
interoperability, and high reliability. These features allow
high mobility, long battery life, and ad hoc use without the
need for any expensive infrastructure support. In addition
to its original aim of replacing cumbersome wires, Blue-
tooth also provides easy formation of small networks and
accessibility to a wide range of standard equipment, such
as a computer and a Personal Digital Assistant (PDA). The
communication power can even be enhanced to a higher
level when it is connected with a cellular phone network
and computer network (13,14). Therefore, the adoption of
Bluetooth technology for wireless biomedical sensing is an
ideal choice. Several companies have already developed
Bluetooth-based biomedical sensing devices such as pa-
tient-worn pulse oximeter and portable heart rate moni-
tor, which are listed on the official Bluetooth website
(www.bluetooth.com).

Bluetooth is designed to use the 2.4 GHz ISM frequency
band, which is shared by microwave ovens and other
wireless technologies such as Wireless Local Area Net-
work (WLAN). Microwave ovens with proper shielding
have not been found to have any significant interference
problem on Bluetooth devices. Some research has also
been done by different organizations (15,16) on the impact

Reference
signal

Channel 1 Channel 2

Guard
time

Figure 7. Example of PWM signal with two signals.
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of interference from other wireless technologies using the
2.4 GHz ISM band on the performance of Bluetooth.
Although increase of packet error rate results from the
induced interference (16), their effects are still manage-
able (17,18). Besides, the ratification of 802.15.1 or Blue-
tooth by the Institute of Electrical and Electronics
Engineers (IEEE) in April 2002 gave a signal to the
industry that Bluetooth and WLAN could be implemented
in the same area at the same time (19).

ZigBee or IEEE 802.15.4 is a new emerging standard
similar to Bluetooth but with lower cost, ultra-low power,
slower data rate, and longer range of transmission.
Although this technology is relatively new, its specifica-
tion is suitable for wireless biomedical sensing. Some
companies such as Adcon Telemetry are developing bio-
medical products based on this specification even though
the final version of the standard is not released.

3. FUTURE TRENDS

3.1. New Applications

When an innovative sensor emerges for a new application,
making it wireless is probably one of the main design
considerations for the device in the future, which is always
true for an implanted sensor/transducer for obvious rea-
sons. The trend of finding new applications of wireless
biomedical sensing in the past will carry on more exten-
sively in the future. For example, ongoing research is
being done on a reliable implantable glucose sensor be-
cause of the large population of diabetic patients even
though the first one has been available for many years.
These patients need regularly scheduled blood glucose
monitoring. Currently, it is done in an invasive way by
using a lancet to prick a finger. The resulting drop of blood
is analyzed. This procedure usually damages the tissue
and blood vessels because of long-term regular pricking.
Therefore, using wireless transmission to send the glucose
information obtained from an implanted glucose sensor to
a necklace, watch, or PDA can solve this problem.

A miniature wireless pressure sensor with the dimen-
sions of 6 mm � 6 mm � 0.5 mm was developed by Wise in
2002 (20). As a result of its small size, application of it is
found in a micromachined stent for long-term monitoring
of blood flow and pressure (21). This new device is called
‘‘stentenna,’’ which is still in the animal testing stage.

Another new application using wireless biomedical
sensing is an implantable microsensor for in situ detection
of blood flow in human tissue after transplant or recon-
structive surgery (22). This device will replace traditional
invasive and time-consuming lab tests, which do not allow
immediate corrective action before tissue is damaged.

Wireless biomedical sensing is also employed as a
research tool in the development of artificial retina. The
researchers (23) who develop the artificial retina must
identify the relationship between the visual test image
and the resulting neurological signals caused by the visual
sensors on the retina. Therefore, the neurological signals
must be transmitted wirelessly from the subject to a
computer for signal processing to determine the relation-
ship.

3.2. Multifunction Sensor

As the size of a biomedical sensor becomes smaller and
smaller, two or more sensors with different functions can
be integrated into a single tiny device. For example, an
integrated pressure and temperature sensor is fabricated
into a pill-shaped transmitter (24). It has a dimension of
9 mm in diameter and 35 mm in length as shown in Fig. 8.
Other measurements, such as acidity, ions of interest (e.g.,
Caþ þ , Na, K), glucose, etc., are planned to be incorpo-
rated in the new design in the future. It can be used as a
diagnostic tool for a patient with a digestive disorder to
obtain information on intestinal acidity, pressure, and
contraction of the intestinal muscle.

With the advanced technology of Application-Specific
Integrated Circuit (ASIC—a microchip designed for a
special application), the future of multifunction sensors
is promising in terms of reduction in size and cost.

3.3. Wireless Biomedical Sensor Network

For a chronic patient, several sensors/transducers may be
needed to monitor different physiological signals simulta-
neously on different parts of the body. These sensors/
transducers can be combined into a wireless Biomedical
Sensor Network (BSN) with communication ability among
themselves. It has a number of differences from other
typical wireless computer networks. A wireless computer
network presumes that the nodes have high mobility
relative to each other, whereas the number and position
of the biomedical sensors on a person are relatively fixed
with respect to the body. Therefore, the adaptive data
routing protocol usually found in computer network can
also be simplified for BSN. Moreover, continuous data
forwarding for long-term monitoring of physiological sig-
nals in BSN is not common to a computer network.
Therefore, the technology of the computer network cannot
be completely transferred to BSN.

Application-specific protocols for wireless BSN have
been analyzed by Shankar et al. (25). Two protocols, which
are the ‘‘cluster-based approach’’ and the ‘‘tree-based
approach,’’ are compared in terms of energy efficiency. In
the cluster-based protocol, the more efficient of the two,
only a small portion of the nodes called leaders are
connected to the base station through higher transmission
power. These leaders are responsible for collecting and
compressing the data from nonleader sensors within its
own cluster through lower power transmission channels.
Figure 9 illustrates the configuration of this protocol.

Figure 8. Pill-shaped transmitter with sensors. http://www.gal-

wayeducationcentre.ie/semcoach/pro2.htm.
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3.4. Data Compression

Long-term patient monitoring requires massive data to be
transmitted. Data compression before transmission can
reduce the actual amount of data bytes to be transmitted,
which in turn can save power consumption of the system.
Common compression methods include frequency-domain
coding and feature extraction of the biomedical signals.
These processes may incur loss of information depending
on the algorithm that is implemented. Each algorithm has
its own advantage that is suitable for a specific applica-
tion. Currently, data compression is usually completed
after reception for storage purposes. Besides, the limited
computational power of the sensor device usually inhibits
data compression. However, transmitters with integrated
microprocessors (26) have recently emerged on the mar-
ket, which changes the situation. Therefore, more and
more wireless biomedical sensors with data compression
ability are expected in the near future.

3.5. Error Checking

Error checking is a technique that ensures the proper
transmission and reception of digital signals, and it exists
in most wireless communication systems. Wireless biome-
dical sensing also requires error checking to improve the
fidelity of the data. Some common methods are check-
sums, parity check, and cyclic redundancy check (23,27).
The first two methods are relatively simple and have
limited error checking ability when compared with the
third one, which requires more space for additional com-
ponents. Although these techniques are not new in the
computer networking field, they are not commonly applied
to wireless biomedical equipment. As with data compres-
sion, the integration of a microprocessor with enhanced
computational ability will allow this process to be imple-
mented at the device level.

3.6. Innovative Renewable Power Source

For the implanted sensor, a renewable power source must
be provided because the device is expected to be opera-
tional for years or even decades. In addition to the
electromagnetic transmission of energy, other ideas for
passive power sources can be found in Mackay (28).
Among those, energy induced from body motion is the
most promising. The motion of walking can create elec-
tricity when an insole consisting of piezoelectric material
within a shoe is stepped on. After the electricity is
collected, it has to be transmitted through the electro-

magnetic wave to the implanted device, because percuta-
neous wire is prone to irritation and infection.

4. PROBLEMS ENCOUNTERED

4.1. Motion Artifact

Motion artifact is the noise created in the sensed signal
caused by motion of the subject. Motion artifact generally
poses a problem for measurement that is done in a
noninvasive way such as ECG and PPG. The sensors/
transducers for this type of measurement are usually
attached to the skin to obtain the required signals. How-
ever, the interface between the skin and the sensor/
transducer can easily be altered by slight body movement.
The difficulty of removal or attenuation of motion artifact
from the signal is different from sensor to sensor. More
research must be done in the area of signal processing or
interfacing in order to solve this problem.

4.2. Biocompatible Material for Implanted Devices

Two main sources of unreliability of implanted devices are
changes in implanted sensors, such as encapsulation by
fibrous tissue, and changes in the surrounding tissues,
such as heat absorption from the implanted devices.
Therefore, the package of the implanted devices must be
composed of biocompatible material to avoid the unneces-
sary interaction between sensor components and body
fluids. At the same time, this package should not hinder
the normal operation of the sensor. Aluminium nitride is
an inert crystalline material, which can be grown on a
silicon substrate, with high thermal conductivity. Thus, it
is a potential material for packaging of implanted sensor
(26). One of the latest studies of biomaterial for implan-
table glucose sensor was performed by Moussy (29). It
discussed some characteristics of interactions between
implanted sensors and ambient tissues. However, the
interactions between an implanted sensor and the ambi-
ent tissues are still very complicated and more research on
this subject is required.

4.3. Security

As a common practice in the medical field, patients’
physiological signals/data must be kept confidential.
Moreover, any alteration to the wireless biomedical sensor
should be prohibited from any unauthorized person. En-
cryption seems to be the only possible method to provide

Leader
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Long distance
transmission
Short distance
transmission
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Figure 9. Cluster-based protocol for wireless
biomedical sensor network. (Computer Science
Department, Wayne State University, Detroit,
USA.)
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reasonable security for the collected data. However, most
of the useful encryption algorithms demand a micropro-
cessor with powerful computational ability, which is not
feasible for practical usage in many biomedical sensing
applications.

5. CONCLUSION

Wireless biomedical sensing has a bright future because
the proportion of senior people in the global population is
increasing rapidly. They often have chronic illnesses that
need long-term monitoring of their health status. Besides,
more and more research is conducted on athletes with the
aim to improve their performance, and wireless monitor-
ing of their physiological status is a critical part of these
projects. Moreover, testing on animals with wireless mon-
itoring is very common for other research purposes. As the
cost of the electronic components for wireless biomedical
sensing decreases, more people can benefit from this
technology.
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WOUND HEALING
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Repair of wounded tissues is one fundamental activity of
the innate host defence system and is common from
primitive organisms through to humans. In higher verte-
brates, a complex sequence of events initiated by products
of tissue damage ultimately leads to formation of a stable
repair tissue at an injury site. Tissue wounds can range
from small defects that heal rapidly to deep, progressive
chronic wounds that fail to heal after months or even
years.

In cases in which damaged tissue can be approximated
so that wound ‘‘edges’’ are close to each other, for example,
in clean cutaneous cuts and simple ‘‘hairline’’ fractures in
bone, healing is generally uncomplicated and progresses
rapidly after initiation. It is termed healing by primary
intention. When wound edges do not approximate or
significant tissue loss occurs, the wound heals via second-
ary intention. Although the response to wounding varies
slightly between tissue types, common events characterize
the wound healing process, whether the injury is localized
in soft tissues, bone, or organs.

This article aims to summarize the physiology of nor-
mal wound healing and the pathology of chronic and
nonhealing wounds and to describe novel, technology-
based approaches to wound healing that have been devel-
oped over the past two decades as a result of the explosion
in knowledge of the cellular and molecular mechanisms of
wound healing.

1. THE WOUND HEALING PROCESS

Wound healing is often described as occurring in discrete
stages that encompass an initial inflammatory response,
migration and proliferation of cells involved in the repair
process and deposition of extracellular matrix, and finally
remodeling of the repair tissue to form a high strength
repair composed mainly of fibrous connective tissue (as
summarized in Table 1). This process in fact is a con-
tinuum that is primarily orchestrated by the myeloid-
derived macrophages (1). Without these cells, wound
healing does not progress, or progression is severely
inhibited.

Immediately after wounding, the most critical homeo-
static requirement is to halt bleeding. Through the action
of platelets and the coagulation system, coupled with
vasoconstriction, bleeding is controlled in a process called
hemostasis. Primary hemostasis, or formation of the pla-
telet plug, illustrates the elegant mechanisms for cell
activation, adhesion to other cells and the extracellular
matrix (ECM), and release of soluble signaling factors.
Platelets circulate in the blood as inactive disk-shaped
particles (they are non-nucleated fragments of megakar-
yocytes and are 3–4 mm diameter in humans). Stimulation
leads to upregulation of glycoprotein (GP) surface recep-

tors, rendering the platelet ‘‘sticky’’ and allowing adhesion
and aggregation. This activation is mainly via the pro-
ducts of cell and tissue damage, which include factors from
the platelets and leukocytes that are released into tissue
as a result of vessel damage. Specific receptors involved in
these initial events include platelet glycoprotein GP IIb/
IIIa, which binds to plasma proteins fibrinogen, fibronec-
tin, and vitronectin and von Willebrand factor, and GP Ib-
IX-V, which complexes with one of its ligands, the von
Willebrand factor, particularly under high shear condi-
tions (2).

Concurrent with platelet activation, the coagulation
system is activated with the primary outcome of fibrin
formation for reinforcement of the platelet plug (second-
ary hemostasis). The biological cascade resulting in fibrin
formation is an exquisitely controlled series of enzyme
catalyzed reactions that each serve to activate (mainly)
serine proteases to catalyze or activate the next factor in
the cascade. Amplification is achieved as one enzyme
molecule can activate many factors and the effect is
localized. Soluble signaling factors are released as a
consequence of platelet activation and fibrin formation
and remodeling and as a result of activation of comple-
ment via another biological cascade. Products of comple-
ment include fragments that act as opsonins for
enhancing phagocytosis, that act to enhance release of
vasoactive factors for increasing permeability and vaso-
constriction, and that also act to enhance leukocyte che-
motaxis. Although there is still much to be learned about
the control and integrated biological functions of the
various factors released at wound sites, it is clear that
various soluble signals (chemokines) form the chemical
gradients essential for directed migration of the cells
involved in wound healing.

The first cells to appear at wound sites, both by passive
‘‘delivery’’ from extravasated blood and actively by chemo-
taxis, are the polymorphonuclear leukocytes (PMNs) or
neutrophils. These inflammatory cells have the primary
function of being ‘‘cleaners,’’ which remove tissue debris,
bacteria, and dead cells. Active migration of PMNs from
the blood is initiated via stimuli from the wounded tissue
being detected by cells within the bloodstream followed by
their activation and migration through the vascular wall
(diapedesis). Some key cytokines involved in cell migra-
tion from blood to wound site include interleukin (IL)-1,
tumor necrosis factor-alpha (TNF-a), IL-8, and growth-
related oncogene-alpha (GRO-a, related to macrophage
inflammatory protein-2 in mice). Many other factors in-
cluding complement fragments C5a, bacterial peptides
and lipopolysaccharide, and byproducts of the coagulation
cascade also act as chemo-attractants in acute inflamma-
tion. Platelets present at the wound site also release many
factors that act both to attract inflammatory cells and
activate other platelets. More complete treatment of reg-
ulatory proteins in wound healing, including the enzymes
involved, can be found in two recent reviews (3,4).

PMNs are cells that are typically associated with acute
inflammation, and in the process of normal wound heal-
ing, they tend to predominate early (within the first 3
days) with later infiltration of monocyte-derived macro-
phages. Various cytokines downregulate PMN recruit-
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ment, including IL-10 and TNF-a, and thus, they are
rapidly replaced by macrophages as the predominant cell
type. Macrophages can persist at the wound site for
weeks, and although it is thought that they primarily
originate from the blood, there is some evidence that
macrophages can proliferate at the wound site (5,6). In
studies of atherosclerotic lesions in blood vessels, macro-
phages that formed foam cells at these sites of inflamma-
tion demonstrated significant levels of thymidine uptake,
which indicates that these cells were proliferating (5).
Similarly, in vitro studies have suggested that oxidized
low-density lipoprotein (Ox-LDL) induces macrophage
proliferation via upregulation of granulocyte-macrophage
colony stimulating factor (6).

Macrophages, as mentioned, are key to progression of
wound healing. Originally thought to be simply another
type of phagocyte, these cells also produce and secrete a
multitude of cytokines that act during the acute phase to
enhance vascular permeability and attract leukocytes as
well as throughout later stages of inflammation, granula-
tion tissue formation, and remodeling via stimulation of
endothelial cell (EC) and fibroblast migration and prolif-
eration. Macrophage migration to the wound site is sti-
mulated by similar chemokines to those for the PMN
migration described. Important for macrophage recruit-
ment and not implicated in PMN recruitment is monocyte
chemo-attractant protein-1 (MCP-1), one of the family of
b-chemokines (or CC-chemokines) that are a subset of the
cytokines with specific chemotactic activity for leukocytes.
Other members of the chemokine group include the a-
chemokines (or CXC). MCP-1 also acts on lymphocyte
subpopulations and on mast cells and is produced by
macrophages as well as by resident cells such as kerati-
nocytes and endothelial cells.

In cutaneous and other wounds of epithelialized tis-
sues, the basal cells in the epidermal layer quickly migrate
to seal the open wound beneath the blood clot formed.
Although apparently acting alone, epithelial cells do re-
spond to signals from inflammatory cells and indeed are
actively phagocytic and produce cytokines during wound
healing. Specifically, keratinocytes produce many growth
factors and other cytokines that either have autocrine or
paracrine activity during wound healing. For example,
fibroblast growth factor (FGF) is produced by keratino-
cytes (among other cells), and this GF acts in an autocrine
manner to promote epithelial proliferation and re-epithe-
lialization. Additionally, inflammatory cytokines such as
IL-1 and TNF-a are produced by keratinocytes, which
serve to ‘‘self-activate,’’ as well as by signal inflammatory
cells (7).

Early observers of cutaneous wounds with significant
tissue loss noted that highly vascularized tissue was
formed before scar formation. It is now known that for-
mation of this granulation tissue (so called for the red,
granular appearance of the wound surface before epithe-
lialization) requires functioning macrophages to stimulate
EC migration and formation of new blood vessels and is
essential for progression of healing. Migration of ECs as
‘‘sprouts’’ from local capillaries occurs into the predomi-
nantly fibrin-based matrix under the control of GF such as
the platelet-derived growth factor (PDGF), vascular en-
dothelial growth factor (VEGF), and FGF that are re-
leased by platelets, macrophages, fibroblasts,
keratinocytes, and ECs. EC migration is closely followed
by fibroblast migration and collagen deposition. Vessel
sprouts quickly join with other capillaries to form new
blood vessels or in the absence of blood flow regress and
disappear just as rapidly. Thus, it seems that just as

Table 1. Phases of Uncomplicated Wound Healing and Cellular Responses Involved

Inflammatory Phase Proliferative Phase Remodeling Phase

Immediate to 3 days 2 days to 2 weeks 2 weeks to years
(A) Hemostasis (A) Granulation (A) Collagen deposition and cross-linking leading to

increasing wound tensile strength
Vasoconstriction Migration of fibroblasts, endothelial

cells (EC), and inflammatory cells.
Platelet aggregation
Fibrin deposition Proliferation of fibroblasts, EC

Deposition of collagen by fibroblasts
(B) Inflammation (B) Revascularization (B) Contraction
Vasodilation and increase in small

vessel permeability
New capillaries sprouting from EC

are embedded in a loose
extracellular matrix of collagen,
fibronectin and hyaluronic acid

Wound edges pull together to reduce defect size

Phagocytosis of pathological
organisms introduced during
injury and tissue debris by PMNs
and macrophagesw

(C) Epithelialization (C) Scar tissue is only around 80% as strong as original
tissue

Epithelial cells crosses moist surface
of wound

wPMNs are the first line of defense followed by macrophages that play a major role throughout the later stages of inflammation as well being key in

stimulation of endothelial cell and fibroblast migration during the proliferative phase.
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biochemical signals stimulate migration of ECs, mechan-
ical stimuli also play a part in establishment of viable
capillaries. The major outcome of new capillary formation
is to allow perfusion of the newly developing tissue and to
transport more cells to the wound site. The final stages in
wound healing involve deposition of collagen and remodel-
ing of the collagen to form a high strength repair site.

In essence, collagen remodeling during transition from
granulation tissue to a scar requires synthesis and degra-
dation of various types of collagen and other ECM compo-
nents. Synthesis of collagens was initially thought to be a
process mediated primarily by fibroblasts at the repair
site. Studies in recent years have suggested that epithelial
cells also play a role in collagen synthesis and that blood
cells such as monocytes may differentiate into matrix
producing cells [reviewed by Lindblad (8)]. Proteases
belonging to the matrix metalloproteinase (MMP) family
are responsible for degradation of collagen and other ECM
components at the wound site. During various phases of
wound healing, different equilibriums of MMP and their
inhibitors, the tissue inhibitors of metalloproteinases
(TIMPs), are observed (9). Matrix degradation facilitates
cellular migration at the wound site, and throughout the
final stages of the wound healing process, an appropriate
balance between the MMPs and their inhibitors is re-
quired for ordered ECM deposition and remodeling.

In terms of the mechanical effects of collagen during
the remodeling phase of wound healing, collagen cross-
linking gives rise to an increased stiffness and tensile
strength of the healing tissue. After 3 weeks, wounds gain
approximately 20% of their final strength and ultimately
achieve final maximum breaking strengths of around 80%
of uninjured skin (10). Collagen deposition onto the wound
site initially seems to be in a random manner; however,
later stages are characterized by aggregation of collagen
and reorganization into larger fibrillar bundles aligning
along the lines of stress via molecular cross-links. The
elevated rate of collagen synthesis at wound sites typically
returns to normal levels within 6 to 12 months, but
remodeling of the scar continues for many years postin-
jury. This process of remodeling inevitably leads to the
production of a relatively avascular and acellular col-
lagen-rich scar.

The quiet achiever in wound healing is without a doubt
the ECM. Although the ECM gives tissue bulk and
strength, acting as a mechanical scaffold as described, it
also plays a critical role in wound healing by providing the
appropriate matrix for cell migration, by presenting
growth factors that are essential for growth of cells, and
by controlling cell differentiation. An excellent example of
this is the role of fibrin in the early stages postwounding.
Fibrin can facilitate angiogenesis by providing appropri-
ate attachment sites for EC and by presentation of growth
factors such as PDGF to stimulate proliferation.

There is much still to be learned about the molecular
and cellular mechanisms of wound healing. However, it is
clear that the signaling mechanisms follow similar prin-
ciples for recruitment of all cells required for healing
wounded tissue. A stimulus, whether it is primarily
biochemical or via some other mechanism such as me-
chanical stimulation, is detected via cell surface receptors

that then transduce the signal to the intracellular envir-
onment where effector activation takes place and ulti-
mately the signal attenuates. These events (stimuli-
signal transduction-action) are fundamental not only to
wound healing, but they also are common to all cell
functions from development of tissues and organs in the
fetus to disease processes such as cancer and degenerative
disorders like arthritis and in the process of aging. The
following sections will detail the consequences of failure of
wound healing and some treatment strategies that have
evolved to deal with this significant clinical problem.

2. FAILURE OF THE WOUND HEALING PROCESS—
CHRONIC WOUNDS

Wounds that fail to heal within acceptable time frames or
that reopen after wound closure are considered chronic
and intractable. Healing in chronic wounds where signifi-
cant tissue loss has occurred is considered healing by
secondary intention. These types of wounds represent a
significant clinical problem, particularly in people with
underlying disease processes or other predisposing factors
(such as obesity and smoking), which results in poor
arterial circulation, venous insufficiency, and peripheral
neuropathy. Failure to heal has been attributed to lack of
progression from the inflammatory phase to the prolifera-
tive phase of healing, coupled with abnormalities in the
production of ECM (11). Several mechanisms have been
suggested for nonhealing of wounds; however, it seems
that apart from where wounds are infected, impairment of
components of the inflammatory response may be key to
the lack of progression of the wound healing process in
many types of chronic wounds. The major types of chronic
wounds are venous ulcers, pressure sores, and diabetic
foot ulcers. The role of underlying disease in ulcer forma-
tion and progression is clearly illustrated by the persis-
tence of ulcers in the lower extremities in people with
diabetes. Diabetes mellitus is a systematic disease result-
ing from an inability to produce sufficient insulin; thus,
normal blood glucose levels cannot be maintained.
Chronic hyperglycaemia observed in type II diabetes and
the addition of several other underlying factors combined
can result in vascular complications. Such complications
can give rise to the development of severe chronic wounds
leading in many cases to limb amputation. Some key
factors that predispose people with diabetes to develop-
ment of nonhealing wounds include peripheral neuropa-
thy leading to an inability to detect initiation of skin
wounds and atherosclerosis associated with poor circula-
tion and tissue hypoxia. At the cellular level, reduced
leukocyte numbers and impaired chemotaxis and phago-
cytosis have all been observed. This failure of the early
stages of inflammation has far-reaching consequences by
inhibiting cellular migration and proliferation, retarding
granulation tissue formation, and altering the quantity
and quality of collagen synthesized. Severe nonhealing
wounds that can extend to the underlying bone often
result in limb amputation in affected people.

Lack of knowledge of the specific underlying mechan-
isms of chronic wound formation and the added difficulty
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of predisposing factors makes it obvious that prevention of
these wounds should be the overriding concern in clinical
management of susceptible patients. After diagnosis of a
nonhealing wound, the best approach to managing these
wounds must be determined. In the first instance, the
approach is often regular debridement and cleaning to
remove necrotic tissue, application of appropriate dres-
sings, and offloading of pressure from the affected region.
Development of signs of infection should also be closely
monitored and rapid treatment instituted when required.

Given the intractable nature of chronic wounds and
their impact on quality of life, the following section will
focus on therapies for impaired wound healing rather than
on uncomplicated wounds that heal by primary intention.

3. ENGINEERING APPROACHES TO WOUND HEALING

It is surprising that the primary approaches to wound
healing today remain largely unchanged from those used
over 20 years ago. Although many new devices, drugs, and
device/drug combinations have been developed during this
period, complicated application methods and lack of sig-
nificant improvements in efficacy are responsible for the
persistence of ‘‘traditional wound care’’ using debridement
and saline-soaked gauze or wet-to-dry primary dressings.
The concept of moist wound healing, first proposed over 40
years ago, remains an important concept, and the benefits
of this approach over ‘‘dry’’ wound healing have been
extensively reported in the literature. Schultz et al. (3)
stressed the importance of preparation of the wound bed,
which includes appropriate debridement, and moist
wound healing in parallel with controlling exudate. It is

generally agreed that the ideal wound dressings should
provide a moist environment in the wound bed, be mini-
mally adhesive and easily removable, remove excess exu-
date, minimize pain, provide thermal insulation and
mechanical protection, maintain wound free from micro-
bial and particulate contamination, allow gaseous ex-
change, and be nontoxic, nonallergenic and
nonsensitizing. However, the wound dressing selected
should be based on the wound type as well as on the stage
of healing and presence of infection, and it should be
appropriate to the underlying pathologies.

New approaches to wound care and healing strategies
can be grouped under six main categories. These are (1)
device approaches where new materials developed offer
advantages over the standard absorbent gauze dressings;
(2) pharmaceutical approaches, specifically new active
agents available via biotechnology research and develop-
ment; (3) device drug combinations in which controlled
release of active agents is used to prolong treatment times,
deliver actives locally, and reduce total dose; (4) tissue
engineering approaches using artificial skin developed in
vitro and skin substitutes; (5) hyperbaric oxygen and
nitric oxide; and (6) physical therapy approaches includ-
ing electrical stimulation devices, ultrasound stimulation,
laser therapy, and light emitting diodes. Examples of each
of these will be considered in more detail.

The extensive range of commercial wound dressing
materials available today is evidence of the continuing
research-and-development effort in this area. A broad
classification of primary dressings available is given in
Table 2 along with the features of these dressings and
specific examples. Each of these has benefits for specific

Table 2. Cutaneous Wound Dressing Classification, Properties, and Examples

Wound Dressing Properties Specific Examples

Absorbent ‘‘textile’’ Absorbent, adhesive to wound, dry (or dry-wet
with sterile saline), used as secondary
absorbents or primary when wet

Surgical woven gauze (cotton), knitted viscose

Low-adhesive Nonabsorbent or absorbent, nonabsorbents
used with secondary absorbent

Nonwoven, or woven tulle, cotton, viscose paraffin
impregnated, antimicrobial impregnated

Vapor-permeable films Gas permeable, low-permeability to liquids,
semipermeable films, transparent, adhesive
to skin surrounding wound

Polyurethane film

Hydrocolloids Occlusive, absorbent, can incorporate adhesive
to skin surrounding wound

Gelatin, pectin, carboxymethylcellulose (CMC)

Hydrogels Synthetic polymer gels with high water content
(up to 80%), can absorb some fluid, provides
moist wound healing environment,
secondary dressing required

Polyethylene oxide, CMC

Alginates Natural polymer gels produced in situ, highly
absorbent, secondary dressing required

Alginates purified from seaweed

Foams Foam sheets or liquids that absorb fluid and
expand to fill wound, can absorb
intermediate levels of fluid, secondary
dressing required

Gelatin, polyurethane

Beads Beads (100–300 mm) that absorb fluid and
expand to fill wound, can absorb
intermediate levels of fluid, secondary
dressing required

Dextran-based polymers

Information adapted from Ref. 9 and see the Reading List.
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wound types and underlying pathologies. For example, in
wounds with high exudate production, low-absorbent
hydrogel dressings are not likely to be efficacious, whereas
they provide a favorable moist wound healing environ-
ment when used in wounds with low-to-medium exudate.
Hydrocolloids, on the other hand, are excellent for heavy
exudates, but they are not suitable when the wound is
infected. Many dressings that provide a moist environ-
ment can also act as physical debriding agents (for exam-
ple, hydrogels, hydrocolloids, and alginates); however,
specialized agents based on enzymes and acidic solutions
are marketed as chemical debridement agents.

A meta-analysis of clinical trials of various wound
dressings showed that on the whole many studies were
flawed in their methodology and recruited insufficient
patient numbers for statistical analysis. Notwithstanding
these deficiencies, pooled estimates of multiple studies
using a random effect model showed that when comparing
traditional dressings (usually saline-soaked gauze) with
new dressings such as hydrocolloids, the odds of healing in
pressure sores increased three-fold with the hydrocolloid.
Similar evaluation of hydrocolloids versus traditional
dressings for venous leg ulcers showed no differences
(12). Additionally, polyurethane foams did not seem to
provide significant benefits for either pressure sores or
venous ulcers over traditional dressings. In studies on
healing of pressure sores evaluating hydrogels against
hydrocolloids, the results were unclear, with some sug-
gesting hydrogels are more efficacious and some suggest-
ing no significant difference. Similarly polyurethane
foams versus hydrocolloids showed no difference in pres-
sure sore healing. The results of this meta-analysis con-
cluded that evidence supporting use of newer dressing for
healing of surgical wounds by secondary intention is still
lacking. Furthermore, the only positive outcome for newer
dressings (which supports use of hydrocolloids over saline-
soaked gauze for pressure sores) may be from a publica-
tion bias in which positive results are more likely to be
published than negative results (12).

Delivery of active agents via topical application has
great potential for improvement of wound healing. Typical
approaches use bioengineered growth factors and other
cytokines that target migration and proliferation of the
key cells in wound healing. Of the growth factors that
have been reported as being involved in wound healing,
commercial products are either available or being devel-
oped. Recombinant human PDGF (rhPDGF-bb; becapler-
min) is currently used in a topical carboxymethylcellulose
(CMC) gel called Regranex (Ortho-McNeil Pharmaceuti-
cal, Inc., Raritan, New Jersey, USA). Clinical trials of this
preparation in diabetic foot ulcers showed small (but not
significant in evaluator blinded trials) improvements in
complete closure of wounds when used at a concentration
of 0.01% PDGF-bb (or 100 mg/mL) and compared with good
ulcer care alone (from Prescribing Information:

http://www.regranex.com/content/backgrounders/
www.regranex.com/www.regranex.com/PI_Full_Ver-
sion.pdf). A recent review of the field lists other potential
targets as actives for chronic wounds including FGF-2,
keratinocyte growth factor (KGF, also called FGF-7),
epidermal growth factor (EGF), transforming growth fac-

tor-beta (TGF-b), VEGF, and granulocyte-colony stimulat-
ing factor (G-CSF) (13). These mitogens when used alone
have had disappointing results in both animal models and
clinical trials (12,13).

Other growth factors that have been suggested as
regulators for wound healing include the angiopoietins
(acting on vascular endothelium), insulin-like growth
factors (IGFs), plasminogen-related growth factors, nerve
growth factors, the TGF-b superfamily including bone
morphogenetic proteins (BMPs), and the range of pro-
inflammatory cytokines and chemokines involved in
wound healing like the interleukins, interferons, and the
a-(CXC) and b-(CC) subfamilies (4). Most of these factors
have been shown to upregulate during wound healing, and
several, including TGF-b and members of the FGF family,
have been suggested as critical factors for wound healing
in studies using neutralizing antibodies and knockout
mouse models (4). The plethora of potential molecules
for acceleration of wound healing is exciting scientifically
but problematic clinically because selection of appropriate
molecules and models for demonstrating efficacy is far
from a simple task.

There are several concerns with the principle of apply-
ing single growth factors using a bolus-type topical ap-
proach. In the healing wound, cytokine content and
nature alter significantly throughout the stages and differ
markedly in wounds of different types. Therefore, it is not
surprising that application of single factors does not have
large effects. With regard to topical application, the CMC
gels that are often used are likely to rapidly release GF
into the wound bed. Many studies have reported success-
ful in vitro use of different vehicles based mainly on novel
materials releasing growth factors such as FGF for en-
hancing wound healing (14) or even delivering DNA for
gene therapy that could be applied to wounds (15). In our
laboratories, the release of PDGF-bb from poly(vinyl
alcohol) hydrogels and the bioactivity of the released GF
were examined to determine application of these gels for
wound healing. The results of these studies (16) demon-
strated that PDGF was released in active form and that
the mode of sustained release was more efficient for
enhancing proliferation than bolus application of equiva-
lent levels of GF. These studies suggest that alternative
vehicles for release potentially offer advantages over bolus
GF application to wounds.

Development of biological regeneration templates, in-
cluding artificial skin and so-called skin substitutes via
tissue engineering techniques, promised to deliver a ‘‘dres-
sing’’ that could be used to replace damaged skin. Cur-
rently, several of these products on the market have failed
to achieve the clinical benefits expected. Table 3 sum-
marizes some tissue-engineered and biological products
currently on the market or close to market with their
components and intended uses. The products are grouped
as those based on matrix alone (with one or more biologi-
cal components), those based on cells alone, and those
composed of cells and matrix. Discussions at the U.S. Food
and Drug Administration (FDA) panel meeting, where
approval of one of these therapies (Apligraf) was granted,
highlighted that the mechanism of action of this ‘‘skin
substitute’’ was more than likely as a delivery vehicle for
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cytokines rather than as a skin-graft-like product. Re-
cently published evidence supports this assertion (17).
Tissue engineering approaches are in their infancy and

typically use neonatal cells in combination with isolated
collagen or other degradable scaffolds. Growth of con-
structs in vitro produces either dermal or epidermal

Table 3. Tissue-Engineered Products And Biologic Regeneration Templates as Interactive Wound Dressings*

Category/Examples** Components Uses

Matrix-Based Products
Integra Dermal Regeneration

Template Integra Life Sciences
Cross-linked bovine type I collagen (tendon),

chondroitin-6-sulphate dermal layer, overlay of
synthetic non-porous silicone polymer sheet

Full-thickness or deep partial-thickness
thermal injury

BioMend Integra Bovine type I collagen (tendon), sheet, resorption
times of 4 to 7 weeks or B16 weeks

Dental-guided tissue regeneration

InFuse, Medtronic Sofamor Danek Integra Absorbable Collagen Sponge combined with
recombinant human bone morphogenetic protein
(BMP)-2

Spinal fusion (adjunct to fusion device)

Alloderm and Cymetra Lifecell Acellular human tissue (cadaver), supplied as
variable size sheets with preserved ECM content
and structure, or in particulate form

Soft-tissue replacement (similar uses to
autografts)

Seprapack and Sepramesh Genzyme
Biosurgery

Sodium hyaluronate and carboxymethylcellulose
foam (forms hydrated gel when inserted),
resorption B7–10 days, sterile, also supplied as a
coating on polypropylene mesh

Nasal/sinus surgery tamponade, anti-
adhesive

Hernia repair, anti-adhesive
Innocoll Collagen 3D templates for tissue regeneration

Sponges—defined porosity
Cell delivery Drug delivery

SkinTemp and MedFil BioCore Fibrous collagen network on a non-adherent
polyamide backing Sheet and particulate form

CosmoDerm and CosmoPlast Inamed Purified human collagen injectable sterile liquid
form

Soft-tissue defects, contour deficiency

OP-1 Stryker Bovine bone-derived collagen, BMP-7 in ratio of 3.5-
mg:1-g collagen, applied as a paste to fractured
ends of bone, shelf life 18 month at 2–81C

Chronic nonhealing fractures

Cell-Based Products
Isolagen In vitro expanded autologous fibroblasts Tissue filler
Carticel Genzyme Biosurgery In vitro expanded autologous chondrocytes,

supplied in vials with 12�106 cells, 72-hr shelf
life

Cartilage repair

Cell-Matrix Composite Products
Apligraf Organogenesis (Novartis) Epidermal and dermal layers-cultured neonatal

foreskin fibroblasts in bovine type I collagen
overlayed with keratinocytes, B7.5 cm diameter,
prep time B20–30 days, shelf-life 5 days,
reapplied once weekly

Venous ulcers Diabetic foot ulcers

Dermagraft ATS, Smith & Nephew Dermal layer only-cultured neonatal foreskin
fibroblasts in polylactide-co-glycolide mesh,
supplied frozen, 6 month shelf-life at �701C,
reapplied once weekly

Diabetic ulcers

Transcyte ATS, Smith & Nephew Human ECM and growth factors derived from
culture neonatal fibroblast, overlayed with
synthetic epidermal equivalent semipermeable
membrane

Burns

OrCel Ortec International Cultured neonatal foreskin keratinocytes and
fibroblasts in bovine type I collagen (bilayered
collagen sponge and acid-soluble gel,
cryopreserved, 6�6 cm, resorption B2 wks

Acute surgical excisions, donor site
wounds

Epicel In vitro expanded autologous keratinocytes co-
cultured with mouse fibroblasts, supplied on
petrolatum gauze, 50 cm2, 15 day prep time,
24 hr shelf life at 13–231C

Burns

*Information in this table was sourced from relevant company websites and from premarket approval data on the FDA website (www.fda.gov).
**Not all products listed are approved for marketing.
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substitutes depending on the cells used (fibroblasts alone
or keratinocytes and fibroblasts in coculture). These are
supplied as fresh cultured substitutes that have short
shelf lives or are frozen and supplied as an active, rather
than as a viable, dressing. Other approaches use acellular
collagen or ECM constructs. The benefits of these are that
shelf life is extended and immunological responses are
theoretically minimized with the absence of cells.

It is well known that oxygen tension in wounds is
responsible for many of the cellular responses observed.
Whereas localized regions of hypoxia within the wound
bed are critical for stimulation of angiogenesis, higher
oxygen tensions provide higher rates of cellular metabo-
lism and potentially aid antimicrobial activity via the
oxidative killing processes of granulocytes. Normal partial
pressure of oxygen (pO2) in air is 21 kPa and in arterial
blood is from approximately 10 to 13 kPa. Hyperbaric
oxygen (HBO) therapy involves breathing 100% oxygen at
pressures two to three times greater than atmospheric
using a pressure chamber. The resulting pO2 dose admi-
nistered during hyperbaric therapy is generally greater
than 100 kPa. According to Henry’s Law, when the partial
pressure of a gas (in this case, oxygen), exposed to a liquid
(blood), is increased, the concentration of gas dissolved in
the liquid increases proportionately (at constant tempera-
ture). Therefore, breathing oxygen under hyperbaric con-
ditions results in an excess of ten-fold increase in the
dissolved oxygen in plasma (compared with normal air
breathing), whereas the amount carried by hemoglobin
remains constant. Diffusion of oxygen from capillaries will
therefore be increased in a concentration-dependent man-
ner. A complicating factor is that to deliver higher levels of
oxygen to the wounded tissue, the area must be well
perfused. Clinical trials of HBO in patients with diabetic
foot ulcers have suggested some effects, but similar to
many wound therapy trials, they have methodological
defects that do not allow objective assessment of efficacy
(18). Benefits from this form of therapy may be dependent
on the degree of ischemia and indeed the dose regimen
used because there is a balance between beneficial effects
and toxicity. These factors may account for the variability
in responses of chronic wounds to HBO therapy that has
been observed.

Nitric oxide (NO) has also been proposed as a potential
accelerator of wound healing. The mechanisms by which
NO act in wounds are unknown, but they may be related
to the vasoactive properties of NO and possibly its anti-
microbial activity. Several in vitro studies of NO effects at
the cellular level have suggested that it enhances expres-
sion of VEGF and induces EC migration, proliferation, and
differentiation. Angiogenesis is the obvious physiological
outcome of these events, and in animal models, some
inhibition of angiogenesis has been observed in mice
with the endothelial nitric oxide synthase (eNOS) gene
knocked out. Delivery of NO to wounds has been investi-
gated, and studies using local sustained release systems
have been described in which toxicity of both the vehicle
and the NO was implicated (19). Excessive administration
of NO, similar to oxygen, can cause cytotoxicity, and
therefore, accurate control of release is necessary. In
addition, controlled release vehicles must be nontoxic

and conducive to wound healing. Coupling NO release
with a hydrogel wound dressing offers both moist wound
healing and release of an active agent. These can be
prepared by modifying cross-linkable poly(vinyl alcohol)
hydrogels with amine pendant groups and reacting with
NO gas to form diazeniumdiolates. Healing in the diabetic
mouse impaired wound healing model showed increased
granulation tissue and scar thickness, but it did not
demonstrate improved wound closure rates (20). This
finding is common in both animal trials and clinical
studies of active agents and raises the issue of using
sufficient animal/patient numbers, but also it suggests
that primary outcome measures of wound closure rates
may not be the best indication of healing. Strength of
repair tissue and recurrence rate may be better indicators
of successful wound healing. Application of devices for
noninvasive monitoring of wound strength such as micro-
indentors and devices with vacuum application probes
may improve methods of wound healing evaluation and
provide more objective outcome measures.

Devices using electrical current to stimulate wound
healing have been the subject of research for many
decades. Electrical stimulation can be applied as (1) direct
current (DC), typically continuous DC in the microampere
to milliampere range; (2) pulsed current of variable wave-
forms using unidirectional or bidirectional pulses of cur-
rent of durations less than a millisecond; or (3) alternating
current (AC) with symmetrical waveforms alternating
around a zero baseline in the milliamp range with current
reversal frequency of at least 1 Hz (21). Commercial
systems exist for stimulation of bone healing, and similar
systems have been proposed for soft-tissue applications;
however, as of yet, no devices are approved for the latter
use by the regulatory body in the United States. Although
the specific mechanisms of action of these devices are still
unclear, the principle is based on the so-called current of
injury that has been observed between intact tissue and
adjacent damaged tissue and the observation that me-
chanical stress on bone produces an electric potential
difference. Many animal and clinical studies have been
conducted that suggest improved healing rates in parti-
cular for pressure sores and wounds that have shown no
response to standard therapy. In vitro studies suggest that
the mechanisms responsible include activation of inflam-
matory and wound healing processes such as cell migra-
tion, proliferation, and collagen synthesis. The specific
receptors involved in sensing these physical stimuli have
not been identified.

First proposed in the 1970s, photo-biostimulation has
reemerged as a candidate treatment for nonhealing
wounds over the past 5 to 10 years. These therapies
include laser therapy and therapies using near-infrared
wavelengths via devices such as the more recently devel-
oped light emitting diodes. Many variables can be ma-
nipulated in photostimulation including the wavelength of
light applied, power, frequency, probe dimensions, and
treatment time. Results of in vitro studies are as wide
ranging as the potential variables. Studies tend to focus on
cell proliferation and have reported stimulation, no effect,
and inhibition of proliferation of (primarily) fibroblasts
and endothelial cells. Photostimulation with near-infrared

WOUND HEALING 7



wavelengths seems to be possible without associated
thermal damage, and penetration through biological tis-
sues is high. Mechanisms of action for phototherapy have
been proposed to involve upregulation of inflammatory
cytokine production from fibroblasts and keratinocytes
and alteration of expression of enzymes involved in tissue
remodeling (22), but there is little supporting evidence in
animal models and more mechanistic studies are required
to test these hypotheses.

4. PRECLINICAL EVALUATION OF WOUND HEALING
STRATEGIES

According to the ISO 10993 Guidelines for Biological
Evaluation of Materials, materials that contact breached
surfaces for longer than 30 days should be evaluated for
cytotoxicity, sensitization, irritation or intracutaneous
reactivity, genotoxicity, and subchronic toxicity. These
requirements are the minimum for supporting safety of
new dressings; however, they apply only to the relatively
straightforward dressings that do not incorporate drugs or
biologics. The FDA provides additional guidance for eval-
uating interactive wound dressings that outlines more
extensive testing to assure sterility and freedom from
communicable diseases. If collagen is used in the device,
it must be certified as coming form sources free from
bovine spongiform encephalitis (BSE) and the full manu-
facturing methods described. Additionally, immunotoxi-
city may have to be considered in cases in which
nonautologous cells are used in dressings.

The use of animal trials for new wound therapies is
fraught with problems ranging from the differences in
healing capacity of tissues of animals compared with
humans to the difficulty of applying therapies in an
animal test system. Generally, models of impaired healing
are used so that there is sufficient time between wounding
and complete closure to demonstrate changes in rate of
wound closure (the most common primary outcome mea-
sure). For example, in the genetic diabetic mouse model
(db/db), complete healing occurs within 1 month of produ-
cing a 2-cm-diameter dorsal wound. In wild-type controls,
it usually decreases to less than 7 days. The diabetic
mouse model is one impaired model that has been devel-
oped, including various models with induced ischemia like
the rabbit ear model and the skin flap model. On the
whole, wounds in these models all granulate and heal with
minimal intervention, albeit at a slower rate than in
nondiabetic animals or models with well-perfused tissues.
It clearly suggests that these animal models are not
directly comparable with chronic wound behavior in hu-
mans. Ultimately, once safety has been determined and
optimal formulations have been determined in animals,
efficacy is probably best tested in well-constructed clinical
trials.

Another issue with both animal trials and clinical trials
is choice of controls. The standard therapy regimens
referred to in many studies comprise wound bed prepara-
tion (including regular debridement) and saline-soaked
gauze changed twice daily as primary dressings with an
appropriate secondary dressing. Agreement on the best

‘‘gold standard’’ to use in studies is not straightforward,
but determination of a universal control for different
wound categories would facilitate comparison between
studies at different centers.

5. THE FUTURE

Ultimately wound management would not be required if
appropriate preventative strategies were available and
implemented. Implementation of systematic strategies
for wound management (3) promises to reduce complica-
tions associated with diseases such as diabetes; however,
greater knowledge of both disease processes and molecu-
lar and cellular mechanisms of associated pathologies are
needed for better prevention and treatment strategies.
The bioinformatics revolution promises to allow greater
ease of identification of gene products expressed at differ-
ent stages of healing in a range of wound types. The tools
for handling proteomics data and methods for modeling
and analysis of the mechanisms of wound progression and
resolution will also potentially offer greater insights into
the complex interactions within wounded tissues. Com-
bined knowledge from genomics and proteomics may
ultimately result in novel therapeutic approaches such
as those using multiple cytokines released in appropriate
temporal sequences.

Until we have better knowledge of why wounds do not
heal and more sophisticated medical approaches for pre-
vention of wounds, advanced wound care techniques will
be required. Current tissue-engineered dressings cannot
regenerate functional tissue; rather, they are likely to
encourage more rapid healing via augmented cytokine
delivery and slightly accelerated wound healing processes.
Future dressings are likely to evolve within the interac-
tive category to yield better cell-based delivery systems for
active agents and development of true ‘‘skin substitutes’’
that act in a similar way to skin grafts. Potential areas of
development here include delivery systems for autologous
platelets and macrophages to deliver cytokines.

Current delivery systems for protein growth factors
employ bolus-type applications without slow release or
controlled release features. More sophisticated drug de-
livery systems have been proposed, but as of yet they are
not commercially available. A combination of growth
factors for delivery in temporal sequences at appropriate
concentrations has the potential to improve healing re-
sponses. The potential for gene delivery to wounds has
also been suggested, either by administration of naked
DNA, retroviruses, or other biological vectors, or via
particle-mediated transfer or synthetic matrices. Inser-
tion of genes encoding for cytokines and growth factors, in
particular where gene expression is inhibited, is an ex-
panding area of active research.

Meta-analysis has clearly shown that clinical trials
methodology is frequently inadequate for statistical sig-
nificance to be demonstrated. A priori determination of
appropriate patient numbers will increase the power of
trials. Appropriate choice of controls and selection of out-
come measures are critical. With the increasing popularity
of combination therapies, for example, HBO combined
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with growth factors, good study design is even more
important to allow determination of synergistic effects.

Innovation in wound healing is not solely reliant on
development and application of new technologies. As
recognized by Cross and Mustoe (23), results from trials
on PDGF acceleration of wound healing would have been
more significant if all centers had followed rigorous deb-
ridement and follow-up wound care. Systematic methodol-
ogy for wound bed preparation has been proposed as going
a long way toward healing of chronic wounds (3), and this
approach should represent the ‘‘first line’’ of wound treat-
ment. Other novel, technologically based devices and
bioengineered drugs should be viewed as adjunct thera-
pies for accelerating the wound healing cascade. However,
the ever-increasing development of new methods for
wound therapy based on new materials, drug-delivery
systems, and devices for physical therapy suggests that
there is still an unmet clinical need in this field.
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1. INTRODUCTION

Transplantation is the preferred means of treating chronic
failure of the heart, lungs, kidney, liver, pancreas, bone
marrow, and most recently, small intestine. If transplan-
tation is a medical triumph, it is also a source of frustra-
tion as the number of organs and tissues needed far
exceeds those available. Today, 89,524 individuals in the
United States wait for an organ transplant while less than
30% are likely to receive one within a year (1). The short-
age of human organs has spurred investigation of alter-
native approaches to treating organ failure. Among these
approaches, the most widely studied and perhaps nearest
to clinical practice is xenotransplantation, the transplan-
tation of cells, tissues, and organs from an individual of
one species into an individual of another (in this case from
an animal into a human). Besides addressing the shortage
of human organs for transplantation, xenotransplantation
might be a preferred way to treat certain diseases that
afflict human but not animal organs (e.g., HIV and hepa-
titis C). Xenotransplantation could offer a way of dealing
with widespread organ failure caused by epidemics of
myocarditis, viral pneumonia, or nephritis. Xenotrans-
plantation might enable the expansion and differentiation
of human stem cells into organs in a surrogate animal (2)
or provide an opportunity for manipulation of the donor
organ instead of the host to promote organ acceptance (3).

With the potential uses for xenotransplantation, daunt-
ing hurdles to clinical application also exist. The first hur-
dle is the immune reaction of the host against the graft.
Significant progress has been made in understanding this
reaction and in devising strategies to overcome it. The
second hurdle is physiologic incompatibility between the
xenograft and the recipient. The third hurdle is the trans-
fer of zoonotic agents from the graft to the recipient and
potentially to other members of society. The following sec-
tion describes the historical context in which xenotrans-
plantation developed, the potential applications and the
hurdles to application, approaches to overcoming these
hurdles, and a projection for clinical application.

2. HISTORIC PERSPECTIVE

Xenotransplantation has a long history. Some would place
its inception more than two hundred years ago with trans-
fusion of blood from animals to humans. The first serious
attempts at xenotransplantation of organs, however, had
to await the development of the vascular anastomosis (a
surgical technique for connecting the cut ends of blood
vessels) in the first years of the twentieth century. Using
this ‘‘new’’ technique, Jaboulay (4) and Ullman (5) each
tried to connect animal kidneys to human blood vessels.

The subjects suffered kidney failure and in neither case
did the xenograft kidney exhibit more than momentary
function. What was needed to allow the possibility of suc-
cess, however, was not just the surgical advance but also
the development of immunosuppressive drugs that could
prevent (in some cases) the immune system of the recip-
ient from destroying the transplant. Once immunosup-
pression was developed in the late 1950s, organ
transplantation became possible and new efforts to use
animal organs were undertaken (reviewed in Ref. 6). In
1963, Reemtsma transplanted chimpanzee kidneys into 13
subjects with renal failure. One subject survived for
nearly 9 months after receiving the kidney transplant,
before dying from an electrolyte imbalance (the xenograft
appeared normal) (7). This relative success triggered a re-
surgence of interest in xenotransplantation and led to the
conducting of 14 kidney transplants, 8 heart transplants,
and 11 liver transplants at various centers. Unfortunately,
these attempts were less successful, with approximate
survival averaging 15 days (Table 1) (8). In the late
1980s, when techniques for genetic engineering were ap-
plied with some success to large animals, the suggestion
was made that genetic engineering of swine might be used
to facilitate xenotransplantation (9). This possibility re-
newed interest in xenotransplantation.

As a result of the limited clinical success of xenotrans-
plantation and the attendant risk of transmitting infec-
tious viruses from the animal to the recipient patient, the
U.S. Food and Drug Administration (FDA) has suggested
that solid organ xenotransplantation not enter clinical tri-
als until a ‘‘reasonable expectation for success’’ exists (10).
In an effort to improve clinical outcome, extensive bench-
top and preclinical studies have been initiated over the
past three decades to understand the molecular and bio-
chemical mechanisms responsible for xenograft rejection.
Such efforts are discussed in great detail below.

3. THE SOURCE OF XENOGRAFTS

Clearly, the organs of nonhuman primates would stand
the greatest chance of survival in a human recipient, as
nonhuman primates are quite similar to humans with re-
spect to genetic composition, anatomy, physiology, im-
mune components, hormones, and enzymes. However,
relatedness also extends to receptor molecules for infec-
tious micro-organisms, including filoviruses (e.g., Ebola
virus and Marburg disease) and herpesviruses (e.g., B vi-
rus), thus increasing the likelihood of disease transfer
from nonhuman primates to humans. In addition, because
monkeys and apes have long gestation periods and few
offspring, they would not supply enough organs to meet
the need. One possible exception may be the baboon; how-
ever, these animals are smaller than humans, and hence
their usefulness as a source of organs for adults might be
limited.

As a result of the limitations to the use of nonhuman
primates as a source of xenografts, many now focus on
lower animals such as pigs. Pigs have several advantages
over other nonprimate species for xenotransplantation.
First, pigs are numerous, numerous enough that the en-
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tire need for transplants could be met using less than 1%
of the number of pigs raised for food. Second, porcine or-
gans are very similar to human organs in size and struc-
ture. Third, pigs have large litters and a relatively short
gestation period (114 days); thus, genetic engineering and
breeding are relatively easy. Fourth, the large litter size
and short gestation make housing in ‘‘specific pathogen-
free’’ facilities economically feasible.

The selection of animals used as a source of xenografts
and housing in pathogen-free facilities will reduce the risk
of transferring exogenous micro-organisms. However, nei-
ther selection nor housing can fully address the question
of whether some risk might be posed by endogenous ver-
tically transmitted viruses, such as endogenous retrovi-
ruses. All mammalian species harbor endogenous
retroviruses. Endogenous retroviruses are part of the ge-
nome and hence are transmitted to offspring; if they are
widespread, they may not be eliminated by breeding. Pigs
harbor at least one family of retroviruses termed porcine
endogenous retroviruses (PERV). PERVs can infect hu-
man cells in culture (11) but whether they can infect hu-
man cells in vivo was, until recently, unknown.
Experiments in which human cells were transplanted
into fetal pigs and then studied after the pigs were born
revealed that PERV can infect human cells in vivo (12);
but, whether and to what effect infection beyond that
would occur is still uncertain.

4. PHYSIOLOGIC CONCERNS

To use pigs as a source of organs or tissues for xenotrans-
plantation, the tissues or organs must be able to provide
the functions needed and not cause functional distur-
bances. In the case of the heart, cardiac output and ac-

tion potentials are quite similar between pig and human
(13). Still, the innervation and overall morphology of the
atrioventricular node in pigs is quite different than that of
humans. Such differences could alter heart rate and con-
tractility, thereby increasing the potential for ar-
rhythmias. In the transplantation setting, this difference
has not been found to be detrimental as porcine hearts
exhibit excellent cardiac output in immunosuppressed ba-
boons (14). Normal sinus rhythm without electrocardio-
graphic ST-segment elevation was also observed and
serological parameters indicated little myocardial injury.
Unfortunately, early immune rejection has made long-
term physiologic assessment impossible.

Porcine and human kidneys also appear to be physio-
logically similar. Kidneys from these two species are of
similar size and structure and maintain similar maximal
concentration ability (1080mosmol/liter) and glomerular
filtration rates (126–175ml/h) (13). Porcine kidney xeno-
grafts in primates maintain creatinine (glomerular filtra-
tion), urea, sodium, and potassium within the normal
range (15). The only insufficiency found relates to porcine
erythropoietin. In all cases tested, primates with porcine
kidney xenografts experienced severe anemia despite pro-
duction of porcine erythropoietin (16).

This problem could be addressed by treating the recip-
ient with erythropoietin to stimulate primate red blood
cell production.

The porcine lung exhibits adequate hemodynamics and
gas exchange in baboons (17). As in the case of the heart,
the main limitations appear to reflect immune or inflam-
matory reactions or intravascular coagulation.

Despite concerns by many, the liver of the pig also
seems to function adequately in nonhuman primates. In-
deed, during the short life of the graft, the electrophoretic

Table 1. History of Whole-Organ Clinical Xenotransplantation

Year Recipients (Surgeon) Xenotransplant Survival

1910 1 (Unger) Monkey kidney o2 days
1913 1 (Schonstadt)
1963/64 13 (Reemtsma) Chimpanzee (12), Monkey (1) kidneys 1 case 9 months
1964 3 (Traeger) Chimpanzee kidney o49 days
1964 1 (Hume) Chimpanzee kidney 1 day
1964 6 (Starzl) Baboon kidney o60 days
1964 1 (Hitchcock) Baboon kidney 5 days
1964 1 (Hardy) Chimpanzee heart 2 hours
1965 2 (Goldsmith) Chimpanzee kidney 4 months
1966 1 (Starzl) Chimpanzee liver o1 day
1966 1 (Cortesini) Chimpanzee kidney 31 days
1969 2 (Starzl) Chimpanzee liver o9 days, o2 days
1969 1 (Bertoye) Baboon liver o1 day
1969 1 (Marion) Chimpanzee heart 4 hours
1970 1 (Leger) Baboon liver 3 days
1970 1 (Marion) Baboon liver o1 day
1971 1 (Poyet) Baboon liver o1 day
1971 1 (Motin) Boboon liver 3 days
1974 1 (Starzl) Chimpanzee liver 14 days
1977 1 (Barnard) Baboon heart 5 hours
1977 1 (Barnard) Chimpanzee heart 4 days
1984 1 (Bailey) Baboon heart 20 days
1992 1 (Starzl) Baboon liver 70 days
1993 1 (Starzl) Baboon liver 26 days
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motility of the proteins change from that of the primate to
that of the pig (18). Over a longer period of time, porcine
proteins and enzymes secreted may prove incompatible
with a primate host. In addition, xenogeneic proteins may
disturb normal metabolic and physiologic functions of the
recipient. For example, a transplanted liver may secrete
prothrombotic or proinflammatory products into the blood
of the recipient (19). Many proteins may prove incompat-
ible in vitro; however, the critical question is which of
these defects can be overcome by the recipient and which
must be repaired by pharmaceutical or genetic therapies.
Only with extended xenograft survival will the answers to
these questions and others related to physiologic deficien-
cies become apparent.

5. THE IMMUNE RESPONSE TO XENOTRANSPLANTATION

All xenografts elicit an immune response; however, the
impact of the immune response is dictated by the type of
vascular connection to the recipient. Whole-organ trans-
plants are connected by anastomoses of large blood vessels
of the graft to blood vessels of the recipient (Fig. 1a). When
the graft is perfused, blood and immune elements of the
recipient directly contact the blood vessels of the graft. It
is primarily the interaction of these immune components
with endothelium that leads to vascular disease associ-
ated with xenogeneic organ rejection. The progression of
vascular disease in this setting will be described in detail
below. In contrast, cell and tissue xenografts receive their

blood supply by in-growth of blood vessels of the recipient.
In this setting, the blood vessels of the graft provide a
barrier between immune reactants of the transplanted
tissue (Fig. 1b). Described below are the types of rejection
seen in whole-organ vs. cellular/tissue xenografts and ap-
proaches taken to prevent xenograft rejection.

5.1. Whole Organ Xenotransplantation

5.1.1. Hyperacute Rejection. Hyperacute rejection is
the first immunologic hurdle to xenogeneic organ success.
Hyperacute rejection is characterized by bleeding into the
transplant and formation of platelet microthrombi, which,
in concert, lead to graft destruction within several min-
utes to a few hours. Research over the past decade has
clarified the molecular basis for the hyperacute rejection
of pig organs by primates (20,21), and this knowledge has
led to the development of new and incisive therapeutic
approaches to averting this problem. Hyperacute rejection
was once considered the most daunting hurdle to clinical
application of xenotransplantation; however, it can now be
prevented in nearly every case.

Hyperacute rejection of porcine organ xenografts by
primates is initiated by the binding of xenoreactive natu-
ral antibodies to the graft (22–25). Xenoreactive natural
antibodies are present in the circulation without a known
history of sensitization (26). Xenoreactive antibodies are
predominantly directed against one antigen, a saccharide
consisting of terminal Gala1,3Gal (27–30). The importance
of Gala1,3Gal as the primary antigenic barrier to xeno-
transplantation was demonstrated recently by experi-
ments in which anti-Gala1,3Gal antibodies were
specifically depleted from baboons using immunoaffinity
columns before transplantation of pig organs (31). Anti-
body binding to the newly transplanted organs was largely
curtailed, and hyperacute rejection did not occur.

Although the identification of Gala1,3Gal as an antigen
allows specific depletion of the offending antibodies, more
enduring and less intrusive forms of therapy would be
preferred. One approach to overcoming the antibody-an-
tigen reaction is to develop lines of pigs with low levels of
antigen expression (32). Various genetic approaches aimed
at ‘‘remodeling’’ the antigenicity of donor tissues by re-
ducing Gala1,3Gal expression have been pursued. These
approaches can be separated into three categories: (1) in-
terference with the function of a1,3galactosyltransferase
(a1,3GT), the enzyme that catalyzes the synthesis of the
Gala1,3Gal moiety; (2) expression of a galactosidase,
which cleaves agalactosyl residues; and (3) deletion of
the gene encoding a1,3GT from the pig genome to prevent
synthesis of the saccharide. The possibility of genetically
modifying pigs to interfere with the function of a1,3gala-
ctosyltransferase was demonstrated by Sharma et al. (33),
who generated transgenic pigs expressing the H-transf-
erase. Transgenic pigs expressing H-transferase express
H antigen at the terminus of some sugar chains instead of
Gala1,3Gal. Unfortunately, this approach has not yielded
a complete elimination of the antigen and, therefore, the
applicability could not be tested. Other approaches to
modifying synthesis of Gala1-3Gal have been proposed,
such as expressing the human b-1,4-N-ace-

Tissue or Cell Transplant

recipient
blood vessel

Organ Transplant

vascular anastomoses

(a)

(b)

graft 
blood vessel

Figure 1. Biological responses to transplantation depend on the
means by which a xenotransplant receives its vascular supply. (a)
Organ xenografts are vascularized by donor blood vessels. The
grafts are subject to a series of vascular responses beginning with
hyperacute rejection (minutes to hours), acute vascular rejection
(days to weeks), cellular rejection, and chronic rejection. (b) Cell
and tissue xenotransplants are vascularized, for the most part, by
recipient blood vessels. These grafts are subject to failure of en-
graftment (primary nonfunction) or cellular rejection, but not to
vascular rejection.
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tylglucosaminyltransferase III gene (GnT-III) (34). This
enzyme catalyzes transfer of N-acetylglucosamine to ma-
turing mannose-modified proteins as they pass through
the Golgi apparatus and leads to diminished aGala1,3Gal
expression both by competing with a1,3GT and by pre-
venting subsequent modifications by a1,3GT by insertion
of an N-acetylglucosamine onto the growing mannose
chain. However, complete elimination of Gala1-3Gal was
not achieved, so utility could not be critically evaluated.
The expression of a galactosidase, to cleave Gala1-3Gal,
was proposed by Osman et al. (35). Expression of a-gala-
ctosidase, which cleaves a-galactosyl residues (29), in con-
junction with other galactosyltransferases, significantly
reduces expression of Gala1-3Gal (35). Still, the enduring
elimination of Gala1-3Gal was not achieved and hence the
utility of the approach was not critically tested. Although
these advances illustrate the potential utility of genetic
modification of pig donor tissue and have raised excite-
ment, the residual Gala1,3Gal may be sufficient to allow
rejection reactions to occur (36).

The most obvious approach to developing xenograft do-
nors with diminished reactivity with host antibodies
would be to genetically target or ‘‘knock out’’ the enzyme
a1,3-galactosyltransferase. Embryonic stem cells were
used to knock this gene out in mice (37), demonstrating
that removal of this enzyme is not lethal. The intense in-
terest in generating pigs that lack the a1,3GT gene fueled
a race to delete this gene from the pig genome, and re-
cently, several groups have succeeded in this endeavor.
Prather et al. (38) and Ayares et al. (39) used similar
strategies to disrupt one allele of the a1,3GT gene
(GGTA1) in pigs by first targeting the gene for disruption
in fetal porcine fibroblasts. Selected clones were used as
nuclear donors for enucleated pig oocytes, with the result-
ing embryos implanted into surrogate gilts. Both ap-
proaches yielded live, healthy piglet clones in which one
copy of GGTA1 had been disrupted. These achievements
demonstrated that nuclear transfer technology could be
applied to pig embryos, which are notoriously fragile and
difficult to manipulate. Recently, the generation of cloned
pigs harboring a functional knockout of both alleles of
a1,3GTwas reported (40). This first success required some
serendipity in that the a1,3GT-deficient pigs were found
not to be homozygous knockouts, but rather a functional
knockout developed from a process in which a knockout of
one allele paired with a spontaneous single base change in
the remaining GGTA1 gene resulted in an inactivating
ammo acid substitution in a1,3GT. Recently, pigs with
complete absence of Gala1-3Gal generated by gene target-
ing and cloning have been produced (41). After transplan-
tation into baboons, hearts and kidneys from aGT knock
out pigs function for months (but not indefinitely) (42–44).
These results represent an advance but also provide rea-
sons for caution. First, the Gala1-3Gal-deficient organs
are still subject to rejection (44). Second, the outcome may
be no better than what can be achieved using organs ex-
pressing that sugar (44,45). These results suggest that al-
though the generation of a1,3Gal knockout pigs may help
overcome an important hurdle to xenotransplantation by
preventing hyperacute rejection, it may not avert other

potent xenogeneic immune responses (46), as will be dis-
cussed below.

A second and essential step in the development of
hyperacute rejection is activation of the complement sys-
tem of the recipient on donor blood vessels (24). Comple-
ment activation is triggered by the binding of complement-
fixing xenoreactive antibodies to graft endothelium and, to
a smaller extent perhaps, by reperfusion injury. Regard-
less of the mechanism leading to complement activation, a
xenograft is extraordinarily sensitive to complement-me-
diated injury because of multiple defects in the regulation
of complement (9,47,48). Under normal circumstances, the
complement cascade is regulated or inhibited by various
proteins in the plasma and on the surface of cells. These
proteins protect normal cells from suffering inadvertent
injury during the activation of complement. The proteins
that regulate the complement cascade function in a spe-
cies-restricted fashion; that is, complement regulatory
proteins inhibit homologous complement far more effec-
tively than heterologous complement (9,49). Accordingly,
the complement regulatory proteins expressed in a xeno-
graft are ineffective at controlling the complement cascade
of the recipient, and the graft is subject to severe comple-
ment-mediated injury (47).

To address this problem, lines of animals have been
developed that are transgenic for human complement reg-
ulatory proteins and that are able to control activation of
complement in the xenograft (9,50,51). Animals trans-
genic for human decay-accelerating factor (hDAF), which
regulates complement at the level of C3, together with
CD59, which regulates complement at the level of C8 and
C9 (51), or CD46, which controls complement activation at
the level of C3 and C4 (52), have demonstrated that the
expression of even low levels of human decay-accelerating
factor and CD59 or CD46 in porcine-to-primate xenografts
is sufficient to allow a xenograft to avoid hyperacute re-
jection (53,54). These results, and the dramatic prolonga-
tion of xenograft survival achieved by expressing higher
levels of human decay-accelerating factor in the pig (55),
underscore the importance of complement regulation as a
determinant of xenograft outcomes.

One of the major obstacles to testing the effects of
transgenes in pig organs has been the difficulty in gener-
ating transgenic pigs. Recent work by Lavitrano et al. (56)
may accelerate the rate at which transgenic pigs may be
generated and tested in transplant models. These inves-
tigators used sperm-mediated gene transfer to incorporate
the human decay accelerating factor gene into pigs and
obtained a high efficiency of transgenesis (80% of pigs in-
corporated hDAF into the genome) and hDAF expression
(43% of the transgenic pigs). The transgenic hDAF was
functional in vitro and transmitted to progeny as ex-
pected. This method, in theory, could be used to introduce
multiple genes at once, or a tailor-made set of human
genes that may be useful for transplant-mediated genetic
therapies, as mentioned earlier.

5.1.2. Acute Vascular Rejection. If hyperacute rejection
of a xenograft is averted, a xenograft is subject to the de-
velopment of acute vascular rejection, so named because of
its resemblance to acute vascular rejection of allografts
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(57,58). Acute vascular rejection (sometimes called de-
layed xenograft rejection) may begin within 24h of reper-
fusion and leads to graft destruction over the following
days and weeks (57,59,60). Although the factors important
in the pathogenesis of acute vascular rejection are incom-
pletely understood, growing evidence exists that acute
vascular rejection is triggered at least in part by the bind-
ing of xenoreactive antibodies to the graft. The importance
of xenoreactive antibodies in triggering acute vascular re-
jection is suggested by three lines of evidence: (1) antido-
nor antibodies are present in the circulation of recipients
whose grafts are subject to acute vascular rejection
(24,57,61,62); (2) depletion of antidonor antibodies delays
or prevents acute vascular rejection (63), and (3) admin-
istration of antidonor antibodies leads to the development
of acute vascular rejection (64). Recent studies suggest
that among the antibodies that provoke acute vascular
rejection are those directed against Gala1-3Gal (65,66).
This problem thus constitutes further impetus for the con-
tinued development of a1,3Gal-deficient pigs. Regardless
of which elements of the immune system trigger acute
vascular rejection, it is commonly thought that this type of
rejection, and especially the intravascular coagulation
characteristically associated with it, are caused by the ac-
tivation of endothelial cells in the transplant (57,67,68).
Activated endothelial cells express procoagulant mole-
cules, such as tissue factor, and proinflammatory mole-
cules, such as E-selectin and cytokines (9). The
pathogenesis of acute vascular rejection is summarized
in Fig. 2 (69).

Although various therapeutic manipulations have pro-
ven successful in preventing hyperacute rejection, acute
vascular rejection poses a more difficult problem, in part,
because therapies are needed on an ongoing basis. For this
reason, genetic modification of the donor may prove more
important for dealing with acute vascular rejection than
with hyperacute rejection. Among the various possible ap-
proaches for combating acute vascular rejection, the re-
duction of Gala1,3Gal in pigs has been an important part
of the overall strategy. Preliminary studies suggest that
the level of antibody binding needed to initiate acute vas-
cular rejection is considerably lower than the level needed
to initiate hyperacute rejection (36). Accordingly, the an-
tigen expression would have to be reduced very signifi-
cantly to achieve therapeutic benefit for acute vascular
rejection. As discussed above, however, organs from

a1,3gatectosyltransferase-deficient pigs are still subject
to acute vascular rejection (44) and, therefore, eliminat-
ing this antigen will not avoid that problem. In addition to
lowering antigen expression, it is likely that expression of
human complement regulatory proteins will be helpful in
preventing acute vascular rejection. Preliminary studies
suggest that interfering with the antigen-antibody reac-
tion and controlling the complement cascade may be suf-
ficient to prevent acute vascular rejection for at least some
period of time (63). These goals were accomplished by us-
ing animals transgenic for human decay-accelerating fac-
tor and CD59 as a source of organs and baboons depleted
of immunoglobulin as recipients. Cozzi et al. (55) achieved
prolonged survival of xenografts, presumably preventing
acute vascular rejection, by using transgenic pigs express-
ing high levels of decay-accelerating factor and cynomol-
gus monkeys treated with very high doses of
cyclophosphamide. The immunosuppression perhaps pre-
vented the synthesis of antidonor antibodies.

Work in rodents points to the potential involvement of
natural killer (NK) cells and macrophages in mediating
acute vascular rejection. However, the ability of immuno-
globulin manipulation to prevent acute vascular rejection
suggests that the involvement of NK cells and macrophag-
es might be less important than in vitro studies and stud-
ies in rodents have suggested (50,68). On the other hand,
NK cells might exacerbate the injury triggered by xeno-
reactive antibodies, as human NK cells have been shown
to activate porcine endothelial cells in vitro (70–72).

Fortunately, the presence of antidonor antibodies in the
circulation of a graft recipient does not inevitably trigger
acute vascular rejection. If antidonor antibodies are tem-
porarily depleted from a recipient, an organ transplant
can be established so that rejection does not ensue when
the antidonor antibodies are returned to the circulation
(73). This phenomenon is referred to as ‘‘accommodation’’
(9). Accommodation may reflect a change in the antibod-
ies, in the antigen, or in the susceptibility of the organ to
rejection. If accommodation can be established, it may be
especially important in xenotransplantation because it
would obviate the need for ongoing interventions to in-
hibit antibody binding to the graft. One potential ap-
proach to accommodation may be the use of genetic
engineering to reduce the susceptibility of an organ trans-
plant to acute vascular rejection and the endothelial-cell
activation associated with it (68). Unfortunately, success-

Figure 2. Pathogenesis of acute vascular rejection.
The endothelial lining of blood vessels can be acti-
vated by xenoreactive antibodies (Ab), complement
(C), platelets, and perhaps inflammatory cells [nat-
ural killer (NK) cells and macrophages (M)]. Endo-
thelial cell activation leads to expression of new
pathophysiologic properties. These new properties
include synthesis of tissue factor (TF) and plasm-
inogen activator inhibitor type 1 (PAI-1; procoagu-
lation) and E selectin and other cytokines
(proinflammation). These changes in turn cause
thrombosis, ischemia, and endothelial injury, the
characteristic features of acute vascular rejection
(69).
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ful intervention at the level of such effector mechanisms
has yet to be achieved. However, disruption of antibody-
antigen interaction has brought about accommodation in
human subjects (67,73).

5.1.3. Cellular Rejection. Organ transplants and cellu-
lar and free tissue transplants are subject to cellular re-
jection. In allotransplantation, cellular rejection is
controlled by immunosuppressive therapy. However, for
several reasons, cellular rejection of xenotransplants
might be less easily controlled. First, the great variety of
antigenic proteins in a xenograft may lead to recruitment
of a diverse set of ‘‘xenoreactive’’ T cells. Second, the bind-
ing of xenoreactive antibodies and activation of the com-
plement system may lead to amplification of elicited
immune responses (74). For example, deposition of com-
plement in a graft may cause activation of antigen-pre-
senting cells, in turn stimulating T-cell responses. Still
another factor that might amplify the elicited immune re-
sponse to a xenotransplant involves ‘‘immunoregulation,’’
which ordinarily would circumscribe cellular immune re-
sponses, but may fail or be deficient across species. Such
failure could reflect limitations in the recognition of
xenogeneic cells or incompatibility of relevant growth fac-
tors, as but two examples.

Induction of immunologic tolerance has been an erst-
while goal of transplant surgeons and physicians. Espe-
cially in the case of xenotransplantation, if the current
immunosuppressive regimens are not sufficient, induction
of immunologic tolerance may be required. At least three
approaches are being pursued: (1) the generation of mixed
hematopoietic chimerism, (2) the establishment of micro-
chimerism by various means, and (3) thymic transplanta-
tion (75–77). The development of mixed hematopoietic
chimerism through the transplantation of bone marrow
(78) or stem cells has worked very well across rodent spe-
cies (79,80). However, enduring engraftment of porcine
hematopoietic cells in primates has not been achieved, al-
though success may be limited by xenoreactive antibodies
and the engraftment impaired by incompatibility of host
growth factors or microenvironment (81). Various ap-
proaches to peripheral tolerance, such as the blockade of
costimulation by administration of a fusion protein con-
sisting of a soluble form of the CTLA-4 molecule and
immunoglobulin (CTLA-4-Ig), are being pursued (82);
however, none has helped to bring about enduring xeno-
transplantation.

Still another factor in the cellular response to a xeno-
transplant involves the action of NK cells. Natural killer
cell functions can be amplified by cell-surface receptors
that recognize Gala1-3Gal (83). Natural killer cell func-
tions are downregulated by receptors that recognize ho-
mologous major histocompatibility complex (MHC) class I
(84,85). Human NK cells may be especially active against
xenogeneic cells because of stimulation on the one hand
and failure of downregulation on the other. The possible
involvement of NK cells in xenograft rejection might be
addressed by generation of transgenic pigs expressing on
the cell surface MHC-like molecules that will more effec-
tively recognize corresponding receptors on NK cells and
that will downregulate the function of NK cells.

How a xenogeneic donor could be modified genetically
to enhance the development of tolerance or to limit elicited
immune responses is still uncertain. Clearly, efforts to
control the natural immune barriers to xenotransplanta-
tion may contribute to limiting the elicited immune re-
sponse. To the extent that recipient T cells recognize donor
cells directly, that is, the T-cell receptors of the recipient
recognizing native MHC antigens on donor cells, a xeno-
geneic donor might be engineered in such a way to reduce
corecognition (through CD4 and CD8) or costimulation
(through CD28 or other T-cell surface molecules) or to ex-
press inhibitory molecules such as CD59 or Fas ligand.
These approaches and the expression of inhibitory mole-
cules, which are being considered as approaches to gene
therapy in allotransplantation, may well prove more ef-
fective in xenotransplantation because inhibitory genes
can be introduced as transgenes and thereby expressed in
all relevant cells in the graft. Another useful and perhaps
necessary approach will involve genetic modifications to
allow the survival and function of donor bone marrow
cells.

5.2. Cellular and Tissue Xenografts

Cell and tissue transplants are of increasing interest as
potential means of treating disease and regenerating dis-
eased organs. Transplantation of isolated islets of Langer-
hans has been pursued as a treatment for diabetes
mellitus, transplantation of hepatocytes for genetic dis-
ease of the liver, transplantation of myoblasts for treat-
ment of cardiac failure, and transplantation of neurons for
treatment of neurological defects (86). Another potential
application of cell and tissue transplants is as a means of
gene delivery. Although, in some cases, it is possible to use
cells from the affected individual, for some purposes au-
tologous cells cannot be used, and the main limitation to
transplanting human cells and tissues is availability of
donors. For this reason, there has been interest in the po-
tential use of animal cells and tissues for transplantation.

Cell and tissue transplants are less susceptible than
organ transplants to humoral immunity because the cell
and tissue transplants are fed by recipient blood vessels
and, therefore, the blood vessels are not subject to attack
by xenoreactive antibodies. Cell and tissue xenografts that
are in contact with recipient blood such as xenogeneic
bone marrow cells injected into the systemic circulation or
xenogeneic islets injected in the portal vein are subject to
injury by xenoreactive antibodies, complement, and other
inflammatory mediators (81). Cell and tissue transplants
are also subject to immediate failure, called primary non-
function. The mechanistic details of primary nonfunction
are not fully understood, but it may be caused by one or
more of three factors: (1) the inability of growth factors of
the recipient to support newly implanted cells or failure of
graft factors to support host angiogenesis; (2) the action of
natural killer cells or recently activated T cells on the
newly implanted graft (87); and (3) the action of comple-
ment on xenogeneic cells and tissues introduced into the
blood (88).

Therapeutic strategies for cellular and tissue xeno-
grafts may require little more than presently available
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immunosuppressive agents. Those cellular/tissue xeno-
grafts in contact with recipient blood will require thera-
pies similar to those under investigation for organ
transplants (as discussed above). Another approach to
promote cellular xenograft survival may be microencap-
sulation of the graft with a biocompatible membrane. Mi-
crocapsules could protect the xenograft from immune
attack while enabling the exchange of nutrients and hor-
mones (89). This approach may be particularly useful in
the context of pancreatic islet and parathyroid transplan-
tation. It may even prove useful for prevention of endog-
enous viral transfer.

6. ZOONOSIS

Recent progress in clinical application of cellular xeno-
transplantation has brought to the fore concerns about the
possibility of the transfer of infectious agents from the
xenograft to the recipient and concern that these agents
might spread more broadly in the population. Most zoo-
notic pathogens are readily detected and eliminated from
the xenograft source. An exception may be the porcine en-
dogenous retroviruses (PERVs) that are present in the
germ line of all pigs. Some would argue that because hu-
mans have existed in close proximity to pigs for years
without known episodes of infection, PERV transfer is un-
likely in the transplantation setting. However, nearly 10
years ago, Patience et al. (11) reported that PERV could
infect human cells. That finding raised alarm that xeno-
transplantation might not only engender a risk to the re-
cipient of a xenograft but also to society, as a new virus
might evolve by mutation or recombination following in-
fection of a human. Happily, although PERV could be
found to infect various types of human cells, no survey of
human subjects revealed any evidence that infection oc-
curred after xenotransplantation or parenteral exposure
to swine cells and tissues (90,91).

However, these surveys depended on measuring levels
of the virus in human versus pig cells and were limited to
the analysis of blood cells. Hence we conducted experi-
ments in which human cells were introduced into fetal
swine and then later tested for infection by PERV. In fact,
we found that PERV did infect human cells in vivo and did
so by the fusion of human and swine cells and that the
fused cells were infectious, although only to a limited ex-
tent, for human cells (12). This observation provided one
explanation for how infection of human cells might have
been overlooked and suggested what may be a general
mechanism for the spread of viruses between species (92).
Should PERV be found to transfer to human cells with
xenotransplantation and should PERV be found to pose a
biological risk to humans (a fact still unknown), it may be
possible to control replication of the virus. As one example,
RNA interference (RNAi) has been shown to suppress
PERV replication in porcine endothelial cells in culture
(93,94) and so might prove effective in suppressing the
transmission of PERV from porcine organs.

In addition to endogenous retroviral transmission, the
possibility exists that the recipient will be subject to in-
fections of the xenograft to which humans are not ordi-

narily susceptible. Thus, it may be useful to investigate
the efficacy of animal-specific antimicrobial agents in hu-
mans and the efficacy of human-specific antimicrobial
agents against animal micro-organisms.

7. ETHICAL CONSIDERATIONS

Experimentation conducted in humans is subject to cer-
tain ethical principles (as outlined in the Belmont Report)
(95) including respect for persons, beneficence, and jus-
tice. Ethical consideration of xenotransplantation in hu-
mans is distinct from this principal because the risks may
extend beyond the patient, to society as a whole. There-
fore, the Institute of Medicine and the Food and Drug Ad-
ministration (96) have endeavored to establish guidelines
for clinical trials that take into account the potential im-
pact of xenotransplantation on society. The ethical issues
under scrutiny by these bodies include granting consent
(when potential harm extends beyond an individual to
public health), monitoring potential zoonotic infections,
assessing psychological effects of receiving an animal or-
gan, and ensuring appropriate care and use of animal do-
nors.

8. CLINICAL PROJECTIONS

Although scientific progress in the field of xenotransplan-
tation is significant, substantial difficulties remain, par-
ticularly with respect to the immune response of the
recipient against the xenograft. Cellular xenotransplan-
tation from pig to human has been undertaken (86); how-
ever, clinical efficacy is not proved. On the other hand,
transplantation of xenogeneic organs is not so easily
achieved. Acute vascular rejection remains a problem de-
spite various approaches of genetic engineering, including
knocking out an important antigenic target. Further, the
possibility of chronic rejection has yet to be addressed.
Chronic rejection is the major cause for allograft loss and
if, as some research suggests, chronic rejection is caused
by antidonor antibodies, it is likely to be worse for xeno-
grafts than for allografts. However, if a clinical xenograft
were to fail, it might be replaced—an option not routinely
afforded when a clinical allograft fails.

The next step to further xenotransplantation of organs
may be to use such organs as a ‘‘bridge’’ or temporary
transplant to be followed either by an allograft or subse-
quent xenograft. Bridge transplants will help address the
problem of the human organ shortage and will provide
opportunity for incisive analysis to overcome the remain-
ing immunologic hurdles barring whole-organ xenotrans-
plantation.
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